RF.FF.RENCE 


269 


DISCARDED 


>  FROM 

LEGISLATIVE  LIBRARY 


% 


PROVINCIAL  LlBRAHi, 
VICTORIA,  B.  C. 


SCIENCE  AND 
PROGRESS 


The  rigorous  environmental  factors  in  mountain  “meadows”  eliminate  all  except 
the  hardiest  organisms  and  favour  those  which  thrive  in  a  short  growing  season. 


Courtesy  Standard  Oil  Company  of  British  Columbia  Limited 


SCIENCE  and  PROGRESS 

By 

H.  O.  ENGLISH 

Provincial  Normal  School,  Victoria,  B.  C. 

T.  B.  EDWARDS 

Britannia  High  School,  Vancouver,  B.  C. 

D.  M.  FLATHER 

Britannia  High  School,  Vancouver,  B.  C. 

W.  C.  OZARD 

Esquimalt  High  School,  Victoria,  B.  C. 

J.  A.  SPRAGGE 

North  Vancouver  High  School,  North  Vancouver,  B.  C. 


J.  M.  DENT  8C  SONS  (Canada)  LIMITED 

TORONTO  ::  VANCOUVER 


PROVINCIAL  LIBRA** 
VICTORIA,  B.  C. 


VI 


SCIENCE  AND  PROGRESS 


ties  the  student  may  make  a  worthwhile  forward  step  in  the 
solution  of  the  major  problem  of  each  unit. 

Unit  I  provides  for  a  further  study  of  plants  and  animals. 
Included  is  consideration  of  the  vital  processes  upon  which  all 
organisms  are  dependent,  adaptation  of  organisms  to  their 
respective  environments,  reproduction  of  organisms  of  various 
types  and  history  of  life  on  this  Earth. 

Unit  II  intioduces  the  study  of  so-called  “organic”  chemistry 
and  provides  for  a  study  of  carbon  and  nitrogen  compounds. 

Unit  III  continues  the  study  of  carbon  compounds,  with 
paiticular  emphasis  on  those  obtained  from  coal  and  petro¬ 
leum.  The  chemistry  of  other  non-metallic  compounds  also 
receives  consideration. 

Unit  IV  provides  a  survey  of  transportation ,  both  historical 
and  scientific. 


Unit  V  provides  a  study  of  the  progress  man  has  made  in  the 
improvement  of  communications. 
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Fig.  1-1  Diagrams  of  living  cells:  A-amoeba,  B-fish  egg  C-snerm  of  => 

.tsfess?: 


Key:  1  nucleus,  2  vacuole,  3 — cell  membrane,  4 — general 
lose  wall,  6— chloroplasts,  7— food  vacuole,  8 — pseudopodi; 


cytoplasm,  5— cellu- 
,  9 — flagellum. 


only  °rganisms  affected  by  such  unfavourable  conditions,  for 
the  food  stuffs  manufactured  by  green  plants  are  the  fuels 
which  provide  energy  for  all  organisms,  the  energy  which  the 
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protoplasm  in  the  cells  of  these  organisms  requires  in  order 
that  they  may: 

(a)  Collect  food, 

(b)  Digest  their  food, 

(c)  Distribute  the  products  of  digestion  to  other  cells  or 
organs  where  they  are  required, 

(d)  Repair  worn  or  damaged  tissues, 

(e)  Build  new  cells, 

(f)  Eliminate  wastes, 

(g)  Develop  protective  adaptations;  and 

(h)  Arrange  for  perpetuation  of  the  species. 

Many  modern  scientists  are  devoting  their  time  and  energy 
to  the  study  of  protoplasm.  They  realize  that  understanding 
of  the  nature  of  protoplasm  and  of  the  vital  processes  in  which 
it  is  involved  is  essential  if  we  are  to  provide  conditions  which 
will  enable  plants  to  produce  sufficient  food  to  satisfy  the 
requirements  of  an  increasing  world  population.  They  appre¬ 
ciate  the  need  for  more  intelligent  utilization  of  these  foods 
both  in  the  production  of  those  animals  which  serve  us  in  so 
many  ways  and  in  the  maintenance  of  our  own  bodies.  They 
remind  us  also  that  because  of  the  rapid  depletion  of  our 
natural  resources  we  are  becoming  more  and  more  dependent 
upon  the  protoplasm  that  is  producing  the  plants  which  are 
harvested  each  year  and  used  by  industry  in  the  production 
of  fuels,  pulp  and  paper,  clothing,  plastics,  rubber,  oils,  solvents, 
medicines,  perfumes,  flavours,  and  many  other  substances. 

Very  frequently  organisms  encounter  environmental  factors 
which  are  beyond  their  control  and  which  may  affect  the  ability 
of  protoplasm  to  perform  its  normal  functions.  Exposed  to 
such  adverse  conditions,  some  organisms  have  developed  adapta¬ 
tions  -which  enable  them  to  survive.  These  modifications  or 
changes  in  the  structures  of  plants  (Chapter  2)  and  animals 
(Chapter  3)  provide  interesting  and  valuable  evidence  of  the 
ability  of  organisms  to  adapt  themselves  to  their  environment. 
Each  species  employs  an  effective  reproductive  process  which 
is  adapted  to  the  specific  environment  in  which  that  organism 
thrives  (Chapter  4).  During  prehistoric  ages  there  were  other 
species  which  failed  to  adapt  themselves  to  environmental 
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Fig.  1-2.  Each  green  leaf  is  a  factory. 


changes.  I  liese  species  have  not  survived,  hut  records  of  their 
existence  have  been  preserved  in  sedimentary  strata  in  various 
parts  of  the  earth’s  crust  (Chapter  5). 
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What  is  the  primary  source  of  the  food  required  by  these 
many  organisms?  Every  organism  resembles  a  machine  in  that 
it  cannot  operate  unless  it  has  a  continuous  supply  of  energy 
in  a  readily  available  form.  In  locomotives  and  other  engines 
the  energy  comes  from  coal,  oil,  or  gasoline.  Only  a  few  small 
machines  can  operate  on  energy  received  directly  from  the  sun. 
Similarly,  although  most  living  things  are  exposed  to  sunlight, 
none  of  these  can  utilize  solar  energy  directly  to  operate  its 
muscles  or  to  build  new  cells.  Hence,  all  organisms  are 
dependent  upon  foods  and  upon  the  chemical  reactions  which 
release  the  energy  stored  in  such  foods.  However,  one  large 
group  of  organisms — green  plants — differs  from  most  other 
living  things1  and  from  most  inanimate  machines  in  one 
important  respect,  they  can  absorb  energy  from  the  sun’s  rays 
and  store  it  in  the  foods  which  they  synthesize,  substances  which 
are  described  as  carbohydrates.  This  foodmiaking,  energy¬ 
storing  operation  is  carried  on 
only  in  those  parts  of  plants 
where  the  protoplasm  contains 
chlorophyll,  chiefly  in  their 
green  leaves.  It  is  the  vital 

o 

process  which  is  known  as 
photosynthesis. 

In  this  synthetic  process, 
plants  must  have  a  plentiful 
supply  of  two  materials,  carbon 
dioxide  and  water.  The  carbon 
dioxide  required  is  obtained 
from  the  atmosphere  which 
surrounds  all  plants.  When 
air  diffuses  through  the  stom¬ 
ata  (Fig.  1-3),  carbon  dioxide 
is  absorbed  by  the  protoplasm 
in  the  mesophyll  and  palisade 
cells.  Water  is  obtained  from 
the  soil  surrounding  the  roots  of  plants.  The  flow  of  mois¬ 
ture  into  roots  is  regulated  by  the  protoplasm  in  the  root-hairs 

i. A  few  bacteria,  without  the  assistance  of  chlorophyll,  take  part  in  similar 
energy  transformations,  and  a  few  microscopic  animals  and  fresh-water 
sponges  possess  the  essential  chlorophyll  and  synthesize  their  own  carbo¬ 
hydrates. 


Fig.  1-3.  Diagram  showing  the  struc¬ 
ture  of  a  leaf.  Upper  left — monocoty¬ 
ledon,  lower  left — dicotyledon. 

Key:  A — epidermis,  B — palisade  cell, 
C — xylem,  D — phloem,  E — mesophyll 
cell,  F — air  space,  G — lower  epider¬ 
mis,  H — guard  cells,  I — stoma,  Iv — 
cutin. 
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Fig.  1-4.  Water  and  dissolved  substances  diffuse  through  the  walls  of  root-hairs. 


and  epidermal  cells  (Fig.  1-4).  Under  normal  conditions,  the 
concentration  of  sugar  in  cell  sap  is  greater  than  the  concentra¬ 
tion  of  salts  in  soil  moisture,  and  water  (together  with  dissolved 
substances)  diffuses  through  the  cell  walls  and  moves  inward 
from  cell  to  cell  until  it  reaches  the  conducting  tissue  (Fig.  M2) 
through  which  it  flows  upward  to  the  leaves.  The°  term, 
osmosis,  is  used  to  describe  the  passage  of  water  through  semi- 
permeable  membranes  such  as  the  walls  of  cells,  and  the 
osmotic  pressure  which  develops  in  the  roots  is  one  of  several 

forces  responsible  for  the  flow  of  water  upward  through  the 
xylem.  ° 

Although  we  do  not  know  the  exact  nature  of  the  reaction  by 
which  carbohydrates  are  synthesized  in  the  green  leaves  of 
plants,  we  do  know  that  one  of  the  earliest  products,  if  not  the 
initial  product  of  photosynthesis,  is  glucose  (C0H12O6),  one  of 
the  six-caibon  or  hexose  sugars.  The  reaction  in  which  this 
sugar  is  synthesized  may  be  represented  as  follows: 

6C02  +  6FFO  +  sunlight  +  catalyst - >  CaH,2O0  +  60. 

(720,000  calories)  (chlorophyll)  (glucose) 

As  indicated  in  this  equation,  six  molecules  of  carbon  dioxide 
and  six  molecules  of  water  are  converted  into  one  molecule  of 
glucose  and  six  molecules  of  oxygen.  The  energy  from  the  sun 

which  is  used  in  the  synthesis  of  glucose  is  stored  in  the  latter 
as  potential  energy. 
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Plants  use  molecules  of  glucose  or  other  hexose  sugars  to 
build  molecules  of  more  complex  carbohydrates,  and  they  also 
use  molecules  of  the  various  carbohydrates  in  the  synthesis  of 
molecules  of  fats  (or  oils)  and  proteins.  These  three  classes 
of  foods,  carbohydrates,  fats,  and  proteins,  are  also,  either 
directly  or  indirectly,  the  sources  of  all  the  nutriment  upon 
which  both  plants  and  animals  are  dependent.  Hence,  green 
plants  may  be  classed  as  the  primary  source  of  the  food  used 
by  all  organisms. 

The  equation  used  to  illustrate  the  synthesis  of  glucose  also 
shows  that  large  quantities  of  oxygen  are  released  as  a  by¬ 
product  of  this  reaction.  It  indicates  that  for  each  molecule  of 
carbon  dioxide  removed  from  the  atmosphere,  one  molecule 
of  oxygen  is  released.  When  we  consider  the  importance  of 
a  few  of  the  reactions  which  are  dependent  upon  atmospheric 
oxygen,  namely,  respiration  in  all  organisms,  combustion  of 
fuels,  drying  of  paints,  and  decay  of  many  organic  wastes,  the 
value  of  the  oxygen  released  by  green  plants  is  more  fully 
appreciated. 

Incidentally,  Figures  1-2  and  1-3  show  that  leaves  of  plants 
are  structurally  well  adapted  not  only  to  receive  radiant  energy 
from  the  sun  and  carbon  dioxide  from  the  atmosphere,  but  also 
to  dispose  of  surplus  water,  unused  atmospheric  gases,  and  the 
oxygen  released  during  photosynthesis. 

How  are  the  more  complex  carbohydrates,  fats,  and  proteins 
formed?  When  plants  combine  molecules  of  glucose  or  fruc¬ 
tose,  technically  known  as  monosaccharides,  in  the  synthesis  of 
more  complex  carbohydrates,  two  or  more  molecules  of  these 
simpler  sugars  are  united  in  each  molecule  of  the  new  com¬ 
pound,  and  part  of  the  hydrogen  and  oxygen,  in  the  propor¬ 
tions  that  these  occur  in  water,  is  removed.  The  synthesis  of 
such  a  double  sugar  or  disaccharide  in  which  two  molecules 
of  a  monosaccharide  are  combined  is  illustrated  in  the  follow¬ 
ing  equation: 

2(C6H120(j) - ^C^IToOi!  -j-  H20 

(enzyme) 

Sucrose  is  the  name  which  chemists  have  assigned  to  one  of 
these  disaccharides,  the  cane  or  beet  sugar  which  we  use  on 
our  tables. 
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H0\~"  1  he  more  complex  molecules  of  starch  and  cellulose  are 

formed  by  combining  large  groups  of  molecules  of  the 
•  ■  i".  1  simpler  sugars.  The  reactions  may  be  represented  by  the 
following  equations: 

X  (C0H12O0) - *  (CgH10O5)*  +  X  h2o 


H-C-OH  q 
H-C-oh  | 
H  c-^ 

I 

H 

*Fic.  1-5. 


(enzyme)  (starch) 

and  y  (C6H12Oe) - »  (C6H10Os)3.  +  y  H20 


(enzyme)  (cellulose) 

Starch,  a  caibohydrate  that  is  insoluble  in  water  and  hence  is 
used  by  plants  for  the  storage  of  energy,  is  formed  in  the  leaves 
of  plants  almost  as  soon  as  photosynthesis  begins,  but  molecules 
of  starch  may  be  formed  also  in  almost  any  part  of  the  plant. 
Sunlight  is  not  required.  Similarly,  cellulose  may  be  synthesized 
from  the  molecules  of  hexose  sugars  in  any  part  of  the  plant 
where  the  construction  of  cell  walls  is  required.  Cellulose, 
which  is  indigestible  for  man,  forms  the  framework  of  plants. 
Both  starch  and  cellulose  are  classed  as  polysaccharides,  for 
large  numbers  of  molecules  of  the  simpler  sugars  enter  into 
the  synthesis  of  each  of  their  molecules,  many  hundreds  in 
a  cellulose  molecule. 

All  carbohydrates  are  composed  of  carbon,  hydrogen,  and 
j  oxygen  in  the  proportions  indicated  in  the  preceding  pages. 
^  All  the  simple  sugars,  which  are  formed  directly  by  photo- 
j  synthesis,  and  the  more  complex  carbohydrates,  which  are 
f  formed  from  the  simpler  compounds  by  a  process  of  dehydro- 
|  lysis  or  condensation,  are  sources  of  energy  from  which 
I  plants  and  animals  draw  their  supply.  These  carbohydrates 
r  are  used  also  by  both  plants  and  animals  in  the  synthesis  of 
I  fats  (and  oils)  and  proteins. 

f  fats  and  Oils,  fats  and  oils  are  primarily  storage  foods. 
In  proportion  to  their  weight  and  the  space  they  occupy, 
they  possess  more  potential  energy  than  any  other  foods. 
Because  they  are  insoluble  in  water,  they  do  not  leach  out 
n°r  do  they  interfere  with  the  movement  of  water  through 
plant  tissues.  They  are  composed  of  the  same  elements  "as 
are  carbohydrates,  but  possess  less  oxygen  in  proportion  to 
the  hydrogen  present.  All  plants  make  some  fats  and  oils, 

F5.  Graphic  formula  of  a  hexose  sugar. 

*Fir..  1-6.  Graphic  formula  of  oleic  acid  from  olive  oil. 


Tic.  1-6. 
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storing  them  in  various  tissues,  quite  frequently  in  their  fruits 
or  seeds.  Olives,  flax  seed,  cotton  seed,  and  the  castor-oil  bean 
are  examples.  Since  fats  are  insoluble  in  water,  they  must  be 
formed  in  the  parts  of  the  organism  where  they  are  to  be  stored. 


Proteins.  Protein  synthesis  occurs  in  both  plants  and 
animals.  In  plants,  proteins  are  formed  chiefly  in  the  leaves, 
in  growth  tissue,  and  in  storage  tissue,  although  doubtless  some 
proteins  are  formed  in  every  living  cell,  for  these  are  the  only 
foods  which  may  be  used  to  build  protoplasm.  In  the  synthesis 
of  molecules  of  protein,  nitrogen  is  always  included.  Frequently 
sulphur  is  used  and  occasionally  phosphorus,  calcium,  iron, 
iodine  and  other  elements  are  added.  Nitrates  and  other 
mineral  salts  in  the  soil  supply  these  elements  in  forms  avail¬ 
able  to  plants. 

Protein  molecules  vary  in  their  composition  and  structure. 
Some  are  very  large  and  exceedingly  complex.  All  are  com¬ 
posed  of  smaller  groups  called  amino  acids  (which  have  the 
characteristic  radicals  COOH  and  NH2).  Since  no  single 
organism  seems  able  to  build  all  the  amino  acids,  animals 
are  dependent  upon  various  sources  for  these  essential 
building  materials. 

The  chief  sources  of  the  various  nutrients  and  minerals, 
together  with  their  functions,  and  the  forms  in  which  waste 
products  are  eliminated  by  organisms  are  indicated 
Table  No.  1. 


0  H 

i  1 

H* 

0  Nu 

H  H  H 

/ 

*Fig.  1-7. 


ill 


Why  must  most  foods  be  digested  before  they  may  be  utilized 
by  an  organism?  Only  a  few  of  the  foods  manufactured  by 
plants,  namely,  the  simple  sugars,  can  diffuse  through  cell 
membranes.  Included  in  this  group  are  glucose,  which  is 
known  also  as  dextrose  or  grape  sugar,  and  fructose  (levulose) 
or  fruit  sugar.  These  sugars  move  freely  through  conductive 
tissues  to  the  cells  where  they  are  utilized.  Other  foods  must 
first  be  digested  or  rendered  soluble  before  they  may  be  trans¬ 
ferred  from  cell  to  cell. 

Hospital  attendants  apply  their  knowledge  of  this  fact  when 
a  patient  undergoes  a  serious  operation  on  the  stomach  or  other 
part  of  the  digestive  tract.  They  open  a  large  vein  in  the  arm 

*Fig.  1-7.  Graphic  formula  of  simple  amino  acid  (glycine  methyl  carboxyl 

amide) . 
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Table  No.  1.  Nutrients  and  Minerals,  Common  Sources 

and  Functions 


Nutrients 

and 

Minerals 

Common 

Sources 

Sugars 

Fruits, 

leaves, 

stems 

Starches 

Stems  and 
roots 

Wood  and 

Stems  and 

soft  cellulose 

seeds 

Glycogen 

Liver 

Fats 

Fat  meats, 
butter, fish 
such  as  salmon, 
vegetable  oils 

Proteins 

Lean  meat, 
eggs,  milk, 
legumes, 
plankton 

Calcium 

Milk  and 

green 

vegetables 

Phosphorus 

Fish  and 
other  sea 
foods,  bones 

Iodine 

Sea  foods 

Iron 

Red  meats, 
blood,  liver, 
spinach 

Copper 

Sea  foods, 
liver,  green 
vegetables 
and  legumes 

Sodium 

Common  salt 

chloride 

used  to  season 
foods 

Magnesium 

Sea  foods, 
vegetables 

Zinc 

Seeds,  eggs, 

roe  of  fish 

Functional  Value  in 
Organisms 


Waste 

Products 


Release  energy;  used  to  build  CO,  and  H„0 
molecules  of  starches,  cellulose, 
fats,  amino  acids,  and  proteins 

Reserve  food  supply 


Reserve  store  of  energy 

Reserve  supply  of  food 

Source  of  energy';  reserve  food; 
supply  nerve  fats 


CO,  and  H,0 

CO,  and  H,0 

CO,  and  H,0 
CO,  and  H,0 


Essential  component  of  protoplasm ;  j  CO,  and  H,0 
Reserve  food  in  some  seeds ;  |Urea,  dead  2 
Source  of  energy  during  food  iskin.  hair 
shortaSe  jand  horns 

99  per  cent  used  for  teeth  and  Calcium 
bones;  regulates  muscles  (includ-  salts 
ing  heart);  coagulates  blood;  re¬ 
quired  during  pregnancy  and  lacta¬ 
tion 


70  per  cent  used  for  teeth  and 
bones;  in  protoplasm,  particularly 
in  nerve  and  brain  proteins;  dur¬ 
ing  pregnancy  and  lactation 

In  thyroxin  (hormone  in  the 
thyroid  gland  that  controls 
metabolism) 

70  per  cent  used  in  haemoglobin  of 
red  blood  corpuscles;  in  chromo¬ 
somes.  (Animals  must  consume 
twice  as  much  as  they  use) 

As  catalyst  in  synthesis  of  haemo¬ 
globin;  in  muscles,  bones  and  liver 


In  perspiration 
and  tears 


To  provide  HC1  in  stomach ;  in 
production  of  bile ;  as  a  buffer 
solution  in  the  blood 

In  synthesis  of  chlorophyll ;  tones  As  salts 
blood  vessels 

Necessary  in  gonads  for  reproduc-  As  salts 


Phosphates 
of  sodium, 
potassium  and 
magnesium 

As  iodides 
and  iodates 

As  compounds 
of  iron 


As  salts 
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and  inject  suitable  quantities  of  sterile  glucose  solution.  In 
this  manner,  they  relieve  the  digestive  tract  of  the  task  of 
digestion  while  it  is  under  repair. 

What  changes  occur  during  digestion?  In  order  to  convert 
starches,  proteins,  and  fats  into  soluble  substances,  plants  and 
animals  use  chemical  processes.  The  processes  involved  are  a 
reversal  of  those  employed  in  the  synthesis  of  those  compounds. 
The  enzymes  which  were  active  in  the  formation  of  these  com¬ 
plex  compounds  are  active  also  in  the  processes  by  which  they 
are  digested.  These  enzymes  incite  molecules  of  water  to  unite 
with  the  complex  food  molecules  and,  by  hydrolysis,  to  change 
these  large  molecules  into  forms  which  are  soluble.  Several  of 
the  enzymes  involved  and  the  products  of  their  activity  are 
indicated  in  Table  No.  2. 

Since  enzymes  are  catalytic  in  their  action,  one  molecule  of 
an  enzyme  may  cause  from  20,000  to  100,000,000  other  mole¬ 
cules  to  change.  Moderate  temperatures  (37-40°C.)  favour 
enzymes  in  their  work,  low  temperatures  retard  them,  and 
temperatures  above  that  used  in  pasteurization  (60°C.)  destroy 
them.  As  indicated  in  Table  No.  2,  water  must  be  available. 

At  the  time  when  King  Tut-ankh-Amen  was  laid  away  in 
his  Egyptian  tomb  over  4000  years  ago,  his  breakfast  was  placed 


Table  No.  2.  Hydrolysis  of  Complex  Foods 


Foods 

Enzymes 

Material  Added 

Products 

Double  (sucrose) 
sugars  (maltose) 
(lactose) 

Sucrase 

Maltase 

Lactase 

Water 

Hexose  sugars 
(glucose) 

Starch 

Ptyalin 

Diatase 

Amylopsin 

Water 

Maltose 

(double  sugar) 

Cellulose  (wood) 

Cytase 

Water 

Hexose  sugars 
(glucose) 

Fats  (or  oils) 

Lipase 

(steapsin) 

Water 

Patty  acids, 
glycerin 

Proteins 

Pepsin  (  +  HC1) 
Trypsin 

Rennin 

Erepsin 

Water 

Amino  acids 
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beside  him.  When  Lord  Carnarvon  opened  the  tomb,  the  food, 
though  dried,  was  otherwise  unchanged.  Had  anyone  eaten 
the  breakfast  the  morning  that  King  Tut-ankh-Amen  was 
entombed,  the  food  would  have  been  digested  within  two  or 
three  hours.  The  great  difference  in  results  is  directly  attribut¬ 
able  to  the  effect  of  variations  in  moisture  on  the  activity  of 
enzymes.  ; 

Some  enzymes  accelerate  the  digestive  process  only  when  the 
medium  is  alkaline,  others  when  it  is  acid.  Some  need  special 
activators  such  as  the  bile  which  enables  lipase  to  digest  fats. 
Heavy  metallic  ions  such  as  mercury,  lead,  and  silver  destroy 
them.  Ihe  reversible  effect  of  some  protein  enzymes  is  most 
interesting.  Although  these  break  down  foods  in  the  digestive 
tract,  in  body  cells  they  help  to  build  protoplasm,  finder 
starvation  conditions,  these  enzymes  reverse  their  effect  and 
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tear  down  the  cell  protoplasm,  causing  the  organism  to  become 
thinner  and  thinner. 

In  most  animals,  food  is  exposed  to  physical  as  well  as 
chemical  treatment  to  speed  digestion.  Organs  such  as  jaws, 


Fig.  1-9.  Interior  of  small  intestine. 


Key:  A— vein,  B — artery,  C— lacteal  (branch  of  lymph  duct),  D — mucus 
glands,  E — network  of  capillaries  in  villus,  F — intestinal  gland,  G — enzyme 
solution  released  by  intestinal  gland,  H— lymph  duct,  I — expanding  villus  and 
lacteal,  J — contracting  villus  and  lacteal,  K — white  corpuscles  released  from 
lymph  node,  L — lymph  node,  M— sugary  products  of  digestion,  N — digested 
fats. 
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teeth,  and  gizzards  crush  and  grind  the  food,  separating  it  into 
small  particles  that  are  acted  upon  more  readily  by  enzymes. 
Animals  have  an  additional  advantage  over  plants  in  that  they 
are  able  to  use  body  heat  to  warm  their  food.  A  rise  of  10°C. 
(18°F.)  doubles  the  rate  at  which  many  chemical  actions 
progress,  hence  warming  its  food  enables  an  organism  to  digest 
it  and  to  extract  the  energy  more  rapidly.  Birds  particularly 
find  a  high  temperature  helpful.  Mixing  foods  and  chemicals 
also  speeds  digestion.  In  vertebrate  animals,  this  is  accom¬ 
plished  by  the  rhythmic  contraction  and  relaxation  (peristalsis) 
of  the  muscles  of  stomach  and  intestines  (Fig.  1-9).  The 
digestive  organs  of  various  animals  are  illustrated  in  Fig.  1-10. 

How  do  animals  obtain  essential  vitamins?  Most  animals, 
including  man,  are  dependent  for  their  vitamin  supply  upon 
sources  outside  of  themselves.  For  the  most  part,  we  obtain 
the  vitamins  that  we  require  either  directly  or  indirectly  from 
green  plants.  However,  in  the  past  few  years,  manufactured 
or  synthesized  vitamins  have  been  made  available  for  our  use. 
These  products  are  used  widely  in  the  preventive  treatments 
of  human  ailments  (Table  No.  3). 

Vitamins  are  not  “digested”  in  our  bodies.  They  are  built 
directly  into  the  structure  of  the  animal  organisms.  They  are 
required  in  all  the  cells  of  the  body. 

Vitamins  have  been  described  as  the  spark  in  our  internal 
combustion  engine.  If  the  supply  of  vitamins  is  adequate,  we 
have  a  strong  efficient  spark  and  the  fuel  that  we  take  in  as  food 
can  be  fully  utilized.  When  the  vitamin  supply  is  low,  our 
spark  is  weak  and  our  fuel  is  incompletely  utilized.  Our  engine 
loses  power,  begins  to  knock,  and  delivers  poor  physiological 
mileage. 

How  are  materials  distributed  in  plants?  Unicellular  plants 
such  as  diatoms  and  Spirogyra  absorb  water,  carbon  dioxide, 
oxygen  and  other  dissolved  substances  by  diffusion.  Within 
their  cells,  these  materials,  together  with  manufactured  foods, 
are  distributed  by  the  circulating  protoplasm.  In  those  many- 
celled  plants  which  have  not  developed  specialized  tissues,  food 
materials  pass  from  cell  to  cell  by  diffusion.  Only  in  higher 
plants  such  as  ferns  and  seed-plants  has  anything  resembling  a 
circulatory  system  developed.  Although  in  these  plants  the 
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Fig.  1-10.  Digestive  organs  of  fish,  frog,  bird,  and  man. 
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Table  No.  3.  Vitamins 


(For  reference  only ) 


Vitamins 

Function 

Sources 

A  (Carotene 
or  carotin) 
(pro-vitamin) 

Necessary  for  growth  and  normal 
nutrition;  prevents  night  blindness 
and  dry-eyes ;  wards  off  colds  and 
pulmonary  infections.  (May  be 
stored  in  oils  or  fats  of  the  body) 

“Green”  vegetables, 
yellow  or  orange  col¬ 
oured  vegetables  and 
fruits,  butter,  eggs, 
fish-liver  oils 

(Thiamin 

chloride) 

Prevents  beri-beri  or  polyneuritis 
and  pellagra ;  provides  good  tone  in 
muscles  and  buoyant  health;  wards 
off  constipation,  flatulence  and  dys¬ 
pepsia  during  middle  age.  (Not 
stored  in  the  body) 

Whole  grain  products, 
yeast,  fruits,  vegetables, 
liver,  peanut  butter 

B2  (Riboflavin) 

Prevents  reddening  and  cracking 
of  skin  at  angles  of  mouth ;  wards 
off  cataract  of  eye  and  conjuncti¬ 
vitis.  Prevents  pellagra  and  pre¬ 
mature  old  age. 

Milk,  eggs,  liver, 
kidneys,  “green”  vege¬ 
tables,  yeast,  peanut 
butter,  tomatoes, 
fruits 

B3  (Nicotinic 
acid,  niacin) 

Prevents  pellagra 

Yeast,  peanut  butter 

B4  (Para-amino- 
benzoic  acid) 

Essential  to  growth 

Liver,  yeast,  rice, 
bran,  maize 

B5  (Pyridoxin) 

Nerve  tone 

Yeast,  grains,  etc. 

BR  (Pantothenic 
acid) 

Essential  to  growth  and  life.  Pre¬ 
vents  premature  greying  of  hair. 

Yeast 

C  (Ascorbic  acid) 

Heals  wounds  and  broken  bones; 
keeps  blood  capillaries  normal, 
hence  wards  off  scurvy;  prevents 
gum  disorders  and  rheumatic  pains 

Fresh  vegetables, 
citrus  and  other 
fruits,  tomatoes 

D  (Calciferol) 

Prevents  rickets ;  necessary  for 
normal  metabolism  of  calcium  and 
phosphorus,  hence  for  development 
of  bones  and  teeth 

Fish-liver  oils,  egg 
yolk.  Exposure  to 
sunshine  and  ultra¬ 
violet  rays 

E  (Alphatoco- 
pherol) 

Necessary  for  growth;  maintains 
flexibility  and  health  of  muscles; 
maintains  reproductive  ability 

Wheat  germ  oil, 
lettuce,  spinach 

K 

Prevents  excessive  hemorrhages 

Spinach,  green  cabbage 
and  other  green  leaves 

PARAMWO- 

BENZOJC 

ACIDlVlT.fy 

"GRAY  HAIR 
VITAMIN" 


PANTO¬ 
THENIC  ACID 
'VII  of  LIFE" 

*Fic.  1-11. 


system  is  primitive  and  distribution  is  slow  as  compared  with 
that  in  the  higher  animals,  no  animal  can  supply  food  and 
water  to  a  system  having  the  mass  of  a  Douglas  fir. 


*Fig.  1-11.  Graphic  formulas  of  two  vitamins. 
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The  distribution  system  evolved  in  these  plants  provides  for 

(1)  the  absorption  of  water  through  root-hairs  by  osmosis, 

(2)  the  diffusion  of  the  water  from  the  epidermal  eel  Is  of  the 
newer  roots  to  the  xylem  tissue,  and  (3)  the  movement  of 

the  water  upward  through 
the  xylem  or  wood  to  the 
parts  of  the  plants  where  it 
is  needed.  Several  forces 
combine  to  provide  for  this 
upward  movement  of  water, 
including  osmotic  pressure, 
capillarity,  and  leaf  pull. 
Minerals  in  solution  diffuse 
into  the  root-hairs  and  are 
carried  along  with  the 
water. 

Foods,  particularly  pro¬ 
teins,  are  conducted  through 
the  phloem  tissue  (Fig.  1-  12). 
In  most  trees  and  other 
dicotyledons,  the  cortex 
separates  the  phloem  from 
the  bark.  This  tissue  usually 
conducts  sugar  by  diffusion. 
It  may  also  contain  special 
tubes  which  transmit  aro¬ 
matic  fats,  oils,  and  resins. 
These  tubes  may  be  seen  in 
the  stems  of  parsnips  or 
carrots,  and  in  conifers. 


Fig.  1-12.  Diagram  showing  both 
transverse  and  longitudinal  section  of 
cabbage  stem. 

Key  :  A — epidermis,  B-cortex,  C — 
sclerenchyma  (tough  supporting 
cells),  D — phloem  (sieve  tubes  and 
companion  cells),  E — cambium  layer, 
F — xylem,  G- — pith,  H  —  medullary 
rays  (conduct  substances  horizon¬ 
tally). 


How  do  the  circulatory  systems  of  animals  resemble  those  of 
plants?  In  one-celled  animals  the  distribution  of  foods  and 
oxygen  is  almost  identical  with  that  in  unicellular  plants, 
simply  a  continuous  streaming  of  the  cell  protoplasm.  In  the 
simpler  many-celled  animals,  protoplasmic  circulation  still 
functions  to  distribute  foods  within  the  cell,  while  diffusion 
provides  for  the  movement  of  substances  from  one  cell  to 
another.  These  methods  are  supplemented  in  the  more  com¬ 
plex  animals  by  systems  of  tubes.  The  most  primitive  of  these 
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Fig.  1-13.  Circulation  in  lower  animals. 

Key  :  A — paramoecium,  B — hydra  expanding  as  food  and  water  enter,  C — hydra 
expelling  water  and  wastes,  D— grasshopper,  E — earthworm  (longitudinal), 
F — earthworm  (cross  section),  1 — heart  of  grasshopper,  2 — heart  of  earth¬ 
worm  (five  arteries),  3,  4,  5  and  6 — branches  of  blood  system,  7 — ventral  nerve 
cord,  8 — dorsal  vein. 


digest  the  food  near  the  cells  in  which  it  is  to  be  used  (hydra) 
(Fig.  1-13).  Other  more  advanced  species  of  animals,  such  as 
earthworms  (Fig.  1-13)  and  insects  (Fig.  1-13),  have  developed 
systems  of  branching  tubes  containing  watery  plasma  or  lymph. 
This  fluid,  which  is  driven  through  the  tubes  by  a  pumping- 
system,  carried  supplies  to  the  cells.  Its  functions  are  similar 
to  those  of  the  sugary  sap  in  plants1. 

Distributing  systems  in  higher  animals  are  much  more 
efficient  than  any  developed  by  plants.  Animal  activity,  which 
is  many  times  greater  than  that  of  plants,  necessitates  more 
rapid  distribution  of  materials  than  is  permitted  by  the  con¬ 
ductive  tissues  of  plants.  The  circulatory  systems  evolved  by 
higher  animals  to  meet  this  need  depend  for  their  efficiency 
upon  three  features;  (1)  true  tubes  with  a  continuous  cavity 
to  do  the  work  of  the  conductive  tissues  of  plants,  which  may 
contain  groups  of  closed  cells;  (2)  true  pumps  or  hearts  which 
drive  the  fluids  through  the  tubes;  and  (3)  a  closed  system  of 
tubes  which  permits  them  to  use  the  same  fluids  over  and  over 
again,  a  great  economy  over  the  system  used  by  plants  which 
transpire  so  much  water.  The  development  of  a  closed  blood- 


1  Experiments  with  higher  plants  show  that  sap  lias  a  slowly  pulsating  flow^ 
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distributing  system  is  the  outstanding  difference  between  the 
circulatory  systems  used  by  plants  and  animals.  It  enables 
animals  to  include  in  the  carrier  fluids  special  chemicals  such 
as  either  haemoglobin  or  haemocyanin  which  carry  oxygen, 
and  sodium  bicarbonate  which  removes  carbon  dioxide. 

In  back-boned  (vertebrate)  animals,  the  circulatory  system 
includes  two  distinct  yet  interrelated  systems,  the  heart  and 
blood-vessel  system  and  the  lymphatic  system.  The  blood 
circulation  system  is  active  in  the  distribution  of  food.  A 
capillary  or  small  blood  vessel  enters  every  villus  (Fig.  1-9)  in 
the  intestines  and  the  blood  fluid  or  plasma  picks  up  the 
dissolved  sugar,  amino  acids,  minerals,  and  vitamins.  These 
capillaries  deliver  their  load  to  a  large  vein  flowing  to  the  liver, 
where  much  of  the  sugar  is  stored  temporarily  as  glycogen. 
The  blood  with  the  remainder  of  the  sugar  passes  along  the 
vein  to  the  heart  where  it  enters  an  auricle,  the  right  in  frogs, 
reptiles,  birds,  and  mammals.  In  mammals  and  birds  this 
blood  then  enters  the  right  ventricle  which  pumps  it  to  the 
lungs,  where  the  plasma  releases  its  carbon  dioxide  and  the 
haemoglobin  of  the  corpuscles  acquires  a  load  of  oxygen. 
When  it  returns  to  the  heart,  the  blood  enters  the  left  auricle, 


whence  it  escapes  to  the  left 
ventricle  to  be  pumped  to  all 
parts  of  the  body.  Of  course, 
some  blood  goes  to  the  stom¬ 
ach  and  intestines  as  before 
to  pick  up  food. 


FtSH  FROG  REPTILE  MAMMAL 

Fig.  1-14.  Stages  in  the  development 
of  the  heart  in  vertebrates. 


In  mammals,  the  lymphatic 
system  has  two  major  func¬ 


tions:  (1)  the  lymph  serves  as  an  intermediary  between  the 
blood  and  the  individual  cells  and  also  (2)  assists  with  the 
distribution  of  digested  fats.  The  fats  are  picked  up  in  the  villi 
of  the  intestines  by  plasma  or  lymph  in  small  tubes  called 
lacteals.  Several  of  these  combine  to  form  the  lymphatic  ducts 
which  empty  their  lymph  into  the  thoracic  duct  (Fig.  1-10). 
All  along  the  lymphatic  system  are  nodes  or  lymphatic  glands, 
which  act  both  as  filters  and  as  pumps  and  force  the  lymph 
onward  until  the  thoracic  duct  empties  its  contents  into  the 
left  sub  clavian  vein,  to  return  the  plasma  to  the  blood  circu¬ 
lation  system. 
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The  lymph  contains  white  corpuscles  which  are  very 
abundant  and  active,  devouring  the  germs  that  collect  in  the 
nodes  of  the  lymphatic  system.  These  nodes  are  so  efficient 
in  collecting  germs  that  meat  inspectors  always  examine  them 
for  indications  of  disease  when  inspecting  the  carcasses  of  cattle. 

There  are  many  kinds  of  animals  and  several  different  types 
of  blood  are  encountered.  Starfish  have  a  colourless  blood  with 
white  corpuscles.  Earthworms  possess  both  a  blood  and  a  circu¬ 
latory  system  that  is  the  basic  type  for  the  more  advanced 
vertebrate  animals.  They  possess  haemoglobin,  but  it  is 
diffused  in  the  plasma  and  not  localized  in  corpuscles.  Crabs 
produce  a  pale,  blue-green  haemocyanin,  a  copper  compound, 
in  place  of  man’s  haemoglobin,  to  transport  oxygen  from  gills 
to  body  cells.  Insects  use  colourless  blood  only  to  distribute 


Table  No.  4.  Composition  of  Blood  of  Animals 


A.  Plasma 

Approx. 

Percentage 

Function 

Water 

91.00 

Carrier  of  other  materials 

Proteins 

6.50 

Forms  blood  clots  in  wounds 

Mineral  salts 

0.80 

Keep  blood  alkaline  and  remove 
carbon  dioxide ;  supply  mineral 
elements 

Fat  derivatives 

0.50 

Source  of  potential  energy  for  cells 
and  used  in  synthesis  of  special 
bodies  in  protoplasm 

Glucose 

0.50 

Source  of  potential  energy  for  cells 

Amino  acids 

Urea  and  other 

0.50 

Used  in  synthesis  of  proteins 

No  function,  wastes  being 

nitrogenous  wastes 

0.05 

elminated 

Hormones 

Trace 

Chemical  messengers,  activators  of 
special  glands 

Disease  antibodies 

Trace 

Neutralize  the  toxins  of  diseases 

B.  Cellular  bodies 

Number 

Function 

Red  corpuscles 

(30%  haemoglobin) 

4.5  to  5  mil¬ 
lion  per  cu. 
rnm. 

Carry  oxygen  to  body  cells 

White  corpuscles 

Blood  platelets 

5  to  7 
thousand 
per  cu.  mm. 

Destroy  bacteria  in  blood  (and 
lymph) 

Aid  in  the  clotting  of  blood 
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digested  food,  and  their  branching  tracheae  take  oxygen  to  all 
parts  of  their  bodies.  Jn  vertebrate  animals,  the  blood  consists 
of  cellular  corpuscles  and  a  non-cellular  fluid,  the  plasma.  The 
approximate  composition  of  the  blood  of  mammals  and  the 
chief  functions  of  the  various  components  are  indicated  in 
Table  No.  4. 

How  is  digested  food  used  by  organisms?  Organisms  use 
digested  foods  in  three  ways:  (a)  to  release  energy  for  the  vital 
processes;  (b)  to  assimilate  food  substances  and  use  them  in  the 
building  of  cell  materials;  and  (c)  to  provide  a  store  of  energy 
for  future  needs.  The  whole  metabolic  cycle,  of  which  energy 
release,  assimilation,  and  storage  are  important  phases,  is  indi¬ 
cated  in  the  following  chart: 


Metabolism 


Building  processes 
(Anabolism) 


Destructive  processes 
(Katabolism) 


Photosynthesis  Assimilation  Storage  Movement  Respiration  Oxidation 

Release  of  energy.  The  hexose  sugars  made  available  during 
the  digestive  processes  are  used  as  a  potential  source  of  energy 
by  all  living  cells.  Again  enzymes  are  employed,  this  time  as 
the  fuse  which  sets  off  the  reaction.  Many  enzymes  cause 
sugars  to  react  with  oxygen  from  the  air.  In  reactions  of  this 
type,  an  organism  gets  the  energy  it  requires  to  maintain  both 
its  vital  processes  and  its  body  temperature;  carbon  dioxide  and 
water  are  released  as  indicated  by  the  equation: 


(enzymes) 


This  reaction  is  similar  to  combustion.  However,  at  the 
temperature  at  which  it  occurs,  stored  sugar  and  oxygen  would 
not  react  to  any  appreciable  extent  in  thousands  of  years  with¬ 
out  the  assistance  of  enzymes. 

Yeasts  and  some  bacteria  release  energy  in  other  ways. 
Yeasts,  acting  without  free  oxygen,  obtain  energy  from  sugars, 
releasing  alcohols  and  carbon  dioxide  as  wastes,  (let tain 
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bacteria  release  energy  from  carbohydrates  in  reactions  that 
produce  substances  such  as  acetone  and  butyl  alcohol. 

Fats  and  oils  are  oxidized  in  a  similar  reaction: 

C5TH104O0  +  80  CL - »  57CCL  +  52H20 

(lard  or  bacon  fat) 

Proteins  also  are  used  extensively  as  a  source  of  energy, 
chiefly  by  carnivorous  animals.  Ordinarily  they  are  the  last 
foods  used  to  provide  energy  when  starvation  overtakes  either 
plants  or  herbivorous  animals.  When  they  are  used  for  this 
purpose,  nitrogen,  carbon  dioxide,  and  water  are  eliminated  in 
urea  and  uric  compounds,  and  sulphur  in  hydrogen  sulphide. 
The  organism  loses  weight  rapidly. 

The  oxygen  required  for  respiration  is  obtained  by  the 
different  organisms  in  various  ways.  It  diffuses  inward  through 
the  cell  membrane  of  unicellular  animals  and  through  the  soft 
epidermal  layer  of  the  jellyfish  and  the  worm.  Other  aquatic 
animals  which  have  thick  bodies  and  tough  outer  coverings 
cannot  obtain  enough  oxygen  by  skin  breathing  and  have 
evolved  other  organs  for  this  purpose.  Starfish  have  velvety 
tufts  of  skin  gills.  Crabs,  clams,  and  fish  breathe  through  more 
complex  gills.  Terrestrial  animals  use  lungs  which  are  pro¬ 
tected  against  the  dehydrating  effect  of  dry  air  by  their  internal 
placement  and  flask-like  shape. 

Assimilation  of  food  substances.  A  variable  proportion  of 
the  digested  food  is  needed  by  every  organism  to  produce  new 
protoplasm  and  to  replace  old.  Proteins  and  some  fats  are 
used  to  build  the  complex,  semi-fluid  substances  (colloids)  that 
comprise  protoplasm.  This  operation,  by  which  non-living 
food  radicals  are  assimilated  and  endowed  with  life,  is 
dependent  upon  the  help  of  enzymes.  Assimilation  occurs  onlv 
inside  those  cells  which  already  have  protoplasm. 

Storage  of  food.  Digested  foods  may  be  stored  for  further 
use,  either  in  a  temporary  storage  place  such  as  the  liver  or  in 
more  permanent  deposits  such  as  those  of  fat  and  starch,  which 
are  insoluble.  Since  each  conversion  of  food  results  in  a  loss 
of  energy,  it  is  wasteful  for  an  organisms  to  consume  more  food 
than  is  required  to  meet  its  daily  output  of  energy.  A  compari¬ 
son  of  the  energy  requirements  of  human  beings  engaged  in 
different  types  of  activities  is  provided  in  Table  No.  5. 
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Table  No.  5. 

Energy  Requirements  based  on  each  2.2  pounds  of  body 

WEIGHT  FOR  EACH  HOUR  ENGAGED  IN  AN  ACTIVITY 

( For  reference  only) 
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Basal  needs  ...  1.0  Sewing,  hand  .  0.4  Bookbinding  .  .  0.8  Reading  aloud  .  0.4 

Sitting  quietly  .  .4  Sewing,  mach.  ,4-.6  Tailoring . 9  Singing . 8 

Eating . 4  Knitting . 7  Typing  rapidly  1.0  Playing  the 

Writing . 4  Paring  potatoes  .6  Shoemaking  .  .  1.0  piano . 8-2.0 

Standing  Dishwashing  .  .  1.0  Painting . 1.3  Bicycling  ....  2.5 

relaxed . 5  Ironing . 1.0  Carpentry  ...  2.3  Dancing  .  .  3.0-3.8 

Dressing . 7  Laundering  .  .1.3  Stone  Skating . 3.5 

Driving  Sweeping  with  masonry  ...  4.7  Ping-pong  ...  4.4 

automobile  .  .  .9  broom  ....  1.4  Sawing  wood  .  5.7  Swimming  .  .  .  7.9 
Walking  (3  Vacuum 

miles  per  hr)  2.0  cleaning  ...  2.7 
Running  ....  7.0 
Going  down¬ 
stairs  . 4.1 

Going  upstairs  14.7 


How  are  wastes  eliminated  from  plants?  Wastes  that  result 
from  metabolism  are  of  three  general  types — gases,  liquids,  and 
solids.  A  different  method  for  eliminating  each  type  is 
required.  In  plants,  the  chief  gaseous  wastes  are  oxygen  and 
carbon  dioxide.  During  photosynthesis,  green  plants  utilize 
the  available  carbon  dioxide  and  have  a  surplus  of  oxygen. 
This  excess  oxygen  escapes  from  aquatic  plants  by  diffusing 
through  the  cell  walls,  and  from  terrestrial  plants  through  the 
stomata.  During  the  hours  of  darkness  the  process  is  reversed. 
The  carbon  dioxide  released  by  respiration  passes  outward  and 
the  oxygen  required  diffuses  inward  through  the  stomata. 
Eruptions  of  cells  called  lenticels  break  through  the  bark  of 
most  stems  and  twigs  to  provide  additional  openings  through 
which  these  gases  may  diffuse. 
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Fig.  1-15.  Plants  eliminate  wastes  in  several  ways. 


Key:  1— oil  gland  in  orange  skin,  2— gland  in  geranium  leaf,  3— lenticel, 
4 — leaf  of  jack  pine,  5 — stone  cell  of  pear.  A— ordinary  cells,  B — decomposing 
cells  releasing  oil,  C — space,  D — oil  droplets,  E— secreting  cells,  F — glandular 
hair,  G — aromatic  oil,  H— excretion  of  waxy  cutin,  I— carbon-dioxide  escap¬ 
ing-  J — resin  duct,  K — calcium  oxalate  crystals,  L — cells  secreting  resin. 

Most  of  the  excess  water  is  eliminated  by  plants  as  vapour. 
It  is  interesting  to  note  that  the  greater  part  of  the  sun’s  radiant 
energy  absorbed  by  leaves  is  used  to  evaporate  this  excess  water 
to  prepare  it  for  removal  through  the  stomata.  When  a 
shortage  of  water  exists,  the  guard  cells  collapse  and  close  the 
vent  to  retard  the  outward  movement  of  water.  Some  plants 
have  conductive  bundles  that  extend  to  openings  at  the  edges 
of  their  leaves.  Through  these  openings  water  escapes.  If  a 
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cabbage  plant  is  examined  early  in  the  morning,  small  drops 
of  water  resembling  dew  are  readily  observed  around  the 
margins  of  the  leaves. 

Solid  wastes  in  plants  are  either  the  residues  from  the  water 
solutions  or  some  of  the  4000  by-products  of  metabolism. 
Since  most  residues  of  the  first  type  pass  into  the  leaves,  they 
are  removed  from  the  plant  when  the  leaves  fall.  Deciduous 
trees  rid  themselves  of  these  wastes  every  autumn,  while  ever¬ 
greens  do  it  slowly  over  extended  periods.  Other  wastes  are 
disposed  of  by  the  characteristic  plant  method  of  storing  them 
and  rendering  them  insoluble.  Gritty  stone-cells  in  pears,  and 
crystals  in  the  stems  of  water  lilies  are  typical  examples.  Plants 
have  never  developed  excretory  organs  similar  to  those  in 
animals. 

Frequently  plants  utilize  some  of  these  wastes  for  other 
purposes.  For  example,  poisonous  alkaloids  give  protection  to 
water  hemlock.  The  unpleasant  odour  of  skunk  cabbage  and 
the  flavour  of  buttercups  discourage  attacks  by  herbivorous 
animals.  Bitter  and  astringent  tannins  and  gums  in  the  bark 
protect  hemlock  trees  and  oaks.  Morphin,  narcotin,  and 
codein  are  wastes  in  the  milky  juice  of  poppies.  The  latex  of 
rubber  trees,  from  which  arise  several  of  our  large  industries, 
is  partly  a  plant  waste. 

How  are  wastes  eliminated  by  animals?  If  they  are  not 
removed  promptly,  metabolic  wastes  interfere  with  the  normal 
functions  of  cells  and  organs.  Cells  which  die  because  of  the 
poisonous  nature  of  wastes  must  be  removed.  Both  nerve 
reaction  and  muscular  activity  deteriorate.  Actually,  the 
accumulation  of  wastes  is  one  of  the  chief  causes  of  the  aging 
of  organisms.  When  the  task  of  waste-elimination  is  beyond 
the  capacity  of  skin,  lungs,  liver,  kidneys  and  other  organs  with 
similar  functions,  the  organism  is  poisoned. 

Gaseous,  wastes  diffuse  through  the  cell  membrane  of  uni¬ 
cellular  organisms  and  through  the  outer  layers  of  animals  such 
as  jellyfish.  They  are  eliminated  through  the  gills  of  many 
aquatic  animals  and  from  the  lungs  or  tracheal  tubes  of 
terrestrial  species. 

Liquid  wastes  are  removed  from  many .  Protozoa  through 
contractile  vacuoles  (Fig.  1-16)  into  which  wastes  from  the 
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Fig.  1-16.  An  amoeba  expels  wastes. 

Key :  D — nucleus,  E — contractile  vacuole,  F — indigestible  matter,  G — -wastes 
from  discharged  vacuole. 


protoplasm  drain  until  a  bubble-like  structure  forms.  This 
“bubble”  then  breaks  through  the  cell  membrane  and  ejects 
the  waste  water  and  uric  substances  in  it.  Other  slightly  more 
complex  organisms  (hydra,  Fig.  1-17)  have  special  cells  which 
discharge  liquid  wastes  into  funnels  or  tubes  that  have  external 


Fig.  1-17.  Animals  eliminate  wastes  in  various  ways. 


Key.  1 — paramoecium,  2 — hydra,  2 — earthworm  nephridia,  4 — mammalian 
urinary  system,  5— renal  corpuscle,  6— renal  corpuscle  enlarged.  A— contrac¬ 
tile  vacuole,  B — hydra  excretes  wastes  through  mouth,  C— filter  picking  up 
w'astes,  D— collecting  region,  E— nephridiopore,  F— kidney,  G— ureter,  H— renal 
artery,  I — renal  vein,  J — bladder,  K— urethra,  L — “pyramids”  composed  of 
tubules,  M— cortex  of  kindey,  N — renal  corpuscle,  O,  P,  and  R— capillaries, 
Q — Bowman’s  capsule,  S— excretion,  T— collecting  tube,  U— tubule  of  frog 
type. 
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openings.  Earthworms  have  two  coiled  tubes  (nephridia, 
Fig.  1-17)  in  each  body  segment  (somite)  which  perform  the 
same  task.  In  higher  animals,  these  individual  nephridia  are 
consolidated  into  kidneys.  Each  waste-removal  unit  in  a  kidney 
is  a  “Bowman’s  capsule”  (Fig.  1-17),  composed  of  a  mass  of 
blood  vessels  crowded  into  a  nephridial  tube.  Here  the  blood 
releases  its  wastes  which  drain  through  ureters  to  the  urinary 
bladder,  where  they  are  retained  until  evacuated. 

Amoebae  eject  solid  wastes  by  the  simple  procedure  of  roll¬ 
ing  away  from  the  indigestible  substances.  Other  unicellular 
animals  have  a  definite  excretory  pore  or  anus  to  discharge 
wastes.  Jellyfish,  corals,  and  sea  anemones  expel  wastes  through 
their  mouths.  Higher  animals  have  developed  another  open¬ 
ing,  the  anus  (Fig.  1-10),  to  permit  the  undigested  food 
materials  and  other  solid  wastes  to  pass  continuously  in  one 
direction. 

What  other  processes  contribute  to  the  well-being  of  living 
organisms?  The  ability  of  plants  and  animals  to  survive  and 
to  perpetuate  themselves  is  dependent  in  no  small  degree  on 
lour  additional  properties  of  protoplasm:  (1)  its  contractility; 
(-)  its  irritability;  (3)  its  ability  to  secrete  substances;  and  (4)  its 
ability  to  provide  for  the  growth  and  division  of  cells. 

C  ontractility.  All  protoplasm  has  the  power  to  contract  and 
to  expand  or  relax.  Upon  this  property  rests  the  ability  of  an 
animal  to  withdraw  from  danger.  Since  plants  are  unable  to 
move  about,  only  a  few  such  as  the  common  sensitive  plant 
exhibit  this  property  to  a  marked  degree.  The  contractility  of 
protoplasm  and  of  cells  also  makes  possible  the  development 
of  pumping  hearts,  or  peristalsis,  and  of  other  types  of  muscular 
action. 

Irritability.  All  kinds  of  protoplasm  respond  to  one  or  more 
ol  the  many  environmental  influences,  but  no  protoplasm  can 
respond  to  all  the  forces  in  the  environment.  This  capacity 
to  react  to  certain  stimuli  is  known  as  irritability.  Animals 
show  irritability  to  a  greater  degree  than  do  plants,  responding 
tnoie  quickly  and  to  a  greater  variety  of  stimuli.  However, 
both  plants  and  animals  respond  to  gravity,  water,  light,  and 
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IRRITABILITY 


Fig.  1-18.  Nerves  transmit  messages. 


Key  :  A — typical  neuron  nerve  cell,  B — pressure  corpuscle,  C — touch  corpuscle, 
D — cold  corpuscle,  E — pain  endings  (unicellular),  F — sensory  neuron  in  reflex 
arc,  G — connecting  neuron,  H  —  motor  neuron,  K— striped  muscle  cell, 
S— synapse. 

protoplasm  to  detect  heat,  cold,  light,  chemicals,  sounds,  and 
pressure  is  the  preliminary  stage  in  the  development  of  such 
sense  organs  as  heat  and  cold  nerves,  eyes,  nose,  taste  buds,  ears, 
and  pressure  spots.  The  first  step  in  this  progression  was  a 
generalized  nerve  cell  which  responded  faintly  to  all  stimuli. 
As  animals  developed  more  complex  structures  they  evolved 
specialized  nerve  cells  which  responded  to  only  one  kind  of 
stimulus;  for  example,  their  eyes  respond  to  light,  but  not  to 
sounds  or  flavours.  Plants  and  those  animals  lacking  nervous 
systems  generally  respond  slowly  to  stimuli  by  turning  toward 
or  away  from  the  stimulus.  Such  behavior  reactions  are  called 
tropisms.  Ranked  higher  in  the  scale  of  responses  is  the  reflex. 
In  a  reflex,  one  nerve  cell,  the  receptor,  is  specialized  to  receive 
the  stimulus.  It  transmits  this  stimulus  to  another  nerve  cell, 
the  effector  or  motor  neuron  that  sets  the  muscle  tissues  in 
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motion.  A  slight  advance  on  this  simple  reflex  path  is  the 
insertion  of  a  third  or  intermediate  neuron  between  the  other 
two.  As  a  result  of  this  advance  many  more  connections 
became  possible.  Out  of  it  developed  the  complex  central 
nervous  system  and  brains  of  vertebrate  animals. 

Secretion.  As  mentioned  pre¬ 
viously,  many  organisms  store  poten¬ 
tial  energy  in  the  form  of  food.  Many 
also  set  aside  other  substances  within 
their  cells  for  future  needs.  This 
process  is  true  secretion  and  must  be 
distinguished  from  excretion,  which 
means  the  emission  of  substances. 
Many  glands  excrete  useful  sub¬ 
stances,  but  only  a  storage  organ  can 
secrete  material.  The  cotyledons  of 
seed  plants  secrete  food,  as  do  the 
liver  and  fatty  tissues  of  animals. 
Wastes  are  often  secreted  in  the  cells 
of  plants  as  insoluble  crystals.  Rhu¬ 
barb  and  sorrel  have  crystals  of 
oxalic  acid.  Potato  plants  secrete 
starch  as  granules  within  the  cells  of 
their  tubers. 

Growth.  Living  protoplasm  can 
add  to  itself  by  taking  non-living 
substances  and  assimiliating  them. 
Were  it  not  for  this  ability  all  new  cells  would  remain  small. 
I  he  members  of  each  succeeding  generation  would  become 
smaller  and  smaller  until  they  would  be  too  small  to  exist. 
As  it  is,  by  using  the  phenomenon  of  growth,  our  largest  trees 
and  biggest  whales  have  arisen  from  single  fertilized  egg  cells, 
microscopic  in  size. 

Almost  all  growth  of  many-celled  organisms  is  dependent 
upon  the  process  by  which  cells  divide,  namely,  mitosis.  As 
each  cell  reaches  its  optimum  size,  the  chromosomes  in  its 
nucleus  may  be  observed  re-forming.  Each  chromosome  splits 
lengthwise,  then  migrates  to  the  equator  of  the  cell.  Here 
they  are  arranged  as  a  “plate”  (Fig.  1-20).  Fibres  from  each 


Fig.  1-19.  Potato  starch. 
(Note  the  rings  of  growth. 
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end  ot:  the  cell  appear  to  be  attached  to  each  halt  chromosome 
and  to  exert  some  influence  in  causing  the  halves  to  migrate. 
The  halves  of  the  chromosomes  then  migrate  to  opposite  ends 
of  the  old  cell,  while  a  new  divisional  wall  forms  at  its  equator. 
On  their  arrival  at  the  end  of  the  cell,  the  new  chromosomes 
come  together,  form  a  new  nucleus,  and  then  disappear  until 
the  time  for  the  next  division  arrives. 

As  a  result  of  the  lengthwise  splitting  of  the  chromosome, 
each  new  half  has  an  equal  share  of  all  the  genes  and  chemicals 


so 
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present  in  the  old  chromosomes.  This  division  is  important, 
because  each  gene  and  chemical  controls  some  factor  of  growth 
or  other  characteristic  of  the  organism. 

How  are  the  vital  processes  affected  by  environmental  factors? 
Included  among  the  environmental  factors  that  affect  the 
ability  of  protoplasm  to  function  normally  in  the  many  vital 
processes  are  variations  in  temperature,  in  light  intensity,  in 
the  availability  of  water,  food  and  minerals,  and  in  the  concen¬ 
tration  of  oxygen  in  the  atmosphere. 

Temperature.  Protoplasm  is  not  active  at  temperatures 
either  below  the  freezing  point  or  above  the  boiling  point  of 
water.  In  general,  it  displays  its  greatest  activity  in  most 
organisms  at  temperatures  between  20°C.  and  30°C.  However, 
there  are  exceptions  to  this  general  rule,  for  some  kinds  of 
protoplasm  (that  of  polar  bears,  seals  and  some  whales)  thrive 
best  at  temperatures  only  slightly  above  0°C.,  while  that  in 
certain  tropical  plants  only  begins  to  be  active  at  15°C.  and  is 
most  active  at  temperatures  between  30°C.  and  40°C.  Proto¬ 
plasm  in  young,  growing  organisms  is  very  susceptible  to,  and 
is  affected  adversely  by  sudden  changes  of  temperature.  On 
the  other  hand,  that  in  most  dry,  well-ripened  seeds  can  with¬ 
stand  temperatures  far  below  0°C.,  and  that  in  the  spores  of 
some  bacteria  can  survive  exposure  to  temperatures  as  high  as 
120°C.  and  as  low  as  — 200°C.  without  losing  its  vitality. 

Light.  Similarly,  protoplasms  of  various  organisms  arc 
affected  in  different  ways  by  changes  in  the  intensity  of  light. 
Photosynthesis  is  possible  only  when  light  is  available.  Seed 
or  fruit-bearing  plants  require  more  intense  light  than  do  leafy 
plants.  Leaves  of  some  plants  fold  upon  themselves  when  the 
intensity  of  the  light  is  very  great  and  thus  reduce  the  amount 
of  surface  exposed.  The  sunlight  which  falls  on  the  skins  of 
animals  liberates  vitamin  D,  the  vitamin  that  regulates  the 
metabolism  of  calcium  and  phosphorus,  which  is  so  important 
in  the  development  of  bones  and  teeth. 

Water.  Since  the  average  proportion  of  water  in  protoplasm 
is  75  per  cent,  its  importance  is  obvious.  It  is  the  most  impor¬ 
tant  single  factor  affecting  the  vital  processes.  Deficiencies  in 
water  supply  curtail  both  plant  and  animal  processes  and  may 
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Courtesy  U ■  S.  Department  of  Agriculture 


Fig.  1-21.  Fertilizer  experiment  illustrating  mineral  deficiencies.  The  two 
conspicuous  rows  are  check  rows  and  did  not  receive  the  complete  mixture 
applied  to  adjoining  rows. 


reduce  them  to  the  level  of  dormancy.  This  is  illustrated  in 
the  resting  period  of  seeds.  Young  organisms  have  a  greater 
proportion  of  water  in  their  protoplasm  than  do  those  that  are 
mature,  hence  immature  individuals  suffer  more  acutely  from 
shortages  of  water. 

Food.  All  plant  and  animal  protoplasms  are  dependent 
upon  the  energy  supplied  in  foods.  From  this  source  they  also 
obtain  the  building  materials  required  for  growth  and  repair 
of  cell  tissues.  For  complete  or  optimum  development,  each 
organism  is  dependent  upon  the  availability  of  an  adequate 
supply  of  each  kind  of  nutrient.  When  the  available  food  does 
not  satisfy  the  needs  of  any  organism,  the  enzymes  within  its 
cells  attack  storage  tissue  and  release  the  energy  required. 
Thus,  when  food  is  not  available,  vital  processes  are  not  main¬ 
tained,  the  organism  loses  weight  and  soon  dies. 
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Minerals.  The  availability  of  the  various  chemical  elements 
determines  the  suitability  of  any  area  to  the  various  organisms. 
Although  the  bodies  of  organisms  are  about  76  per  cent  oxygen, 
10.5  per  cent  carbon  and  10  per  cent  hydrogen,  the  distribution 
of  these  elements  is  so  nearly  universal  that  sufficient  for  life 
is  found  in  most  environments.  On  the  other  hand,  variations 
in  the  supply  of  certain  other  elements  exert  a  potent  effect  in 
modifying  the  health  and  growth  of  both  plants  and  animals. 
Of  the  elements  supplied  in  soil  minerals,  all  organisms  need 
nitrogen,  phosphorus,  and  potassium.  Magnesium,  chlorine, 
fluorine,  bromine,  sulphur,  boron,  silicon,  iodine,  manganese, 
copper,  zinc,  and  tin  are  needed  in  smaller  amounts.  Variations 
in  the  availability  of  some  of  these  elements  produce  definite 
effects  in  plants  and  animals.  In  some  cases  these  evidences  of 

Table  No.  6. 


Deficiencies  of  Mineral  Elements  Affect  Plant  Growth 

('. For  reference  only ) 


Element 

lacking 

Roots 

Stems 

Leaves 

Flowers 
(and  friut) 

Nitrogen 

Thin,  short 

Stunted 

Small,  light 
green 

Bloom  too  early 

.Phosphorus 

Long,  few 
branches 

Slender, 

short 

Dark  green,  red¬ 
dish  or  purple 
edges  or  under 
surfaces 

Late  blooming, 
slow  ripening 

Potassium 

Long,  few 

branches, 

slimy 

Weak, 

brittle 

Brown,  blotched, 
margins  curled 

Poor  quality 

Calcium 

Stunted,  stained 
much  branched 

W  eak, 
terminal 
bud  dies 

Yellowish, 
hooked,  dying 
at  tips 

Reduced  yield 

Magnesium 

Long,  slimy 

Slender 

Yellow, 
blotched, 
dying  at  tips 

Reduced  yield 

Sulphur 

White,  plentiful, 
much  branched 

Short, 

slender 

Light  green, 
veins  lighter 

Reduced  yield 

Iron 

Short,  much 

branched, 

brownish 

Short, 

slender 

green 

Yellow  but 
not  blotched 

No  obvious 
effect 

Note:  Such  indications  must  not  he  interpreted  too  narrowly.  Effects  of 
unfavourable  climatic  conditions,  diseases,  and  insects  must  he  taken  into 
consideration. 
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change  are  so  distinct  that  they  serve  as  indications  of  defi¬ 
ciencies.  Without  magnesium,  plants  can  not  form  their 
chlorophyll.  Without  iodine,  vertebrate  animals  do  not  thrive, 
for  it  regulates  their  use  of  cell  sugars.  Some  of  the  effects  of 
a  deficiency  of  mineral  elements  are  indicated  in  Table  No.  6. 

Oxygen.  In  most  terrestrial  environments  oxygen  concen¬ 
tration  is  constant.  However,  at  higher  altitudes,  fewer  mole¬ 
cules  of  oxygen  are  inhaled  with  each  breath.  The  reaction 
of  mountain  climbers  to  this  lack  of  oxygen  is  extreme  lassitude, 
drowsiness,  and  reduced  mental  efficiency.  Men  and  other 
animals  that  live  in  mountain  areas  must  have  more  haemo¬ 
globin  and  red  corpuscles  to  carry  the  oxygen  from  lungs  to 
body  cells.  As  the  corpuscle  count  of  the  blood  increases, 
normal  activity  and  mental  efficiency  return. 

Oxygen  concentration  in  water  varies  widely.  Swiftly 
flowing,  turbulent,  clear,  cold  streams  have  a  maximum  supply, 
and  stagnant  ponds  or  marshes  with  much  decaying  vegetation 
have  least.  Active  fish  such  as  the  Kamloops  trout,  which  need 
much  oxygen,  usually  seek  cold,  clear,  aerated  water. 

The  adaptations  which  enable  plants  and  animals  to  live 
in  the  many  types  of  environment  encountered  in  this  planet 
are  discussed  in  subsequent  chapters. 

Note:  Activities  marked  with  asterisks  should  be  completed  by  all  students. 

Activities 

A 

*1.  Problem — To  make  tests  that  identify  the  chief  types  of  food. 

(a)  Starch.  Add  iodine  solution  (dilute)  to  pure  dry  starch.  Note 
results.  Boil  a  spoonful  of  starch  in  a  beaker  containing  water. 
To  one-half  test-tube  of  the  colloid  add  one  drop  of  iodine  solu¬ 
tion.  Repeat,  using  two,  three,  and  five  drops  of  iodine.  Compare 
results. 

(b)  Glucose  or  Fructose.  Add  glucose  equal  to  the  size  of  a  pea  to 
one-half  test-tube  of  water.  Heat  until  it  boils.  Fill  a  medicine 
dropper  with  either  Fehling’s  solution  or  Benedict’s  solution  and 
add  immediately.  Note  results  as  solution  cools.  Repeat  the 
exercise  using  cane  sugar  (sucrose).  (Glucose  may  be  obtained 
from  corn  syrup ;  honey  contains  fructose.) 

(c)  Protein.  Add  nitric  acid  to  egg  white  in  water.  Apply  heat.  Note 
the  colour  effect.  Neutralize  with  ammonia.  Note  any  colour 
change. 

(d)  Fats  and  Oils.  Apply  a  drop  of  cotton-seed  oil  to  a  sheet  of  clean 
white  paper.  Hold  the  paper  in  front  of  a  light  or  against  a 
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printed  page.  Note  the  result. 
Note  the  result.  If  a  piece  of 
mildly. 


Key:  A- — green  plant,  B — water¬ 
proof  jacket,  C — container  of  alkali, 

D — U-tube,  E — pellets  of  alkali,  F — 
alternate  type  of  holder,  G — empty 
U-tube,  H — water. 

plant.  Test  each  for  starch.  Account  for 


Repeat,  using  a  drop  of  water, 
solid  fat  is  used,  heat  the  paper 

2.  Problem — To  determine  the 
importance  of  carbon  dioxide  in 
photosynthesis. 

Choose  two  similar  geraniums 
or  other  plants.  Take  a  healthy 
leaf  from  each  and  test  for 
starch.  Place  the  plants  in  separ¬ 
ate  open-mouth  bell-jars  (Fig. 
1-22).  Under  one,  bell-jar,  place  a 
small  dish  of  lye,  NaOH  or  KOH 
to  absorb  any  C02.  Use  a  rub¬ 
ber  stopper  and  tubing  to  close 
the  top  of  this  jar  and  connect 
it  with  a  U-tube.  Fill  the  U-tube 
with  NaOH  or  KOH.  Seal  this 
bell-jar  to  its  base.  Place  both 
bell-jars  in  a  sunny  place  for 
two  or  three  days.  Open  and  re¬ 
move  a  healthy  leaf  from  each 
the  result. 


*3.  Problem — To  test  the  gas  given  off  during  photosynthesis. 

Choose  a  healthy  specimen  of  some  underwater  plant  such  as  Elodea. 
(Sea  Lettuce  may  be  used  in  sea  water.)  Place  in  a  deep  bowl  and  cover 
with  water  in  which  much  carbon  dioxide  has  been  dissolved.  Cover  the 
plants  with  an  inverted  glass  funnel  and  invert  a  full  test-tube  of  water 
over  the  stem  of  the  funnel.  (Fig.  1-23).  (The  plants  may  be  placed  in 
inverted  test-tubes  full  of  water.)  Place  in  a  sunny  spot.  Observe  and 
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record  observations  while  the  plants  are  exposed  to  sunshine.  When 
sufficient  gas  for  a  test  has  collected,  apply  a  glowing  splint.  Note  the 
result  and  explain. 

4.  Problem — To  test  vegetables  and  seeds  for  starch. 

Make  extremely  thin  slices  of  fresh  vegetables  and  soaked  seeds. 
Mount  on  slides  and  examine  under  a  microscope.  Stain  with  iodine  and 
examine  again.  Describe. 

*5.  Problem — To  study  the  diffusion  of  foods  through  membranes. 

Enclose  some  corn  syrup  or  honey  in  a  bag  made  from  animal  mem¬ 
brane.  Place  in  a  beaker  and  cover  with  water.  Leave  for  thirty  minutes 
and  then  test  the  water  for  glucose.  Repeat  the  exercise,  using  starch. 

*6.  Problem — To  study  the  action  of  enzymes. 

(a)  Set  up  three  test-tubes  half-full  of  water.  Add  a  quantity  of 
starch  about  the  size  of  a  pea  to  each.  Bring  to  the  boil.  To 
one  add  diastase;  to  the  second,  saliva;  and  leave  the  third 
untreated  as  a  control.  Place  the  three  test-tubes  in  a  warm 
place  and  leave  for  24  hours.  Test  each  for  sugar.  Prepare  a 
second  control  and  test  it  while  fresh.  Note  results  and  explain. 

(b)  If  trypsin  is  available,  place  some  fragments  of  meat  in  water 
that  is  slightly  basic  (with  NaOH)  and  add  a  solution  of  the 
enzyme.  Place  other  fragments  of  meat  in  water  only.  Set 
aside  for  a  day.  Note  and  explain  the  results. 

7.  Problem — To  examine  woody  tissues. 

Use  prepared  slides  showing  transverse  and  longitudinal  sections  of  a 
woody  stem.  Locate  and  describe  conductive  tissues. 

8.  Problem — To  examine  fresh  blood. 

Obtain  a  sample  of  fresh  blood.  Set  aside  until  it  coagulates.  Use  a 
microscope  to  examine  the  plasma  and  red  corpuscles.  Describe. 

9.  Problem — To  study  protoplasmic  movements. 

Use  slides  containing  living  cells.  Examine  and  describe. 


10.  Problem — To  study  the  effects  of  mineral  deficiencies  on  plant 
growth. 


For  this  exercise  select  seeds  of  beans,  peas,  corn,  or  wheat  and  germin¬ 
ate  them  in  moist  blotters,  rag  dolls,  or  sand.  Select  an  excess  of  seeds. 
(It  is  advisable  to  run  two  or  more  sets  of  cultures  to  lessen  the  danger 
of  failure  and  to  make  the  results  more  valid.) 

Make  nutrient  stock  solutions  by  dissolving  pure  salts  in  distilled  water 
in  the  proportions  shown  below.  Seal  the  flasks  by  inserting  absorbent 
cotton  plugs  before  capping,  and  sterilize  by  boiling  one-half  hour  or  more. 

Solution  A— Potassium  nitrate,  one  gram  in  one  litre  of  distilled  water. 


B — Potassium  phosphate,  one  gram 
C— Magnesium  sulphate,  one  gram 
D — Calcium  nitrate,  one  gram 

E — Calcium  phosphate,  one  gram 

F — Sodium  nitrate,  one  gram 

G — Calcium  sulphate,  one  gram 

FI — Sodium  chloride,  one  gram 

I — Magnesium  phosphate,  one  gram 
J — Ferric  chloride,  five  grams  in  one  hundred  cu.  cm.  of 
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water. 
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For  a  full  culture  solution,  use  equal  quantities  of  A,  B,  C,  D,  and  half 
as  much  of  F  and  H.  Add  two  drops  of  J. 

For  a  culture  without  nitrates  use  B,  G,  E,  equally,  half  of  H,  and  two 
drops  of  J. 

For  a  culture  without  potassium  use  C,  D,  E,  F,  equally,  half  of  H,  and 
two  drops  of  J. 

For  a  culture  without  phosphorus  use  A,  C,  D,  equally,  half  of  H,  and 
two  drops  of  J. 

For  a  culture  without  calcium  use  A,  B,  C,  equally,  half  of  H,  and  two 
drops  of  J. 

For  a  culture  without  magnesium  use  A,  B,  D,  G,  equally,  half  H,  and 
two  drops  of  J. 

For  a  culture  without  sulphur  use  A,  B,  D,  I,  equally,  half  of  H,  and 
two  drops  of  J. 

For  a  culture  with  iron  use  B,  C,  D,  equally,  half  of  A,  and  F,  and 
omit  J. 

Use  distilled  water  to  wash  all  soil  from  the  roots  of  the  plants.  Pour 
solutions  into  test  tubes  or  other  containers  (clean)  to  within  one  inch  of 
the  top,  and  label  immediately.  Place  the  roots  of  each  seedling  in  its 
respective  culture,  and  pad  the  stems  with  absorbent  cotton  if  the  roots 
tend  to  slip  down  too  far.  Set  the  tubes  together  on  the  same  sunny 
location,  and  observe  leaves,  stems,  and  roots  carefully  for  two  weeks  or 
more.  Record  any  changes  and  make  a  table  summary  when  the  experi¬ 
ment  is  finished  to  show  the  symptoms  that  indicate  each  mineral 
deficiency. 
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1.  Prepare  a  list  of  the  foods  available  in  your  home  and  note  the 
composition  of  each. 

2.  The  insolubility  of  certain  foods  is  of  great  value  to  plants  and 
animals.  Explain. 

3.  Make  a  diagram  showing  the  distributive  system  of  a  tree. 

4.  The  slice  of  bread  that  you  eat  for  lunch  undergoes  many  changes. 
Describe. 

5.  Make  a  report  on  recent  changes  in  a  specified  section  of  your 
environment  and  describe  the  effect  that  these  changes  have  had  on  plant 
and  animal  life. 

6.  Make  a  sketch  of  a  typical  plant  cell  and  label  each  part. 

7.  How  are  the  parts  of  a  leaf  adapted  to  perform  their  various 
functions? 

(a)  Epidermis  (upper). 

(b)  Palisade  cells. 

(c)  Spongy  mesophyll. 

(d)  Veins. 

(e)  Lower  epidermis. 

(f)  Stomata. 


VITAL  PROCESSES  IN  ORGANISMS 


37 


c 

(Do  not  write  in  the  blank  spaces) 

1.  Photosynthesis  is  the  process  in  which - plants  absorb  energy 

from  the  -  and  store  it  in  the - which  they  synthesize. 

2.  Osmosis  is  the  passage  of  - - -  through  the  -  membranes  of 

cells.  The  chief  movement  of  this  process  is  concerned  with  the  passage 
of  - -  from  the  - - —  solution  into  the - solution. 

3.  The  three  classes  of  foods  upon  which  all  organisms  are  dependent 

are  : - ,  - ,  and  - . 

4.  During  photosynthesis,  the  important  gas - is  released. 

5.  Numerous  molecules  of - ,  the  simpler  sugar,  are  combined  in 

the  synthesis  of  each  molecule  of  - -  or  of - . 

6.  In  the  synthesis  of  protein  molecules,  the  elements  - - , 

— - ,  - ,  and  -  are  always  included.  Other  elements  frequently 

combined  include, - ,  - - ,  - . 

7.  During  digestion,  the  large  — - - molecules  of  foods  are  rendered 

- by  combining  with  molecules  of - through  the  catalytic  action 

of  the  respective  - .  This  process  is  described  as  - - . 


Courtesy  Botanical  Review 

Fig.  1-24.  Tobacco  plants  placed  in  culture  solutions,  April  1,  photographed 
May  15 '  scale  in  inches. 


Key :  1 — no  nitrogen  added,  2 — no  phosphorus  added,  3 — no  potassium  added, 
4 — no  calcium  added,  5 — no  magnesium  added,  7 — no  boron  added,  8 — no  sulphur 
added,  9 — no  manganese  added,  10 — no  iron  added,  6 — all  of  these  elements  added. 
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8.  Digestive  glands  secrete  - . 

9.  Animals  and  humans  obtain  their  requirements  of  vitamins  from 

(a)  - . 

(b)  - . 

(c)  — . 

10.  In  unicellular  plants  and  animals  the  distribution  of  food,  oxygen, 

and  other  chemicals  occurs  by  the  process  of - .  In  the  more  complex 

organisms  distribution  is  assisted  by  a  series  of - . 

11.  Animals  require  a  more  rapid  distribution  than  is  possible  by  the 

conductive  system  of  plants  because  animals  are  - - •. 

12.  The  circulatory  systems  of  higher  animals  depend  for  their  effici¬ 
ency  upon  the  three  factors  of  (a)  -  (b)  - -  (c)  - . 

13.  The  lymphatic  system  of  vertebrates  differs  from  their  blood  cir¬ 
culatory  system  in  being  devoid  of  - . 

14.  Digested  foods  serve  organisms  in  three  general  ways : 

(a)  - . 

(b)  - . 

(c)  - . 

15.  Unicellular  organisms  eliminate  wastes  by - ■  through  the  cell 

—  .  In  segd  plants  the  gaseous  wastes  are  removed  through  either 

- or  - - - —  while  the  solid  wastes  are  frequently  eliminated  by - . 

Among  multicellular  animals  gaseous  wastes  are  removed  by  such  special 
organs  as  - ,  - - ,  - ,  and  other  wastes  by  such  organs  as 

)  . 

16.  When  the  task  of  elimination  is  beyond  the  capacity  of  the  organs 

of  elimination,  the  organism - . 

17.  The  metabolic  cycle  in  cells  includes  the  - - process  of  anabolism 

and  the - process  of - . 

18.  During  respiration  some  usable  food  is  - - —  thus  releasing  — - 

for  use  and  leaving  - - -  and  -  as  wastes. 

19.  1  he  storage  of  food  is  always  accompanied  by  a  reduction  in  the 

amount  of  and  renders  the  foods - .  Each  conversion  of  food 

results  in  a  -  of  energy. 

20.  The  ability  of  all  organisms  to  perpetuate  themselves  is  largely 

dependent  upon  digestion,  circulation,  assimilation,  respiration,  and  the 
additional  four  factors  of - , - ,  - ,  - . 

21.  During  the  process  of  mitosis,  the  cycle  starts  when  the  chromatin 

in  the  forms  into  a  long - .  About  this  time  each  chromosome 

splits  -,  in  order  to  -  the  genes - for  each  daughter  cell. 

Then  the  chromosomes  arrange  themselves  around  the - from  which 

they  migrate  to  the  -  there  to  form  new - . 

D 

1.  Devise  an  experiment  to  illustrate  irritability  in  plants. 

2.  Devise  an  experiment  to  illustrate  irritability  in  animals. 

3.  A  student  crushed  a  piece  of  carrot,  then  divided  the  pulp  into  two 
parts  to  which  he  added  equal  quantities  of  water.  One  sample  he  tested 
immediately  with  iodine,  and  found  that  starch  was  present.  He  set  aside 
the  other  sample  until  the  following  day.  When  he  tested  it  for  glucose, 
h.e  found  that  a  considerable  amount  of  this  sugar  was. present.  He  con¬ 
cluded  that  the  enzymes  in  the  cells  of  the  carrot  digested  the  starch. 
What  criticism  do  you  have  to  offer  as  to  his  technique? 
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SPECIAL  ADAPTATIONS  ENABLE  PLANTS 

TO  LIVE  IN  VARIOUS  HABITATS 

All  organisms,  both  plants  and  animals,  are  con¬ 
fronted  continually  with  variations  in  the  strength 
of  the  environmental  forces  and  in  the  availability 
of  vital  chemicals,  for  no  two  environments  are 
exactly  alike.  It  is  true  also  that  neither  plants  nor 
animals  can  adapt  all  their  vital  processes  to  very 
drastic  changes  in  environment.  Desert  plants  can¬ 
not  live  in  swamps,  nor  can  aquatic  animals  maintain 
themselves  on  dry  hillsides,  and  quick  death  usually 
awaits  those  organisms  that  are  unfortunate  enough 
to  be  transferred  suddenly  to  a  new  environment 
much  different  from  the  old.  However,  those 
organisms  which  remain  close  to  their  original 
habitat  may  become  adapted  to  the  slight  changes 
encountered. 

How  do  plants  make  the  required  adaptations? 

Plants  do  not  plan,  nor  do  they  solve  such  problems 
by  thinking  about  them.  They  become  adjusted  to 
new  environmental  conditions  in  one  or  other  of  two 
ways,  either  by  a  gradual,  induced  modification  of 
existing  organs  of  an  individual,  or  by  suddenly 
occurring  changes  in  their  protoplasm. 

When  the  available  supply  of  soil  moisture  is 
slightly  below  normal,  plants  develop  deeper  root 
systems,  a  larger  number  of  rootlets,  and  more  root- 
hairs.  Similarly,  when  the  supply  of  essential  mineral 
salts  in  the  soil  is  not  plentiful,  plants  usually  pro¬ 
duce  roots  which  are  longer  and  have  more  branches. 

Fig.  2-la.  Jack  Pine  growing  in  three  different  types  of  environ¬ 
ment  :  A — ideal,  B— dry  rock  bluff,  C— swamp. 
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Leaves  of  plants  in  shady  locations  are  broader  than  those  of 
the  same  species  exposed  to  light  of  greater  intensity.  Shaded 
by  surrounding  plants,  trees  or  other  plants  “reach”  up  toward 
the  light.  Stems  of  such  plants  usually  become  quite  long  in 
proportion  to  their  diameters.  These  and  other  such  modifi¬ 
cations  enable  plants  to  survive  in  other  than  their  original 
environments,  and,  by  easy  stages,  to  acquire  the  ability  to 
thrive  in  areas  where  conditions  are  entirely  different. 
However,  such  complete  adaptations  usually  require  many 
years,  and  in  some  instances,  centuries. 


Fic.  2-lb.  Root  systems  of  wheat  plants  display  characteristic  variations  in  soils 
of  different  textures.  Key :  (left  to  right)  sand,  sandy  loam,  clay  loam,  clay. 
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Other  plants  are  so  modi¬ 
fied  by  induced  changes  in 
their  protoplasm  (Chapter  4), 
changes  which  affect  one  or 
more  characteristics  of  the 
next  generation  of  plants, 
that  their  progeny  is  able  to 
thrive  in  a  very  different 
habitat.  Naturally,  some  of 
these  changes  are  not  benefi¬ 
cial  to  the  species  affected. 

When  the  modification  in¬ 
creases  the  ability  of  the 
plant  to  survive  in  the  strug¬ 
gle  for  existence,  the  species 
multiplies  and  occupies  a 
more  important  place  in  its 
environment,  but  when  the 
variation  unfits  the  plant  for 
this  same  struggle,  the  species 
eventually  disappears. 

The  plants  upon  which  we 
are  so  dependent  today  are 
the  descendants  of  countless 
generations  of  other  plants 
which  were  modified  by  the 
many  forces  which  made  up 
their  environments.  Nor  have 
variations  ceased  to  arise. 

Our  modern  plants  are  ex¬ 
posed  to  these  same  influences 

and  are  being  slowly  but  surely  changed  into  new  types. 

At  various  times  in  the  past,  man,  through  his  actions,  has 
upset  the  balance  of  natural  forces.  In  many  instances,  the 
results  have  been  so  serious  that  he  has  been  forced  to  study 
the  situation  and  to  take  steps  not  only  to  find  a  remedy  but 
also  to  prevent  similar  mistakes  in  the  future.  He  has  learned 
much  about  plants  and  the  effects  of  the  various  environmental 
factors  on  their  growth.  Today,  he  is  planning  to  use  this 
knowledge  not  only  in  the  conservation  of  our  fast  dwindling 


Courtesy  B.  C.  Forest  Service 

Fig.  2-2.  Crowded  stand  of  Hemlock  and 
Fir.  Note  the  tall  spindly  trunks  and  scarcity 
of  lateral  branches. 


Key:  A — wild  mustard  (ancestor),  B — kale,  C — 
curly  kale,  D — cabbage,  E — cauliflower,  F — brus- 
sels  sprouts,  G — turnip,  H — koli-rabi. 

natural  supply  of  some  species  and  in 
the  improvement  of  others,  but  also  in 
the  modification  of  several  of  the  more 
important  environmental  factors.  Only 
when  we  understand  the  magnitude  of 
the  problems  involved  can  we  give  our 
intelligent  support  to  these  projects. 

Since  a  classification  of  the  many  types 
of  environment  and  of  the  plants  which 
are  found  in  each  would  require  much 
more  space  than  is  available  in  this  chap¬ 
ter,  only  three  general  types  of  habitat 
— aquatic,  transitional  or  amphibious, 
and  terrestrial — and  the  adaptations 
which  enable  plants  to  thrive  in  each, 
will  receive  consideration  in  this  dis¬ 
cussion. 

What  are  the  chief  factors  affecting 
the  growth  of  plants  which  live  com¬ 
pletely  under  water?  When  we  compare 
the  factors  which  comprise  aquatic  and 
terrestrial  environments,  we  find  several 
striking  differences.  The  two  surround¬ 
ing  media,  water  and  air  respectively, 
differ  in  buoyancy,  in  heat  retention,  in 
heat  conductivity,  in  movement,  in 
amount  of  pressure,  in  resistance  to 
light,  and  in  availability  of  raw  material. 

Buoyancy.  Aquatic  plants  grow  com¬ 
pletely  submerged  in  water  which  is  800 
times  more  dense  than  the  air  surround¬ 
ing  land  plants.  Because  an  organism 
of  constant  size  displaces  800  times  more 
matter  when  immersed  in  water  than  it 

Fig.  2-3.  Native  and  improved  types  of  one 
common  species. 
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does  when  immersed  in  air, 
water  exerts  a  buoyant  force 
800  times  as  great  as  that  of 
air.  Therefore,  because  of 
this  great  buoyant  force  of 
water,  submerged  plants 
need  not  have  stiff  or  rigid 
stems  to  hold  them  in  an 
upright  position.  In  addi¬ 
tion,  since  the  density  of 
most  aquatic  plants  is  almost 
the  same  as  the  density  of 
water,  they  weigh  very  little 
when  immersed  in  water. 
It  is  notable  that  supporting 
tissue  is  almost  entirely  lack¬ 
ing  in  the  stems  of  aquatic 
plants. 

Heat  retention.  Since 
water  has  a  high  specific 
heat,  its  temperature  changes 
very  slowly  compared  with 
the  rate  at  which  the  tem¬ 
perature  of  air  changes.  For 
this  reason,  submerged 
plants  do  not  require  as 
many  special  adaptations  to 
protect  themselves  against 
temperature  variations, 
nothing  equivalent  to  the 
transpiration  from  aerial 
leaves  which  prevents  over¬ 
heating  of  their  tissues  on 
warm  summer  days. 

Heat  conductivity.  Water 
is  a  poor  conductor  of  heat. 
Since  the  warmer,  upper¬ 
most  layers  are  less  dense 
they  do  not  mix  with  those 


Fig.  2-4.  Soil  erosion  frequently  follows  use  of 
summerfallow  system,  particularly  when  the  soil 
enters  the  winter  finely  pulverized  and  nearly 
saturated  with  water. 


Courtesy  U.  .S'.  Department  of  Agriculture 


Fig.  2-5.  Forest  fires  destroy  organic  cover  and 
prepare  soils  for  erosion. 
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below,  and  hence  do  not  transmit  much  of 
their  heat  to  the  lower  strata.  Investiga¬ 
tions  show  that  the  temperature  at  the 
bottoms  of  deep  lakes  remains  at  4°C. 
throughout  the  year.  At  this  temperature, 
ordinary  green  plants  do  not  grow.  They 
thrive  only  in  the  top  thirty  feet  where 
both  heat  and  light  are  available. 

Movement.  Quiet  water  and  moving- 
bodies  of  water  maintain  different  types  of 
organisms.  Moving  waters  usually  contain 
more  oxygen  and  mineral  salts,  while 
stagnant  bodies  of  water  dissolve  more 
carbon  dioxide.  Plants  growing  in  streams 
or  in  coastal  waters  where  there  are  strong- 
tide  rips  require  stronger  stems  or  cables 
than  do  those  anchored  in  quiet  water. 
In  addition,  their  stems  must  be  flexible, 
otherwise  they  would  be  broken  by  the 
rapidly  moving  water. 

Water  flow  also  affects  mineral  distribu¬ 
tion  and  deposition.  If  a  lake  or  other 
shallow  body  of  water  has  both  intake  and 
outlet,  the  water  in  it  will  not  tend  to 
concentrate  any  dissolved  minerals.  On 
the  other  hand,  when  a  body  of  water  has 
no  outlet,  it  is  deficient  in  oxygen  and  it 
develops  into  a  bog,  or,  if  situated  in  a  hot 
dry  region,  into  an  uninhabitable  salt  or 
alkali  lake.  Water  escapes  from  such 
depressions  only  by  evaporation  while  the 
annual  addition  of  minerals  gradually  in¬ 
creases  the  concentration.  As  the  mineral 
concentration  increases,  plants  have  diffi¬ 
culty  in  carrying  on  metabolism,  for  water 

Fig.  2-6.  Compare  the  structure  of  aquatic  plants  with 
that  of  terrestrial  plants.  A-  leaf  of  F.lodea  (cross 
section  X  75),  B— needle  of  Jack  Pine  (cross  section 
X  25,  C — stem  of  Myriophyllum  (cross  section 
X  25),  D — stem  of  cabbage  (cross  section  X  75). 


Fig.  2-6. 
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Photo  by  Wilson 

Fig.  2-7.  A  rich  crop  of  water  plants  with  typical  shrubs,  deciduous  trees  and 
conifers  in  the  background. 


absorption  is  seriously  curtailed.  For  this  reason,  some  bog 
plants,  in  order  to  conserve  water,  have  developed  adaptations 
similar  to  those  of  desert  plants. 

Deposition  of  the  sediment  carried  by  streams  which  drain 
rich  areas  tends  to  convert  shallow  lakes  into  marshes.  Persist¬ 
ent  prevailing  winds  usually  move  sediment  to  the  marshy  lee 
shore  of  any  shallow  lake.  Such  deposits  develop  rich  crops 
of  water  plants  which  serve  as  food  for  many  water  animals. 

Strong  wave  motion  mixes  water  to  a  depth  of  over  100  feet. 
In  the  ocean,  waves  prevent  the  deposition  of  fine  sediment 
close  to  the  shore,  but  they  also  pick  up  mineral  salts  which 
are  beyond  the  reach  of  surface  plants  and  transport  these  to 
the  surface  pasture  zone.  The  great  ocean  currents  caused  by 
the  earth’s  rotation  also  mix  the  ocean  water  and  help  to  main¬ 
tain  a  nearly  constant  mineralization  at  uniform  levels. 

Water  currents  also  distribute  gametes,  seeds,  and  spores. 
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Pressure.  Gravity  pressure  does  not  seriously  affect  plants 
because,  as  mentioned  previously,  most  aquatic  plants  live  in 
the  surface  zone.  Although  gravity  pressure  in  fresh  water 
increases  by  .434  pounds  with  each  foot  of  depth,  at  30  feet 
this  pressure  is  only  about  double  that  of  the  atmosphere  at 
sea  level.  This  increase  does  not  seriously  interfere  with  the 
vital  processes  of  near-surface,  fresh-water  plants,  for  there  is 
a  compensating  equalization  of  pressure  within  each  cell.  At 
depths  greater,  than  60  feet,  unicellular  bacteria  are  almost  the 
only  plants  found.  However,  gravity  pressure  presents  a  very 
serious  problem  for  animals  that  live  either  part  or  all  of  the 
time  hundreds  of  feet  below  the  surface  (Chapter  3). 

Light.  Light  is  a  prime  factor  in  determining  the  distribu¬ 
tion  of  plant  life  under  water.  Only  part  of  the  light  falling- 
on  water  enters  it.  Usually  at  least  3  per  cent  is  reflected,  and 
this  figure  is  much  higher  when  the  sun  is  close  to  the  horizon. 
Hence,  the  length  of  day  underwater  does  not  coincide  with 
the  length  of  day  on  land,  and  it  decreases  rapidly  with  depth. 

Light  rays  of  different  colours  do  not  penetrate  water  equally 
well.  Red  rays  are  exhausted  first  and  the  others  in  order  of 
their  wave  length. 

Because  of  interference  by  dust  and  plankton,  most  waters 
are  pitch-black  at  a  depth  of  300  feet,  whereas,  in  crystal  clear 
water  such  as  that  in  the  Mediterranean,  visibility  is  quite 
good  at  450  feet.  Our  clearest  lakes  and  average,  clean  coastal 


Fig.  2-8.  Only  part  of  the  light  falling  on  water  enters  it. 
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waters  permit  similar  visibility  after  a  descent  of  only  25  feet, 
and  murky  glacial  streams  cut  off  this  amount  of  light  within 
an  inch  of  the  surface. 

Availability  of  raw  materials. 

Ocean  water,  which  contains  a 
high  concentration  of  salts,  is 
deficient  in  a  few  minerals 
required  by  plants,  chiefly 
phosphates  and  nitrates. 

Though  the  concentration  of 
salts  in  river  water  is  much 
lower  than  that  in  sea  water, 
the  growth  of  plant  plankton 
off  the  mouths  of  rivers  is 
more  abundant  than  that  in 
the  open  ocean,  an  indication 
that  river  water  has  the 
nitrates  and  phosphates  which 
plants  need.  Lakes,  slow- 
moving  rivers  and  streams, 
and  marshes  usually  contain 
all  the  minerals  needed  by 
green  plants.  In  addition  to 
being  surrounded  by  water 
containing  most  of  the  min¬ 
erals  required,  plants  growing- 
in  shallow  water  can  supple-  Fig.  2-9.  Spirogyra  has  thin  semi- 
ment  this  source  by  absorbing  Ihfre?* 

Other  salts  through  their  root  duction  by  fission  of  individual  cells.) 
systems. 

Occasionally  a  stream  or  lake  contains  minerals  poisonous 
to  plants.  Such  a  stream'usually  flows  from  a  mine,  smelter  or 
other  concentrated  mineral  deposit  or  from  an  alkali  lake. 

What  adaptations  enable  aquatic  plants  to  absorb  minerals? 

Algae  such  as  Spirogyra  obtain  all  their  minerals  and  gases  very 
simply  by  direct  diffusion  from  the  water.  For  this  method, 
only  thin  semi-permeable  cell  walls  and  contact  with  the  water 
are  required. 
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How  do  aquatic  plants 
eliminate  waste  materials? 
Since  they  are  completely 
submerged  in  water  and  have 
thin  leaves  with  porous  sur¬ 
faces,  aquatic  plants  have 
little  difficulty  in  eliminating 
wastes.  The  carbon  dioxide 
and  water  formed  during 
respiration  diffuse  into  the 
surrounding  liquid.  During 


Fig.  2-1  Ob.  Photomicrograph  of  “blad¬ 
der”.  When  a  small  animal  swims  into 
the  mouth  of  the  bladder,  the  platform 
trips  and  the  bristles  push  the  animal 
into  the  trap. 


Fig.  2-10a.  Bladderworts  have  bladders 
which  trap  small  water  animals. 

Key :  A — submerged  aquatic  stage, 
B — aerial  flowering  spike,  C — cross  sec¬ 
tion  of  stem,  D — cross  section  of  leaf ; 
1 — winter  bud,  2— leaf,  3 — leaflet  modi¬ 
fied  to  form  bladder,  4 — flower,  5 — epi¬ 
dermis,  6 — chlorophyll  cells,  7 — con¬ 
ductive  bundle. 

(sack-like  openings)  are  used 
These  small  animals  die  and 
are  digested  by  enzymes, 
providing  proteins  for  the 
plants. 


Submerged  seed  plants 
usually  absorb  the  minerals 
required  through  rootlets 
rather  than  through  root- 
hairs,  which  are  not  very 
numerous  on  such  plants. 
Their  rootlets  do  not  become 
impermeable  as  do  those  of 
most  land  plants.  Some 
aquatic  plants,  such  as  the 
Bladderwort,  absorb  dissolved 
minerals  through  permeable 
stem  tissues.  The  underwater 
leaves  of  all  plants  are  also 
used  for  this  purpose.  Many 
of  these  leaves  are  very  thin, 
often  hair-like  and  without 
epidermis,  to  provide  a  maxi¬ 
mum  absorptive  area  and  to 
facilitate  diffusion.  Bladder- 
worts  (Fig.  2- 10b)  have  a 
unique  way  of  supplementing 
nitrate  needs.  Small  bladders 
to  trap  small  water  animals. 
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the  hours  when  light  is  available,  the 
carbon  dioxide  available  is  used  in  photo¬ 
synthesis.  Protein  wastes  dissolve  in  the 
surrounding  water  or  collect  as  a  jelly  on 
the  submerged  surfaces  of  leaves  and  stems, 
as  in  water  lilies.  Other  plants  eliminate 
wastes  by  depositing  them  in  their  tissues 
as  insoluble  crystals.  The  oxygen  released 
during  photosynthesis  may  diffuse  out 
slowly,  collect  at  the  surface  of  the  plant 
as  bubbles,  or  escape  through  air  tubes  in 
the  stem. 

The  absence  of  any  cuticle  speeds  natural 
diffusion  and  permits  both  absorption  and 
excretion  to  proceed  simultaneously.  Some 
algae  arrange  their  cells  so  that  each  cell 
has  one  surface  in  contact  with  water. 
Only  the  largest  algae  have  cells  that  are 
not  thus  exposed.  The  leaves  of  pondweed 
are  about  three  cells  thick,  and  cells  in  the 
interior  of  the  deeply  dissected,  hair-like 
leaves  of  water  milfoil  or  water  buttercup 
are  never  more  than  four  or  five  cells 
removed  from  the  surrounding  water. 

How  do  submerged  plants  arrange  their 
leaves  to  obtain  most  light?  Since  water 
impedes  light  rays  (page  46),  particularly 
the  red  and  orange  wave  lengths,  green 
leaves  should  be  near  the  surface.  Diatoms 
achieve  this  result  by  converting  part  of 
their  foods  into  oils  which  are  less  dense 
than  water,  thus  lowering  the  specific 
gravity  of  their  cells.  Drifting  algae  and 
diatoms  also  use  minute  projections,  spines, 
or  filamentous  bristles  which  cause  these 
plants  to  be  lifted  by  disturbances  such  as 
waves.  Others  have  ornate  sculpturing^ 
which  serve  the  same  purpose.  Many  green 
thread-like  algae  similar  to  Spirogyra 


Fig.  2-11.  Two  common  water 
plants,  F — Elodea  and  D — 
Myriophyllum  (Bottle  Brush). 
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Fig.  2-12a.  Various  adaptations  cause  drifting  algae  and  diatoms  to  float  near 
the  surface:  A — oil  drops,  B — filamentous  bristles  (X  430),  C — ornate  sculptur- 
ings,  D — bubbles  of  oxygen. 


entangle  the  bubbles  of  oxygen  eliminated  during  photosyn¬ 
thesis.  These  bubbles  cause  the  whole  mass  of  algae  to  float 
nearer  the  surface.  During  the  night  the  bubbles  disappear  as 
the  oxygen  is  used,  and  the  colony  sinks.  Plants  growing  in 
deep  water  near  the  shore  are  anchored  to  the  bottom  and  use 
various  modifications  of  air  tubes  or  bladders  to  raise  their 
leaf-blades  to  the  light.  Strong  flexible  cables  grow  from  the 
“holdfasts”  which  anchor  the  plants  to  the  rocks.  These 
contain  gas  bladders,  of  which  the  most  noticeable  type  is  that 
in  the  giant  kelp.  In  the  giant  Atlantic  eddy  of  the  Sargasso 
Sea,  the  drifting  sargassum  weed  is  kept  floating  on  the  surface 
of  an  ocean  thousands  of  feet  deep  by  countless  small  bladders. 

In  fresh  water,  submerged  plants  have  very  similar  adapta¬ 
tions.  The  densities  of  nearly  all  their  tissues  are  approximately 
the  same  as  that  of  fresh  water.  Flexible,  string-like  stems 
permit  them  to  yield  readilv  with  every  current.  As  a  substi¬ 
tute  for  xylem  tissue,  which  is  relatively  scarce  in  the  stems  of 
aquatic  plants,  they  have  air  tubes  in  their  stems.  When  one 
of  these  stems  is  cut  transversely,  the  radial  air  tubes  may  be 
observed  clearly  with  the  aid  of  a  microscope. 

In  sheltered  coastal  areas  with  sandy  or  muddy  bottoms, 
plants  such  as  eelgrass  thrive.  The  leaves  of  eelgrass,  which 
are  tightly  folded  around  their  flat  stems,  trap  gases.  Dense 
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meadows  of  their  verti¬ 
cal  leaves  provide  shelter 
and  a  plentiful  supply 
of  oxygen  for  many 
animals. 

How  are  submerged 
seed -plants  pollinated? 

Most  aquatic  seed-bear¬ 
ing  plants  send  their 
flowers  aloft  into  the 
atmosphere  where  they 
are  pollinated  by  wind 
or  insects  as  are  terres¬ 
trial  flowers.  Only  a 
few  submerged  plants 
pollinate  their  flowers 
underwater.  Such  plants 
as  pondweeds  produce 
filamentous  pollen  buds 
that  are  approximately 
the  same  density  as 
water.  Upon  release 
these  chains  of  pollen 
spores  float  slightly  be¬ 
low  the  surface  where 
they  have  a  better  op¬ 
portunity  to  come  in 
contact  with  the  stigmas 
of  suitable  flowers.  The 
stigmas  of  such  under- 


Fig.  2-12b.  Anchored  plants  use  various  modifications 
to  raise  their  leaf-blades  to  the  light. 

Key:  A— bulb  kelp  (10-60  feet),  B — “bulb”,  C— Mon¬ 
terey  weed  (natural),  D— Bladder-wrack  or  Rock- 
weed  (natural),  E — Sargassum  weed  (natural). 


water  flotvers  are  long  and  protrude  from  the  flowers  where 
they  may  catch  the  pollen.  Since  the  pollen  and  stigmas  of 
individual  plants  mature  at  different  times,  self-pollination  is 
very  unlikely. 


How  are  aquatic  plants  adapted  for  dispersal?  Water,  though 
less  effective  than  wind  in  the  distribution  of  seeds,  is,  never¬ 
theless,  an  important  carrying  agent.  Many  seeds  of  aquatic 
plants  are  small  and  heavy  and  sink  to  the  bottom  as  soon  as 
they  are  released.  Most  of  these  have  tough  water-proof  coats, 


and  they  can  lie  on  the  bottom  for  many  years 
without  losing  their  vitality.  This  tough  seed 
coat  also  helps  them  to  resist  digestion  by  ducks 
and  to  pass  through  this  bird’s  digestive  tract 
unharmed.  The  smallness  of  many  of  these  seeds 
makes  it  possible  for  them  to  lodge  in  the  skin 
folds  of  the  feet  of  either  shore  birds  or  ducks. 
As  many  as  127  such  seeds  have  been  removed 
from  the  feet  of  a  single  migrant  duck. 

Other  seeds  have  air  pockets  or  bladders.  These 
not  only  make  the  seeds  light  enough  to  float  on 
the  water,  but  also  provide  greater  resistance  to 
the  infiltration  of  water.  Seeds  with  this  adapta¬ 
tion  are  more  typical  of  those  produced  by  fringe 
zone  plants,  just  as  the  sinking  seeds  are  charac¬ 
teristic  of  plants  that  grow  in  deeper  water. 

Many  water  plants  propagate  also  by  fragmenta¬ 
tion  of  their  parts.  Water  currents,  storms,  and 
animals  break  off  fragments  and  carry  them  to  new 
locations,  some  of  which  are  favourable.  Water 
Pest  (Elodea)  is  a  striking  example.  In  the  space 
of  70  years,  the  progeny  of  a  single  plant  intro¬ 
duced  from  America  spread  to  most  of  the  ponds 
and  streams  of  north-western  Europe. 

Other  aquatic  plants  spread  by  means  of 
rhizomes. 

The  problems  encountered  by  plants  living  in 
transitional  or  marginal  zones  differ  from  those 
solved  by  aquatic  plants.  In  fringe  zones,  para¬ 
doxically,  plants  must  solve  a  difficult  problem, 
namely,  how  to  prevent  drying  out.  Alternating 
high  and  low  waters  flood  the  plants  and  then 

Fir.,  2-13.  .F.elgrass. 

Key:  1 — leaf  blade,  2 — staminate  flowers,  3  pistillate  flowers, 
4 — enlarged  pistil  and  ovary,  5 — ripened  fruit  with  bladdery  coat. 
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leave  them  exposed  to  both  the  hot  rays  of  the  sun  and  the 
drying  winds.  Similar  difficulties  arise  when  the  water  is  too 
cold  to  be  absorbed  by  the  roots,  yet  the  air  around  the  leaves 
may  be  warm  and  dry.  Hence,  strange  as  it  seems,  many  seed 
plants  in  the  fringe  zone  must  be  protected  against  serious  loss 
of  moisture.  Since  they  are  not  supported  by  the  buoyancy  of 
water,  transitional  zone  plants  must  also  produce  strong  stem 
structures  to  resist  the  pull  of  gravity. 

Plants  in  this  zone  must  also  face  more  competition  for  space 
in  which  to  live,  for  the  number  of  species  adapted  for  life 
around  the  margins  of  bodies  of  water  is  much  greater  than 
the  number  adapted  to  the  aquatic  environment.  More  enemies 
are  encountered  also — insects,  ducks,  muskrats,  deer — so  that 
more  defence  mechanisms  and  more  effective  reproductive 
measures  are  essential. 

Methods  of  obtaining  oxygen  and  carbon  dioxide  differ  from 
those  used  by  aquatic  plants.  Minerals  are  obtained  only 
through  a  root  system  or  its  equivalent,  for  leaves  must  be  so 
thick  and  so  tough  to  regulate  transpiration  that  they  are 
useless  for  absorbing  minerals. 

Because  there  are  few  flower-loving  insects,  but  many  air 
currents  over  bodies  of  water,  plants  in  the  fringe  zone  are 
usually  adapted  for  wind  pollination. 

How  are  amphibious  plants  adapted  to  a  transitional  envir¬ 
onment?  Included  among  amphibious  plants  are  many  mosses 
of  which  sphagnum  or 
peat  mosses  are  the  most 
important.  There  are  also 
numerous  seed  plants  such 
as  water  lilies  and  wild 
rice. 

Sphagnum  orpeat  mosses 
cover  large  areas  of  low¬ 
lands  and  have  been  in¬ 
strumental  in  filling  many 
of  our  small  ponds  and 
shallow  marshes.  They 
have  the  ability  to  grow 
out  over  water,  partly  sub- 


.  2-14a.  Sphagnum  moss  invading  drainage  ditch. 
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Fig.  2-  14b.  Sphagnum  moss. 


Key :  A — shoot  bearing  sperms, 
B — sperms  with  flagella,  C — 
shoot  hearing  ovary,  D,  E  and 
F — development  of  aerial 
stage,  G — spore,  H — germin¬ 
ating  spore,  1— producing 
mossy  buds  and  shoots,  J — 
cross-section  of  blade,  K — 
decaying  portion  of  spike, 
]j — dying  portion,  M  —  live 
green  part,  N — invading  ditch. 


merged,  yet  with  some  aerial  shoots.  On 
Lulu  Island,  near  the  mouth  of  the  Fraser 
River,  this  moss  grows  across  drainage 
ditches  four  to  six  feet  wide  in  the  space  of 
three  or  four  years.  This  rate  cannot  be 
maintained  when  the  water  is  deep,  but  in 
such  situations  it  often  forms  treacherous 
narrow  shelves. 

At  the  top  of  each  aerial  shoot,  sphagnum 
moss  produces  a  spiral  cluster  of  green 
blades  that  carry  on  photosynthesis. 
Although  these  blades  perform  all  the  func¬ 
tions  of  true  leaves,  they  are  without  epi¬ 
dermis,  stomata,  palisades,  or  veins.  In  fact, 
only  a  single  kind  of  cell  is  present,  one 
which  is  long  and  sausage-shaped.  These 
are  separated  by  relatively  large  spaces  into 
which  water  may  enter  through  small 
openings. 

Because  of  these  spaces,  a  sphagnum  moss 
can  soak  up  many  times  its  own  weight  of 
water,  and  can  store  it  for  periods  of 
drought.  When  this  supply  is  exhausted, 
the  moss  stops  growing,  but  on  the  return 
of  wet  weather  it  can  absorb  in  a  few 
minutes  that  which  it  took  weeks  to  lose. 

laving  as  they  do,  partly  in  air  and  partly 
in  water,  mosses  have  developed  a  charac¬ 
teristic  way  of  reproducing  themselves.  At 
the  top  of  each  feathery  green  shoot,  one 
special  organ  (an  antheridium)  produces  the 
sperms,  and  another  organ  (an  archegoniwm) 
tlie  eggs.  Water,  raindrops,  or  dew  permits 
the  sperms  to  swim  to  the  eggs  and  to 
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Fig.  2-14c.  Floral  moss  on  drying  screens,  St.  Marc. 


fertilize  them.  From  each  of  these  fertilized  eggs  (zygotes)  a 
strange  new  plant,  a  sporophyte,  grows.  It  is  a  slender  brown 
shaft  supporting  a  spore-bearing  capsule.  This  sporophyte  is 
able  to  resist  the  drying  action  of  air.  When  ripe,  the  sporangia 
inside  the  capsule  break  and  the  light  spores  released  are 
distributed  by  the  wind. 

When  one  of  these  spores  germinates,  a  green,  thread-like 
plant  spreads  over  the  moist  soil  and  produces  buds  from  which 
arise  the  familiar  mossy  shoots.  A  few  short  rhizoids,  which 
resemble  root-hairs,  anchor  the  threads  and  absorb  minerals. 
Since  the  mossy  shoots  produce  gametes  (eggs  and  sperms)  this 
stage  is  called  the  gametophyte  stage.  During  this  period  in 
the  development  of  moss,  it  is  very  dependent  on  water. 

Peat  moss  has  many  uses.  It  forms  an  excellent  packing  for 
the  roots  of  nursery  stock.  When  dried,  it  is  fine  litter  for 
chicken  houses  and  for  other  animals.  Until  recently,  it  was 
used  extensively  in  reclaiming  magnesium  metal.  Decayed 
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peat  is  an  excellent  material  to  add  to  some  soils  in  which  it 
increases  the  aeration,  water-holding  capacity  and,  eventually, 
the  humus  content. 

How  are  seed-plants  adapted  for  life  in  the  transitional  or 
fringe  zone?  Most  of  the  seed  plants  that  thrive  in  the  fringe 
zone  adopt  one  of  two  habits  of  growth.  Plants  of  the  first 
group  (water  lilies)  float  their  leaves  horizontally  on  the  surface 
while  those  of  the  second  group  (reeds,  sedges,  cat-tails,  rushes 
and  many  grasses)  raise  their  leaves  in  a  vertical  position. 

Water  lilies  propagate  vegetatively  by  means  of  large 
rhizomes  which  are  firmly  anchored  in  the  mud  by  many 
stringy  roots.  The  rhizomes  send  up  broad  waxy  leaves  which 
rest  on  the  surface  of  the  water  (Fig.  2-15).  Microscopic 
examination  reveals  that  the  leaf  of  a  water  lily  has  both  upper 
and  lower  epidermis,  but  that  stomata  are  located  only  on  the 
upper  side.  The  reason  is  obvious.  Possibly  because  these 
leaves  are  exposed  to  the  direct  rays  of  the  sun,  two  to  four 
layers  of  palisade  cells  replace  the  normal  single  layer.  Below 
the  palisade  cells  there  are  many  air  spaces  which  increase  the 
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2-1 'Id.  Stack  of  dry  peat  moss,  Pokcmouche. 
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Fig.  2-15.  Water  lilies. 


Key  :  A — domestic  water  lily,  B — yellow  pond  lily,  C — stem  of  domestic  water 
lily,  D — stem  of  pond  lily,  E — leaf  of  water  lily,  1 — stoma,  2 — palisade  cell, 
3 — epidermis,  4 — conductive  bundle,  5 — air  spaces,  6 — spongy  cells,  7 — rhizome, 
8 — mucus  cells,  9 — waste  crystals,  10 — floating  ripe  fruit. 

buoyancy  of  the  leaves.  These  air  spaces  are  threaded  by  chains 
of  small  cells.  In  the  lower  epidermis  are  slime  cells  that 
secrete  a  mucilaginous  substance.  Botanists  are  not  in  agree¬ 
ment  as  to  the  exact  function  of  this  material,  but  some  suggest 
that  it  is  a  waste  substance  which  helps  to  repel  enemies. 

The  provision  for  sexual  reproduction  in  water  lilies  is 
similar  to  that  in  flowers  of  terrestrial  plants.  Each  normal 
flower  has  many  coloured  sepals  arranged  as  a  deep  saucer 
which  guides  visiting  Hies  to  the  reproductive  stamens  and 
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Fig.  2- 16a. 
Sketch  of  wild  rice 


poppy-like  pistil.  An  unpleasant  odour  attracts 
carrion  flies.  Because  of  their  air  sacs  and  air 
canals,  the  ripe  seed  pods  remain  on  the  surface 
for  a  time,  distributing  seeds  as  they  float  about. 

Plants  with  the  vertical  growth  habit  are 
found  in  abundance  in  the  fringe  zone.  Both 
the  vertical,  sword-like  leaves  and  the  stems  of 
these  plants  have  a  thick  waxy  epidermis  which 
prevents  the  plants  from  becoming  water-logged 
during  floods  and  from  drying  out  when  the 
water  recedes  and  dry  winds  blow.  Numerous 
air  canals  through  leaves  and  stems  permit  the 
passage  of  air  downward  to  all  parts  of  the  plant 
even  though  only  the  tips  of  the  leaves  are  above 
the  water.  These  canals,  together  with  the 
xylem  tissue  which  provides  for  the  flow  of 
water  up  to  the  waterproof  leaves,  make  the 
plants  light,  rigid  and  strong. 

Plants  such  as  these  produce  their  flowers  on 
tall  spikes  and  the  wind  disperses  the  pollen. 
The  fruit  of  several,  including  that  of  wild  rice, 
supplies  an  important  part  of  the  diet  of  ducks 
and  other  waterfowl,  particularly  when  much 
energy  is  required  for  migration. 

Among  these  amphibious  plants  many 
animals  of  various  sizes  find  food,  homes,  and 
hiding  places. 

To  what  conditions  must  terrestrial  plants  be 
adapted?  The  terrestrial  environment  differs  in 
several  important  respects  from  both  the  aquatic 
environment  and  the  transitional  zone. 
Although  the  roots  of  terrestrial  plants  are 
embedded  in  soil  which  is  more  or  less  moist, 
the  supply  of  moisture  in  soils  is  not  uniform 
at  all  seasons.  At  the  same  time,  all  parts  of 
such  plants  except  their  roots  are  exposed  to 
i  lie  dehydrating  effect  of  dry  air.  Daily  and 
seasonal  temperature  variations  are  more  abrupt 
and  of  greater  range.  Part  of  the  raw  materials 
required  in  (lie  manufacture  of  food  is  obtained 


from  the  surrounding  air 
(carbon  dioxide),  part 
from  the  soil  (mineral 
salts).  Consequently, 
land  plants  must  possess 
two  absorptive  systems. 

The  support  received 
from  the  air  is  negligible, 
hence  stems  and  leaves 
are  exposed  to  the  full 
force  of  gravity.  Terres¬ 
trial  plants  must  over¬ 
come  this  force  in  their  struggle  for  sunlight,  and  to  do  this 
they  must  develop  strong  supporting  structures.  Special  adapt¬ 
ations  are  required  to  ensure  reproduction  and  also  to  provide 
for  the  distribution  of  their  seeds.  Finally,  because  of  the 
greater  visibility  in  the  land  environment  and  the  wider  distri¬ 
bution  of  odours  on  air  currents,  plants  are  more  exposed  to 
attacks  by  enemies  and  require  special  defence  adaptations  and 
rapid  propagation  if  they  are  to  survive. 

How  do  terrestrial  plants  adapt  themselves  to  variations  in 
the  supply  of  moisture?  Terrestrial  plants  have  developed 
adaptations  by  means  of  which  they  can  exercise  a  considerable 
measure  of  control  over  both  the  absorption  of  moisture  and 
its  transpiration.  During  periods  when  normal  growth  condi¬ 
tions  prevail,  the  many  pairs  of  guard  cells  which  regulate  the 
openings  of  the  stomata  provide  adequate  control  over  tran¬ 
spiration,  but  during  severe  droughts  they  may  not  be  able  to 
restrict  water  loss  sufficiently  to  balance  the  small  intake.  In 
such  circumstances,  plants,  particularly  trees,  compensate  by 
shedding  some  of  their  leaves.  When  the  absorption  of  mois¬ 
ture  by  root-hairs  and  rootlets  is  conditioned  by  the  tempera¬ 
ture  of  the  soil,  as  it  is  in  the  autumn  in  the  northern  portions 
of  the  temperate  zone,  deciduous  trees  curtail  transpiration  by 
shedding  all  their  leaves  and  providing  a  waxy  covering  for 
their  buds.  Conifers  are  able  to  retain  their  leaves  during 
winter  because  of  three  adaptations  which  reduce  transpiration: 
(1)  the  protoplasm  in  their  leaves  is  very  dense;  (2)  the 
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I‘iG.  2-17.  Plants  use  stomata  to  exercise  a  measure  of  control  over  transpiration. 


Key  :  A— epidermis  of  monocotyledon  (lily),  B— epidermis  of  dicotyledon  (salal), 
C — epidermis  of  conifer  (Douglas  tir)  ;  1 — surface  pattern,  2 — enlarged, 
3 — cross.  section,  4 — cross  section  of  Jackpine  in  which  there  is  intensive 
cutinization. 
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epidermis  is  thick,  tough  and  water-proofed  with  cutin;  and 
(3)  each  stoma  is  in  a  deep  pit  in  the  epidermis. 

Similarly,  in  areas  where  the  concentration  of  mineral  salts 
in  the  soil  moisture  is  much  above  normal,  only  a  few  plants 
with  a  high  percentage  of  sugar  in  their  cell  sap  are  able  to 
absorb  sufficient  moisture  to  enable  them  to  survive.  For  this 
reason,  we  grow  sugar  beets  on  reclaimed  alkali  soils,  land 
which  formerly  produced  only  sagebrush.  Included  among  the 
other  adaptations  which  make  it  possible  for  some  plants  to 
live  on  land  in  which  there  is  very  little  moisture  are  long  deep 
roots  (sweet  clover),  stems  protected  by  thick  bark,  and  leaves 
which  are  narrow,  thick,  or  protected  by  either  a  waxy 
epidermis  or  a  coat  of  hairs. 

Contrasting  with  these  adaptations  are  those  required  by 
terrestrial  plants  which  live  on  moist  soil.  These  plants  have 
shallow  horizontal  root  systems,  tall,  somewhat  brittle  stems, 
and  leaves  which  are  broader  and  thinner  than  the  normal  type. 

How  do  terrestrial  plants  obtain  the  mineral  salts  required? 

Only  those  minerals  which  are  dissolved  in  the  soil  solutions 
are  taken  up  by  the  root  systems  of  plants.  These  solutions 
are  formed  by  the  combined  action  of  water  and  acids  upon 
soil  particles.  This  slow  decomposition  of  rock  particles  is 
accelerated  by  the  action  of  substances  put  out  by  the  roots 


Fig.  2-18.  The  leaf  of  Russian  thistle  is  well  adapted  to  conserve  water. 

Key:  A — Russian  thistle  plant,  B — stem,  leaves  and  flowers,  C — leaf  structure, 
D — base  of  stem  and  root  showing  point  where  the  stem  of  this  tumbleweed 
breaks,  E — cross  section  of  leaf ;  1 — waterproof  cuticle,  2 — epidermis,  3 — palis¬ 
ade  layer,  4 — spongy  layer,  5 — xylem,  6 — phloem,  7 — water-storage  cells. 


Fig.  2-19.  Small  alkali  spot  where  the  concentration  of  mineral  salt  is  so  great 
that  no  cultivated  crop  can  survive. 

of  plants  and  by  soil  bacteria.  Decaying  plant  and  animal 
wastes  in  the  soil  release  acetic  and  other  organic  acids  which 
dissolve  minerals  containing  compounds  of  phosphorus  and 
potassium.  The  carbon  dioxide  eliminated  from  toots  during 
respiration  dissolves  in  the  soil  water  and  forms  carbonic  acid 
which  is  particularly  effective  in  the  disintegration  of  limestone 
and  similar  minerals.  Root  enzymes  are  very  active  oxidizing 
agents  that  help  to  decompose  some  rocks.  Hence,  rocks  against 
which  roots  have  been  growing  display  a  lace-like  pattern  of 
channels. 

Soil  solutions  formed  in  this  manner  are  very  dilute  and  the 
absorptive  systems  of  rootlets  and  root-hairs  developed  by 
plants  are  usually  quite  extensive.  The  root-hairs  of  such 
systems  provide  an  area  for  absorption  that  is  at  least  ten  times 
as  great  as  that  of  the  rootlets  alone. 

What  adaptations  enable  plants  to  live  in  frigid  zones? 
Over  the  low  hills  and  flat  plains  of  the  tundras  where  winter 
conditions  prevail  lor  eight  months  out  of  every  twelve,  the 
ground  remains  frozen  to  a  considerable  depth  except  during 
the  brief  summer  season.  Even  during  this  season  the  slanting 
rays  of  the  sun  seldom  thaw  the  soil  to  a  depth  exceeding 
eighteen  inches.  Summer  thaws  fill  lakes  and  sloughs  with  cold 
water  that  cannot  seep  through  the  frozen  subsoil.  These  con¬ 
ditions  are  duplicated  on  the  upper  slopes  of  high  mountains 
and  on  elevated  plateaux. 

G2 


Courtesy  B.  C.  Government  Travel  Bureau 


Fig.  2-20.  Alpine  trees  on  Forbidden  Plateau.  Note  the  short  branches.  Castle 
Crag  Mountain  in  background,  Hairtrigger  Lake  in  foreground. 


While  it  is  not  possible  to  formulate  general  statements 
describing  all  the  adaptations  which  enable  plants  to  survive 
although  exposed  to  conditions  so  unfavourable  to  plant 
growth,  some  adaptations  are  sulhciently  common  to  give  defi¬ 
nite  character  to  the  gen¬ 
eral  appearance  and  habits 
of  the  native  plants.  For 
example,  arctic  and  alpine 
trees  are  much  more 
dwarfed  than  related  spe¬ 
cies  growing  in  temperate 
zones.  Those  growing  in 
valleys  or  other  depressions 
are  usually  compact  and 
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r.  .  .  r  .  ,  riG.  2-21.  Stunted  Spruce  showing  action  of  the 
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slopes  are  dwarfed,  gnarled  and  twisted.  However,  these 
sprawling  plants,  so  common  in  arctic  and  alpine  zones  (Fig. 
2-21)  receive  some  protection  from  the  snow  and  do  not  suffer 
great  injury  from  winter  dessication,  severe  frosts,  and  strong 
winds. 

Although  precipitation  in  these  colder  zones  is  very  light, 
that  supplied  by  the  periodic  showers  cannot  escape  readily 
through  the  permanently  frozen  subsoil  and  is  available  for 
the  use  of  both  plants  and  animals.  In  temperate  zones,  the 
layers  of  soil  are  usually  deeper  and  permit  the  storage  of 
sufficient  moisture  to  meet  the  needs  of  the  flora  during  periods 
of  drought. 

There  is  a  marked  contrast  between  plants  of  the  temperate 
zone  and  arctic  plants.  In  the  temperate  zone,  some  plants 
flower  in  the  early  spring  and  other  species  provide  a  succession 
of  blossoms  until  late  in  the  autumn.  On  the  other  hand, 
because  the  summer  season  is  so  short,  most  arctic  and  alpine 
plants  bloom  as  soon  as  the  snows  have  gone  and  require  only 
a  few  weeks  to  mature  their  fruits  and  seeds  (Frontispiece). 

How  do  plants  in  exposed  situations  withstand  strong  winds? 

Along  exposed  coasts,  on  mountain  slopes,  and  in  some  valleys, 
the  prevailing  winds  are  of  such  frequency  and  force  that  only 
hardy  plants  can  survive.  In  such  locations  every  plant  must 
be  firmly  anchored  by  a  strong  root  system.  Trunks  or  stems 
must  be  dwarfed  to  withstand  the  force  exerted  by  the  winds. 
Some  species  of  trees  have  fluted  trunks  and  buttressed  roots 
which  enable  them  to  withstand  stresses  in  any  direction. 
Twisted  wood  fibres  increase  the  resiliency  and  toughness  of 
stems.  In  very  exposed  situations,  branches  may  be  torn  off 
the  windward  sides  of  trees  or  forced  to  grow  to  leeward  and 
to  present  a  more  stream-lined  contour  to  the  wind  (Fig.  2-21). 

Leaves  must  be  small,  otherwise  the  wind  would  shred  them 
or  blow  them  off.  On  some  plants  leaves  are  produced  close 
to  the  stems  and  are  not  injured  by  winds. 

Another  striking  adaptation  which  permits  trees  to  withstand 
the  force  of  winds  is  the  stepping  effect  common  around  the 
margins  of  forests  or  groves.  "Frees  in  the  most  exposed  forward 
positions  are  squat,  gnarled,  and  sprawling.  Those  in  the 
second,  more  sheltered  rank  can  raise  their  heads  higher  before 
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they  are  exposed  to  the  winds.  Subsequent  rows  each  raise 
their  heads  higher,  acting  collectively  like  a  giant  wedge,  until 
eventually  the  wind  is  raised  enough  to  permit  the  full  normal 
growth  of  the  various  species. 

Flowers  of  terrestrial  plants  employ  a  great  variety  of 
adaptations  and  thereby  ensure  pollination.  The  routes  by 
which  the  pollen  grains  of  terrestrial  plants  reach  their  stigmas 
are  varied  and  not  always  as  simple  as  the  casual  observer  might 
suppose.  In  those  instances  where  pollen  from  the  ripened 
anthers  comes  into  immediate  contact  with  the  receptive 
stigmas  of  the  same  flowers,  these  plants  are  described  as  self- 
pollinated.  Included  in  this  category  are  the  flowers  of  barley 
and  early  violets,  which  never  open,  those  of  wheat  which  are 
open  to  receive  foreign  pollen  for  only  a  few  minutes  and  are 
usually  dependent  upon  their  own  pollen,  and  flowers  such  as 
the  evening  primrose  which  are  pollinated  before  they  open. 
However,  before  any  of  these  flowers  may  be  self-pollinated, 
two  conditions  must  be  met:  (1)  stamens  and  pistils  must 
mature  at  the  same  time,  and  (2)  the  pollen  produced  by  the 
flowers  must  be  potent  on  their  own  stigmas. 

Although  the  flowers  mentioned  in  the  preceding  paragraph 
together  with  those  of  numerous  other  common  plants  such  as 
peas,  beans,  oats,  flax,  tomatoes,  and  potatoes  are  usually 
dependent  upon  self-pollination  for  the  fertilization  of  their 
ovaries,  most  terrestrial  flowers  are  structurally  or  otherwise 
adapted  to  facilitate  cross-pollination. 

The  value  of  cross-pollination  is  apparent  when  the  results 
are  compared  with  those  of  self-pollination,  for  such  a  com¬ 
parison  shows  that  the  cross-pollinated  plants  usually  produce 
more  and  better  seeds,  and  that  the  plants  raised  from  these 
seeds  are  usually  more  vigorous  than  those  which  result  from 
self-pollination.  In  addition,  cross-pollination  results  in  more 
variation  in  the  offspring  than  does  self-pollination,  giving  rise 
to  many  new  combinations  of  characters  each  year.  As  a  result 
of  these  variations,  strains  of  plants  arise  which  are  better  able 
to  resist  unfavourable  factors  in  their  environment.  For  this 
reason,  plant-breeders  usually  resort  to  cross-pollination  to 
produce  new  varieties  of  the  various  domesticated  species. 
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What  devices  or  adaptations  of  flowering  plants  enable 
natural  carrying  agents  to  provide  a  preponderance  of  cross¬ 
pollination  over  self-pollination?  Flowers  of  most  grasses, 
trees,  and  shrubs  are  adapted  in  various  ways  to  capture  wind- 
transported  pollen.  Since  these  plants  lack  both  the  nectar 
that  would  attract  insects,  and  highly-coloured  floral  parts 
which  could  guide  insects  to  the  nectar,  other  devices  are 
necessary.  Most  important  of  these  provisions  is  the  production 
of  enormous  quantities  of  pollen  by  such  species.  So  much 
pollen  is  produced  that  several  thousand  grains  are  wasted  for 
every  grain  that  eventually  finds  its  way  to  a  stigma.  In  addition 
to  the  production  of  large  quantities  of  pollen,  plants  which 
depend  chiefly  upon  wind  produce  pollen  which  is  drier  and 
lighter  than  that  distributed  by  insects. 

On  some  plants,  the  stamens  and  pistils  are  produced  in 
separate  flowers  which  are  described  as  staminate  and  pistillate 
flowers  respectively.  These  may  be  produced  on  different 
parts  of  the  same  plant,  as  in  maize  and  conifers,  or  on  different 


Fig.  2-22.  Flowers  employ  a  great  variety  of  adaptations  to  ensure  wind 
pollination. 


Key:  A — Douglas  Fir,  B — grass,  C — bulrush,  D — hazel  nut,  F, — alder;  1 — stam¬ 
inate  cone,  2 — ovulate  cone  before  pollination,  3— ovulate  cone  after  pollination, 
A — pollen  of  Jack  Pine,  5 — pistils  (or  stigmas),  6— stamens  (or  anthers), 
7 — pollen. 
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plants,  as  in  willows,  poplars  and  maples.  Since  the  flowers  of 
all  these  plants  are  more  or  less  dependent  upon  wind-pollina¬ 
tion,  the  separation  of  “male”  and  “female”  flowers  on  a  plant 
lessens  the  likelihood  of  self-pollination,  and  the  production  of 
staminate  and  pistillate  flowers  on  separate  plants  insures  cross- 
pollination. 

In  order  to  capture  the  pollen,  many  such  flowers,  especially 
those  of  the  grasses,  willows,  and  poplars,  have 
large  feathery  stigmas  (Fig.  2-22).  Conifers, 
so-called  because  they  produce  their  pistillate 
flowers  in  cones,  open  the  scales  of  the  cones 
and  hold  the  latter  upright  to  catch  the  falling 
pollen  (Fig.  2-22).  Later,  when  fertilization  is 
complete,  the  scales  fit  closely  together  and  the 
cones  change  their  position  (Fig.  2-22).  In  the 
latter  position,  they  shed  moisture  readily  and 
protect  the  developing  seeds. 

Some  flowers  which  have  both  stamens  and 
pistils  ripen  their  anthers  and  shed  their  pollen 
before  their  stigmas  are  receptive.  Sunflowers, 
daisies,  carrots,  sugar  beets,  and  parsley  are 
plants  which  produce  flowers  of  this  type. 

Naturally,  these  are  dependent  upon  cross¬ 
pollination  for  the  pollen  required  to  fertilize 
their  ovules. 

In  other  flowers,  such  as  those  of  apple  and 
pear  trees,  plantains,  and  some  grasses,  the 
stigmas  develop  and  are  pollinated  by  foreign 
pollen  grains  before  the  pollen  from  their  own 
stamens  is  shed. 

Flowering  plants  of  another  group,  in  which 
are  sweet  cherries  and  some  orchids,  bear  com- 

Fig.  2-23.  Diagram  of  Lady  Slipper  showing  the  arrange¬ 
ment  of  parts  which  cause  the  bee  to  brush  against  stigma 
before  it  touches  the  anthers. 

Key  :  1— bract,  2— upper  sepal,  3— normal  petal,  4 — bee, 

5—  slipper  formed  by  folding  of  two  edges  of  a  petal, 

6 —  two  sepals  united,  7— masses  of  pollen,  8 — stigma, 

9 — sterile  stamen.  A — bee  enters  flower,  B — inside,  C — seek¬ 
ing  nectar,  brushes  against  stigma,  D — leaving  flower  pushes 
past  pollen,  and  E — emerges. 
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plete  flowers,  but  the  pollen  of  each  plant  is  impotent  on  pistils 
of  the  same  plant. 

Many  plants  which  bear  complete  flowers  develop  and  ripen 
their  reproductive  organs  simultaneously.  Their  flowers  may 
be  either  self-pollinated  or  cross-pollinated,  but  many  of  these 
arrange  their  stamens  and  pistils  in  such  a  way  that  pollinating 
agents  carrying  foreign  pollen  must  brush  against  the  stigma 
before  they  touch  the  anthers.  The  Lady  Slipper  (Fig.  2-23) 
is  an  example.  Thus  the  visiting  insect  leaves  pollen  on  the 
stigma  of  each  flower  entered  and  acquires  a  fresh  load  of 
pollen  which  is  shed  on  the  stigmas  of  flowers  visited 
subsequently. 

When  is  this  relationship  between  plants  and  insects 
described  as  symbiotic?  Every  instance  when  two  organisms 
render  each  other  mutual  assistance  is  an  example  of  symbiosis. 
Hence,  when  a  bee  gathers  nectar  and  pollen  from  a  flower 
and  unwittingly  pollinates  that  flower,  the  relationship  between 
the  two  is  described  as  symbiotic.  A  study  of  pollination  shows 
that  many  plants  are  dependent  for  cross-pollination  upon  this 
symbiotic  relationship,  and  also  that  some  insects  are  specially 
equipped  to  perform  this  important  service  to  certain  plants. 
Bumble-bees,  fig  wasps,  and  the  Pronuba  moth  are  included  in 
this  category. 

When  the  red  clover,  which  is  so  useful  in  North  America, 
was  first  taken  to  Australia,  growers  tried  to  save  seed  from 
their  crops  but  the  results  were  discouraging.  Very  few  of  the 
clover  plants  produced  any  seed.  Eventually,  the  government 
set  up  a  commission  of  agriculturists  and  entomologists  to 
study  the  problem.  These  scientists  discovered  that  in  North 
America  the  bumble-bee  which  pollinated  red  clover  was  the 
only  insect  which  had  sufficient  strength  to  “trip”  the  clover 
flower  and  had  a  proboscis  long  enough  to  reach  down  to  the 
nectaries  at  the  base  of  the  corolla  tube  (Fig.  2-24).  These 
bees  were  introduced  to  Australia  and  thereafter  the  red 
clover  grown  in  that  area  set  its  seed  in  a  normal  manner. 

The  fig  tree  and  the  tiny  fig  wasps  provide  another  example 
of  symbiosis.  The  flower  of  the  fig  tree  is  a  cluster  of  staminate 
and  pistillate  flowers  growing  on  a  stem-end  that  has  been 
pushed  down  and  into  the  stem  itself.  In  its  structure,  it 
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Fig.  2-24.  Bee  pollinating  red  clover  flower  and  Sphinx  Moth  pollinating 
petunia. 

Key  A — bumble-bee  on  clover  blossom,  B — bee  on  floret  (X4)  ;  1 — proboscis, 
2 — nectary,  3 — stigma,  4 — stamen;  C — front  view  of  floret,  D — moth  on  petunia, 
5 — branched  antennae  of  moth,  6 — coiled  proboscis. 


resembles  a  sock  turned  inside  out.  The  female  wasp  squeezes 
through  the  small  opening  into  this  chamber  to  lay  her  eggs 
on  the  ovaries  of  the  few  pistillate  flowers.  In  some  of  the 
chambers,  the  pistils  are  so  long  and  matted  that  the  tiny  wasp 
cannot  deposit  her  eggs  on  the  ovaries,  but  in  her  struggle  to 
reach  them  and,  later,  to  escape,  she  pollinates  the  stigmas. 
From  these  flowers  develop  the  figs  of  commerce.  In  the  flowers 
where  she  succeeds  in  depositing  her  eggs,  the  maggots  which 
hatch  irritate  the  ovaries  and  cause  galls  to  form.  These 
growths  serve  as  food  for  the  larvae.  The  fruit  which  develops 
is  known  as  a  caprifig  or  goat  fig.  When  the  metamorphosis 
of  the  insect  is  complete  a  new  crop  of  wasps  emerge.  After 
mating,  the  females  seek  out  new  figs  and  caprihgs  to  repeat 
the  cycle. 
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Key  :  A — Sundew,  B — Butterwort,  G — Venus  Flytrap,  D — Pitcher  Plant  (com¬ 
mon),  E — Tropical  Pitcher  Plant. 


The  symbiotic  relationship  between  the  Pronuba  moth  and 
the  Yucca  plant  is  even  more  remarkable.  The  tall  Yucca 
plant  is  conspicuous  on  the  dry  lands  of  Arizona  and  Colorado. 
It  has  been  planted  also  in  many  of  our  parks.  Its  flowers  are 
pollinated  by  a  small  moth,  the  Pronuba.  The  female  of  this 
species  pierces  an  ovary  and  lays  an  egg  inside.  Then  she 
searches  for  Yucca  pollen  which  she  forces  into  the  stigma. 
From  this  mass  of  pollen  grains,  so  many  pollen  tubes  develop 
that  every  ovule  is  fertilized.  The  larva  eats  only  a  few  of  the 
developing  seeds,  allowing  the  others  to  mature.  When  there 
are  no  Pronuba  moths  in  the  area,  the  Yucca  produces  flowers, 
but  usually  fails  to  produce  seeds. 

Only  a  few  of  the  many  adaptations  by  which  cross¬ 
pollination  is  effected  have  been  described  in  this  section.  The 
reader  will  encounter  many  others  and  will  find  it  exceedingly 
interesting  to  examine  the  flowers  of  various  terrestrial  plants 
and  to  discover  for  himself  the  provision  made  for  the 
pollination  of  each. 

Terrestrial  plants  use  various  devices  to  trap  small  animals. 
Some  bogs  and  moors  do  not  supply  sufficient  nitrates  or 
ammonia  to  meet  plant,  requirements,  for  organic  materials 
decay  very  slowly  when  immersed  in  water  lacking  oxygen. 
A  few  plants  living  in  such  environments  add  to  their  supply 
of  protein  by  trapping  and  digesting  small  animals. 

The  sundew,  which  can  be  found  in  almost  any  bog  where 
Labrador  Tea  grows,  has  small,  bright  red  leaves  studded  with 
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glandular  hairs  that  bear  droplets  of  sticky  liquid.  Tiny  flies, 
aphids,  and  other  small  insects  are  trapped  when  they  touch 
these  hairs.  The  leaf,  as  it  curls  slowly  over  the  insect,  secretes 
protein  enzymes.  Digested  portions  of  the  insect  are  absorbed 
through  the  epidermis. 

Another  plant,  the  Venus  Fly-trap,  snaps  its  twin  leaf-lobes 
shut  when  an  insect  alights  on  the  leaf  or  touches  any  one  of  its 
many  trigger  hairs  (Fig.  2-25). 

Pitcher  plants  have  leaves  that  are  shaped  like  pitchers  (Fig. 
2-25).  Their  internal  walls  are  lined  with  downward  pointing- 
hairs  and  are  very  slippery.  At  the  bottom  of  each  pitcher 
there  is  a  pool  of  water  in  which  the  hapless  insect  drowns  and 
is  digested. 

Note:  Activities  marked  with  asterisks  should  be  completed  by  all  students. 
Also,  at  least  one  additional  “A”  Activity. 
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Activities 

A 

1.  Problem — To  discover  how  each  of  the  following  plants  is  adapted 
to  its  aquatic  habitat  (select  three)  : 

(a)  Single-celled  algae,  either  fresh-water  or  marine. 

(b)  Either  Spirogyra  or  marine  green  algae  such  as  Sea-lettuce. 

(c)  Kelps  or  bladder-wracks. 

(d)  Pondweeds  such  as  Elodea,  Utricularia  or  Najas. 

Examine  those  available  in  the  area  and  note  how  each  provides  for 
the  performance  of  the  various  life  functions  mentioned  in  the  text.  Make 
simple  diagrams  to  record  significant  points. 

2.  Problem — To  study  the  adaptations  of  sphagnum  moss  to  a  transi¬ 
tional  or  amphibious  environment.  Obtain  fresh  living  sphagnum.  Note 
the  conditions  under  which  it  grows  and  the  arrangement  of  the  parts  of 
the  plant.  Examine  a  blade  under  a  microscope.  Make  diagrams  to  illus¬ 
trate  the  adaptations  observed. 

3.  Problem — To  study  adaptations  of  fringe  zone  plants.'  Visit  a  marsh 
or  slough  and  examine  floating  amphibious  plants  such  as  yellow  pond 
lilies  or  water  lilies,  and  vertical  types  such  as  bulrushes  and  sedges.  If  it 
is  not  convenient  to  visit  a  suitable  place,  study  fresh  specimens  in  the 
classroom.  Examine  microscopic  sections  of  leaves,  stems,  rhizomes,  and 
roots.  Record  observations. 

*4.  Problem — To  prepare  a  map  showing  life  zones  around  a  marsh, 
slough,  or  small  lake.  Observe  the  location  of  each  group  of  any  species 
recognized  and  record  it  on  a  correctly  scaled  map.  Label  each  zone. 
Include  surrounding  slopes,  inlets,  and  outlets. 

*5.  Problem — To  observe  the  adaptations  which  enable  plants  to  with¬ 
stand  a  scarcity  of  moisture.  Visit  a  dry  hillside  or  desert  area.  Examine 
each  type  of  plant  present  and  note  the  adaptations  of  roots,  stems,  and 
leaves. 

6.  Problem — To  study  available  flowers  and  note  how  each  is  adapted 
for  pollination.  Note  the  arrangements  of  stamens,  pistils,  petals,  sepals, 
and  nectaries.  Make  diagrams  of  a  few  and  indicate  the  apparent  purpose 
of  each  structure. 

7.  Problem — To  observe  the  action  of  the  leaves  of  Sundew  upon  small 
insects.  Visit  a  bog  and  carefully  lift  a  few  Sundew  plants  together  with 
sufficient  peat  to  fill  the  bottom  of  a  container  to  a  depth  of  two  inches. 
Arrange  plants  in  a  wide-mouthed  glass  container.  When  plants  have 
recovered  from  transplanting,  place  aphids  or  tiny  flies  on  the  leaves. 
Cover  the  container  with  a  glass  plate  and  observe  the  results. 

8.  Problem — To  tabulate  all  available  data  on  the  pollination  of  plants 
native  to  the  district.  Examine  ten  available  native  plants  and  indicate 
in  a  table  whether  each  is  pollinated  by  insects,  birds,  water  or  wind,  and 
whether  each  is  cross-pollinated  or  self-pollinated. 

B 

1.  What  use  is  made  of  sphagnum  or  peat  moss  in  your  district?  What 
are  some  of  its  novel  uses  in  other  parts  of  the  world? 

2.  What  uses  are  made  of  bulrushes,  true  rushes  and  sedges? 

3.  Which  aquatic  plants  are  native  to  your  district?  Mention  the  five 
most  common. 

4.  Mention  five  plants  found  in  your  district  which  have  a  medium 
water  requirement. 
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5.  Mention  five  plants  found  in  your  district  which  require  relatively 
little  moisture. 

6.  Why  do  horticulturists  usually  plant  hills  of  maize  in  several  par¬ 
allel  rows  rather  than  in  one  or  two  long  rows?  Explain. 

7.  How  do  trees  that  are  exposed  to  strong  prevailing  winds  adapt 
themselves  to  this  factor  in  their  environment? 

8.  Summarize  the  adaptations  by  which  various  submerged  plants 
acquire  adequate  light. 


C 

1.  The  chief  physical  factors  affecting  the  existence  of  plants  in  water 

are  :  (a)  — - ,  (b)  — - ,  (c)  - ,  (d)  - and  (e)  — - . 

2.  During  photosynthesis,  all  green  plants  absorb  a  gas,  - ,  and 

- - to  produce - and  the  waste  gas - - — . 

3.  Submerged  aquatic  seed  plants  possess  very  little  xylem  tissue  in 

their  stems  because  - . 

4.  Although  mosses  can  exist  in  terrestrial  environments  they  are 

handicapped  by  a  lack  of  true - , - and - . 

5.  Transitional  or  fringe-zone  plants  possess  a  fair  amount  of  xylem  in 

their  stems  and  many - for  buoyancy  and  gas  exchange. 

6.  The  leaves  of  vertical  fringe-zone  plants  are  usually  covered  with 

-  or - which  prevent - . 

7.  Roots  of  plants  growing  in  water  or  cold  bogs  are  generally  - . 


Fig.  2-26.  Photomicrograph  of 
living  cell. 


8.  To  prevent  drying  out,  truly 

terrestrial  plants  possess  - on 

leaves  and  green  twigs,  and  - 

on  stems. 

9.  The  chief  functions  of  the 

stem  in  regions  where  there  is  a 
normal  supply  of  moisture  is  to 
- and - . 

10.  Plants  employ  certain  de¬ 
vices  which  enable  them  to  reduce 

evaporation,  namely : - , 

■ — -  and  . 

11.  Agencies  responsible  for 
cross-pollinat’'on  of  plants  are : 

(a)  - (b)  - ,  (C) - 

and  (d) - . 

12.  Devices  employed  by  plants 
to  increase  the  proportion  of 
plants  cross-pollinated  are:  (a) 

■ - ,  (b) - ,  (c)  -  and 

(d)  - . 

13.  Plants  which  trap  insects 
resort  to  this  habit  in  order  to 
obtain  - — - — . 

14.  Examine  the  photomicro¬ 
graph  (Fig.  2-26)  and  complete  the 

key :  1 - ,  2  - 3 - 

4 - ,  5 - ,  6 - . 
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D 

1.  How  would  you  devise  an  experiment  to  measure  the  resistance  of 
various  samples  of  water  to  the  passage  of  light? 

2.  How  could  you  demonstrate  that  organisms  at  great  depths  in  water 
encounter  high  gravity  pressures? 

3.  Without  resorting  to  cross-pollination,  how  may  the  grower  improve 
any  species  of  cultivated  plants?  Explain  fully. 

4.  The  effect  of  environmental  conditions  upon  transpiration  (Experi¬ 
ment).  Three  kinds  of  leaves  were  used  in  this  experiment,  twigs  of  Salal, 
apple  (McIntosh  Red),  and  garden  beans.  The  leaves  of  these  showed 
the  following  properties : 

Salal — heavily  haired,  cutinized,  wax}',  tough,  leathery,  little  sap,  dense 
protoplasm. 

Apple — Slightly  cutinized,  few  hairs,  watery  sap,  fluid  protoplasm. 

Bean — leaves  thin,  no  cutin  or  wax,  few  hairs,  watery  protoplasm. 

The  relative  humidity  was  maintained  at  approximately  40  per  cent 
during  the  trials.  An  electric  blower  provided  the  wind. 


Kind 


Area  of 
Leaves 


Amount  of  Water  (In  Cubic  Millimetres) 
Transpired  in  10  Minutes 
(c)  In  diffused  shade  (d)  In  bright  sunshine 


60°F 

75  °F 

90°F 

105  °F 

60  °F 

75  °F 

90°F 

105  °F 

Salal — 

(a)  No  wind 

1252 

12.5 

20. 

34.1 

46.5 

22. 

31.5 

41.5 

51.3 

(b)  With  wind 

25.3 

33.5 

46.3 

61. 

37.3 

47.1 

58.5 

69.3 

Apple  (Mac)  — 

(a)  No  wind 

1241 

21.3 

32. 

42.  £ 

51.5 

32.3 

45. 

58.5 

70.3 

(b)  With  wind 

32.5 

48.3 

62.5 

73.4 

46.5 

61.3 

75.4 

87.5 

Bean — 

(a)  No  wind 

1263 

33.4 

43.1 

54.5 

67.4 

42.3 

56.1 

69.3 

81.5 

(b)  With  wind 

46.5 

57.3 

74.5 

98.3 

55.4 

72.3 

89.5 

94. 

Leaves 

wilting 

Assume  that  all  the  facts  in  the  foregoing  table  are  correct.  Study  each 
statement  in  the  following  exercise.  Evaluate  each  sentence  and  select 
numbers  (1,  2,  3,  4  or  5)  from  the  scale  to  indicate  your  decision  regarding 
the  accuracy  of  the  respective  statements. 

Scale: 

1.  For  a  sound  conclusion  supported  only  by  the  data  presented. 

2.  For  each  statement  which  is  probably  true  but  for  which  an  insuffi¬ 
ciency  of  data  is  presented. 

3.  For  each  statement  not  related  to  this  immediate  experiment. 

4.  For  each  statement  which  is  probably  false  but  for  which  insufficient 
data  prevents  certainty. 

5.  For  each  statement  which  is  false  because  it  is  contradicted  by  the 
observations. 
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Example:  The  rate  at  which  water  transpired  from  green  leaves  varies.  (1) 

1.  Wind  has  no  effect  upon  the  amount  of  water  transpired  by  green 

leaves.  (1)  - 

2.  The  same  kind  of  plants  growing  on  exposed,  rocky  bluffs  or  open 
spaces  are  subject  to  greater  losses  of  water  than  those  in  sheltered  spots. 

(2)  - 

3.  The  amount  of  water  transpired  by  each  of  these  plants  is  directly 

dependent  upon  the  number  of  stomata  on  the  upper  surface.  (3)  - 

4.  The  amount  of  transpiration  from  green  leaves  increases  with  the 

increase  in  temperature  up  to  about  105°F.  (4)  - - 

5.  Direct  sunlight  seems  to  increase  the  amount  of  transpiration. 

L  i  (5)  - 

6.  Thick,  leathery  leaves  covered  with  wax  or  cutin  transpire  less  water 

per  square  centimetre  than  do  the  thin  ordinary  leaves.  (6)  - — 

7.  The  relative  humidity  has  no  effect  upon  the  rates  of  transpiration. 

(7)  — - 

8.  The  amount  of  water  transpired  by  each  of  these  plants  is  propor¬ 
tional  to.  the  number  of  stomata  on  the  lower  surface.  (8) - 

9.  Providing  the  roots  can  supply  enough  water,  the  simultaneous  action 

of  wind,  high  temperature,  and  bright  sunlight  causes  the  greatest  amount 
of  transpiration  in  these  plants.  (9)  - - 

10.  The  action  of  sunshine  opposes  the  action  of  the  wind  in  causing 

the  leaves  to  transpire.  (10)  - - 

11.  Any  conclusions  based  on  this  experiment  would  be  invalid  because 

the  areas  of  the  leaves  are  not  identical.  (11) - 


CHAPTER  3 


ANIMAL  ADAPTATIONS  TO  ENVIRONMENT  ARE 

MANY  AND  VARIED 

Almost  a  million  different  kinds  of  animals  are  found  on 
earth  today.  Of  these,  more  than  600,000  kinds  are  classified 
as  insects,  100,000  kinds  as  round  worms,  80,000  as  molluscs, 
and  70,000  as  vertebrates.  Included  among  the  backboned 
animals  are  20,000  species  of  birds  and  15,000  species  of 
mammals. 

The  most  remarkable  feature  of  this  great  assemblage  is  the 
extraordinary  range  in  the  structural  modifications  that  have 
developed  from  a  few  basic  types.  In  size  they  vary  from  a 
luminescent  pinpoint,  the  Noctiluca,  to  the  behemoths  of  the 
oceans,  the  sperm  and  baleen  whales.  Many  of  these  variations 
in  structure  appear  to  be  related  to  the  movements  employed 
by  the  various  animals.  Sponges,  although  they  are  true 
animals,  remain  fixed  all  their  lives  and  resemble  plants  in 
appearance;  sandwonns  and  earthworms  burrow;  shrimps, 
squids,  and  fish  swim;  insects,  birds  and  bats  have  mastered 
the  air;  and  mammals  move  over  the  solid  earth  by  running, 
leaping,  climbing,  and  soaring,  using  feet,  and  toes  which  have 
been  specially  modified. 

Diets  of  animals  also  vary  in  kind  and  quantity.  Some 
animals  are  so  small  that  they  can  exist  on  the  meanest  fare 
found  in  cracks  and  crevices,  whereas  the  meals  of  others  would 
be  measured  in  hundred-weights.  Ruminants  eat  green  leaves; 
rodents  prefer  bark  or  seeds;  carnivores  feast  chiefly  on  grass- 
eaters  and  rodents;  and  omnivores  turn  to  whatever  is  available. 
Some  animals  feed  on  insects  exclusively,  others  sip  the  nectar 
from  flowers,  and  many  devour  substances  in  various  stages  of 
decomposition.  These  tastes  and  food-getting  habits  are  features 
of  many  special  adaptations.  Every  device  and  method  seems 
to  be  used  by  one  or  other  of  the  many  kinds  of  animals.  Some 
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Courtesy  Bausch  &  Lomb  Optical 


Frc.  3-1.  An  aquatic  environment  (p2  inch  from  bottom  of  a  pond,  X  250). 
Protozoa:  1 — Euglena,  2 — Heliozoan  (related  to  amoeba),  3 — related  to  Para- 
moecium,  4 — Paramoecium,  5 — Choanofiagellate  colony  (collared  Protozoans), 
6 — Vorticella  (stalked  Protozoans),  7 — Difflugia,  8 — Arcella,  9 — Amoeba, 
10 — Dixinium,  11 — Hydra,  14 — a  small  protozoan,  20 — Stentor,  12 — Rotifers 
(multicellular  animals),  13 — Bryozoa;  Algae:  15 — Spirogyra,  16 — a  green  alga, 
17 — Desmid,  18 — blue-green  alga,  19 — Diatoms. 
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sly  parasites  simply  absorb  digested  foods  through  their  skin; 
others  with  special  mouth  parts  feed  upon  the  interiors  of  their 
hosts.  Some  animals  wait  for  their  food  to  come  to  them,  while 
others  hunt  it  down.  Spiders  spend  ninety-five  per  cent  of 
their  time  just  waiting.  Deep-sea  anemones,  which  feed  upon 
anything  from  the  sea  that  floats  into  their  mouths,  eat  but 
seldom.  Oysters,  clams  and  moles  eat  almost  continuously. 
With  the  exception  of  some  of  the  very  small  species,  every 
animal  has  a  mouth  that  is  specially  adapted  to  the  task  of 
taking  the  food  required  by  that  animal. 

In  addition  to  these  adaptations  which  enable  them  to  move 
about  in  their  various  habitats  and  to  secure  required  food, 
animals  also  possess  adaptations  which  make  it  possible  for 
them  to  reproduce  themselves,  to  defend  themselves  against 
their  enemies  or  to  escape  when  defence'  is  not  possible,  to 
acquire  the  oxygen  required  for  respiration,  and  to  perform 
the  many  other  tasks  which  permit  them,  unconsciously,  to  do 
their  share  in  the  maintenance  of  a  balance  of  life  in  then- 
respective  habitats. 

These  adaptations  enable  animals  to  live  and  thrive  in  such 
widely  diverse  habitats  as  ocean  depths,  open  sea,  seashore, 
bodies  of  fresh  water,  forests,  grasslands  or  plains,  deserts,  the 
air,  and  the  interiors  of  other  organisms.  Many  variations 
occur  within  each  of  these  habitats.  Included  in  this  category 
are  haunts  such  as  bluffs,  hillsides,  mountains,  valleys,  rivers, 
marshes,  and  bogs. 

However,  in  no  case  is  the  adaptation  planned  by  the  animal. 
As  it  is  with  plants,  animals  are  not  conscious  of  the  adaptations 
which  they  make  to  environmental  conditions. 

What  are  the  chief  factors  encountered  by  animals  in  an 
aquatic  environment?  Animals  living  in  an  aquatic  environ¬ 
ment  must  adjust  themselves  to  the  same  factors  as  do  plants 
(Chapter  2).  However,  since  animals  move  about  more  freely 
in  their  search  for  food  and  in  their  efforts  to  escape  from  their 
enemies,  their  responses  to  the  various  factors  do  not  always 
parallel  those  of  aquatic  plants.  The  oxygen  requirements  of 
animals  are  not  constant  and  animals  are  also  affected  to  a 
much  greater  extent  than  are  plants  by  variations  in  pressure 
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and  in  the  availability  of  food,  and  by  the  difficulties  of  loco¬ 
motion  in  this  medium. 

How  are  aquatic  animals  adapted  to  their  environment? 

Oxygen  is  required  for  respiration.  Every  small  aquatic 
animal  absorbs  oxygen  through  its  skin  or  covering  membrane 
in  much  the  same  manner  as  do  small  green  plants,  and  this 
same  membrane  just  as  readily  permits  the  elimination  of 
carbon  dioxide  and  other  wastes.  However,  the  thicker  protec¬ 
tive  skins  of  the  larger  aquatic  animals  do  not  permit  the  ready 
passage  of  oxygen  and  these  animals  have  developed  gills  and 
lungs  of  various  types  to  absorb  this  vital  gas. 

External  and  internal  pressures  must  be  equalized.  Aquatic 
animals,  which  frequently  move  from  one  level  to  another  in 
water,  find  that  adjustments  for  pressure  variations  are  neces¬ 
sary.  The  pressure  in  their  cells  must  equal  the  gravity  pressure 
surrounding  them  if  injury  to  their  cells  is  to  be  avoided. 
Fish  brought  rapidly  to  the  surface  from  great  depths  invariably 
are  exhausted,  often  flabby,  and  frequently  paralyzed  by  the 
pressure  in  their  own  distended  cells.  Moreover,  the  gases 
which  dissolved  readily  in  their  blood  and  were  taken  into 
their  blood-stream  under  the  pressures  which  obtain  at  great 
depths,  bubble  painfully  out  of  the  blood  when  the  animal  is 
brought  to  the  surface.  The  effect  is  similar  to  “divers’  bends” 
and  to  “high  altitude  cramps”  (“aerembolism”).  This  behaviour 
of  gases  in  the  blood  is  simply  stated  in  Henry’s  Law— “The 
amount  of  any  gas  soluble  in  water  is  directly  proportional  to 
the  pressure  applied  on  the  gas”.  The  air-bladder  in  some 
species  of  fish  is  used  to  adjust  its  internal  pressure  when  the 
fish  alters  its  level  in  the  water.  Most  of  the  lower  animals 
simply  equalize  their  osmotic  pressure  and,  since  this  changes 
only  slowly,  they  do  not  rise  or  descend  rapidly.  External 
pressure  affects  the  animal’s  respiration  also  for,  when  it  is 
exposed  to  greater  pressure,  oxygen  diffuses  inward  more 
readily  and  carbon  dioxide  escapes  more  slowly. 

Food.  All  animals  are  dependent  either  directly  or  indirectly 
upon  plants  for  their  food,  and  aquatic  animals  are  not 
exceptions.  Plankton,  composed  of  myriads  of  microscopic 
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plants  and  the  small  animals  that  feed  upon  these  plants,  is 
the  primary  source  of  food  for  most  water  animals.  Many  ol 
these,  including  several  of  the  larger  species,  feed  directly  upon 
plankton  for  at  least  part  of  the  time.  In  order  to  strain  such 
microscopic  food  particles  from  the  water,  these  animals  have 
developed  special  mouth  parts.  For  this  purpose,  the  whale 
shark,  which  feeds  solely  on  plankton,  has  long,  slender,  close- 
set  rakers  on  its  gills.  These  rakers  strain  all  solid  particles 
out  of  the  water  passing  over  the  gills.  Other  animals,  such 
as  crustaceans,  have  leg-like  appendages  that  are  adapted  to 

serve  them  both  as  feet 
and  as  mouth  parts.  Some 
of  their  claws  are  used  to 
hold  the  prey  while  other 
claws  are  employed  to  tear 
it  to  pieces.  Large  jaws 
and  incurving  sharp  teeth 
enable  many  aquatic  ani¬ 
mals  to  hold  their  prey 
and,  in  some  instances, 
cavernous  mouths  and 
throats  permit  their  posses¬ 
sors  to  swallow  prey  whole. 

Many  adaptations  are 
used  which  enable  animals 
to  move  freely  through 
water.  Since  most  aquatic 
animals  are  forced  to 
search  for  food,  many  of  them  have  become  much  more 
active  than  plants.  They  range  in  type  from  the  small 
spherical  or  radial  forms,  which  often  seem  to  find  it  difficult 
to  decide  in  which  direction  to  move,  to  the  extremely 
active  forms  which  have  developed  a  distinct  fore-and-aft  axis 
and  extremely  effective  organs  for  the  propulsion  of  their 
bodies. 

Among  the  lower  forms  such  as  the  Protozoa,  hair-like 
processes  known  as  cilia  or  flagella  serve  as  paddles.  Daphnia 
use  their  antennae  as  propellers.  A  jellyfish  closes  its  umbrella 
to  produce  a  jet  of  water  and  this  causes  its  body  to  move  in 


Fig.  3-2.  Teeth  of  mud  shark;  the  add 
tional  rows  serve  as  replacements. 
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Fig.  3-3.  Adaptations  enable  invertebrate  animals  to  move  through  water. 

Key:  A— Jellyfish,  B — one  type  of  clam  opens  and  closes  shell,  C — Squid, 
D — Noctiluca  with  flagella,  E — Paramoecium  with  cilia. 


the  opposite  direction.  Squids  eject  water  in  jets  through  their 
siphons  and  obtain  a  result  resembling  rocket  propulsion. 
Sandworms  use  the  skin  paddles  on  their  many  pairs  of  legs, 
and  roundworms  drive  themselves  through  the  water  by  a 
snake-like  wriggling  of  inclined  planes.  Shrimps  and  prawns 
swim  backward  by  flipping  their  tail  fins  forward  and  use  their 
abdominal  swimmerets  when  they  move  forward.  Lampreys 
and  fish  employ  folds  of  skin  as  fins  or  paddles  and  these, 
together  with  a  strong  wriggling  motion,  enable  these  animals 
to  balance  themselves  and  to  move  in  the  direction  desired. 

Sense  organs  of  aquatic  animals.  In  order  to  locate  their 
food  and  to  avoid  both  obstacles  and  enemies,  animals  have 
gone  far  beyond  plants  in  the  development  of  true  sense  organs. 
These  organs  respond  to  energies  and  objects  of  the  animal’s 
environment.  Aquatic  animals  employ  organs  of  touch,  sight, 
balance,  smell  and,  possibly,  taste.  Tactile  hairs  on  the  surfaces 
of  crabs  and  shrimps,  when  moved,  irritate  a  cell  below  the 
tough  exoskeleton.  The  antennae  of  prawns,  which  are  usually 
much  longer  than  the  animal’s  body,  are  used  by  these  animals 
not  only  as  propellers  but  also  to  detect  obstacles,  much  as  a 
blind  man  uses  his  cane. 

Eyes.  Considerable  variation  is  noted  in  the  eyes  of  aquatic 
animals.  Near  the  tip  of  each  ray  of  a  starfish  is  an  eye-spot, 
which,  although  unlike  the  efficient  eyes  of  a  fish  or  an  octopus, 
appears  to  guide  this  animal.  Some  deep-sea  fish  have 
unusually  large  eyes  and  are  able  to  see  although  the  light  at 
the  lower  levels  is  very  weak.  The  eyes  of  crustaceans  differ 
from  those  of  other  aquatic  animals  in  that  each  has  a  com¬ 
pound  structure.  This  compound  eye  is  composed  of  numerous 
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Fig.  3-4a. 


minute  eyes  known  as  ommatidia.  Chitons  are 
unique  in  that  they  have  numerous  eyes.  One 
variety  is  reported  to  have  about  12,000  eyes, 
each  approximately  one  thirty-fifth  of  an  inch 
in  diameter. 

Other  sense  organs.  A  variety  of  balance 
organs  inform  their  owners  when  they  are  right 
side  up.  Fish  have  highly  developed  balance 
organs.  These  consist  of  three  semi-circular 
canals  in  the  sides  of  their  skulls  which  are 
much  like  our  own  organs  of  balance.  Fish 
also  have  nostrils  which  serve  as  sense  organs, 
although  they  are  not  used  in  respiration.  Water 
animals  usually  lack  ears  but  most  of  them 
possess  sensitive  spots  which  enable  the  animal 
to  detect  vibrations  or  disturbances  in  the  sur¬ 
rounding  water.  Students  question  whether 
most  fish  can  taste  their  food.  However,  when 
a  mosquito-eating  fish  is  feeding,  it  lias  been 
observed  to  take  both  living  and  dead  wrigglers 
into  its  mouth,  but  to  expel  carefully  the  dead 
larvae  while  it  swallowed  those  that  were  alive. 

The  bodies  of  many  aquatic  animals  have 
become  streamlined.  Streamlining  reduces  fluid 
resistance  and  some  species  thus  adapted  are 
able  to  capture  elusive  prey;  other  species  use 
this  adaptation  to  evade  their  more  cumbersome 
enemies. 

How  does  streamlining  reduce  fluid  resistance? 
At  any  depth  in  water  the  pressure  due  to 
gravity  acts  the  same  in  all  directions — up, 
clown,  forward  and  backward.  When  any  sta¬ 
tionary  body  is  immersed  in  water,  the  pressure 
is  equalized  on  all  parts  of  its  surface.  The 
moment  the  object  moves,  this  equilibrium  is 
disturbed  and  resistances  are  set  up.  The  resist- 

Fig.  3-4a.  Eyes.  A— -compound  eye  on  stalk  of  crayfish  or 
shrimp;  section  of  eye  enlarged  showing  ommatidia,  B — 
simple  eye  of  spider,  C  octopus,  D’  fish,  K  amphibian, 
F-  mammal. 
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ance  to  the  object’s  movement  through  the  fluid 
is  increased  by  the  creation  of  an  area  of  reduced 
pressure  behind  the  object.  This  partial  vacuum 
eliminates  the  normal  fluid  force  that  would 
both  push  the  body  forward  and  balance  the 
force  acting  on  the  front  of  the  body.  Experi¬ 
ments  show  that  the  pressure  behind  a  rectan¬ 
gular  moving  object  is  lower  than  the  pressure 
behind  objects  of  any  other  shape  and  they  show 
also  that  a  rectangular  object  compacts  the 
water  in  front  of  it  to  a  greater  extent  than  do 
bodies  of  other  shapes.  Such  an  object  also  sets 
up  an  uneven  slipstream  or  fluid  flow.  These 
irregularities  or  burbles  of  the  slipstream  retard 
motion.  By  rounding  the  corners,  putting  a 
dull  point  on  the  head  end  tapering  the  rear 
part  of  the  body,  fluid  resistance  is  eliminated 
almost  entirely,  especially  if  the  thickest  part  of 
the  object  is  about  one-third  of  the  distance 
from  the  forward  end  and  the  length  is  about 
four  times  the  width.  The  outline  of  such  a 
body  closely  parallels  that  of  any  fish  capable  of  rapid  motion. 
Streamlining  any  object  permits  the  slipstream  to  slide  easily 
over  it.  At  the  same  time,  the  fluid  closes  in  on  the  tail  of  the 
streamlined  object  with  a  minimum  of  burbling  and  exerts  a 
maximum  forward  push  on  the  object  that  tends  to  neutralize 
head  pressure. 


Fig.  3-4b.  Photomicro¬ 
graph  of  insect’s  eye 
showing  ommatidia. 


Fig.  3-5.  Many  animals  are  streamlined. 


Key.  A — Salamander  (young),  B — Icthyosaur  (extinct  reptile),  C — Penguin, 
D— speedy  type  (tuna),  E— strong  swimmer  (salmon),  F— primitive  fins  (cod)’ 
G — flat-fish  (halibut),  H — Porpoise  (mammal),  I — fin-back  whale  (very  fast), 
J — seal. 
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I  isli  which  have  broad,  short  tails  must  operate  them  in  an 
area  of  turbulence  and  to  counteract  this  disadvantage,  they 
take  wide  sidewise  strokes.  Such  fish  seem  to  weave  through 
the  water.  Very  rapid  swimmers,  such  as  albacore,  yellowfm 
and  giant  tuna  have  long  slender  flukes  which  extend  out 
beyond  the  slipstream  turbulence.  In  this  position  these  lobes 
serve  with  maximum  efficiency,  and  these  fish  need  only  slight 
lateral  motion  resembling  a  vigorous  quivering  to  drive  them 
like  a  flash  through  the  water. 

Streamlining  appreciably  improves  the  efficiency  of  any 
organism  or  object  which  moves  through  water  at  a  rate 
exceeding  one-twentieth  of  a  mile  per  hour. 

Whales  and  dolphins,  mammals  that  have  been  re-adapted  to 
aquatic  life,  employ  streamlining  as  one  of  these  adaptations. 
On  their  streamlined  forms,  only  the  front  limbs  remain  and 
these  have  been  transformed  into  paddle-like  flippers  that  are 
used  for  controls  in  balancing,  rolling  and  sounding.  Of  the 
mammalian  hips  and  legs,  only  a  mere  vestige  remains.  Necks 
of  these  animals  are  short  and  their  bones  are  spongy  and  light. 
No  ear  lobes  catch  the  water  and  increase  friction,  although 
the  ears  are  functional.  The  nostrils,  placed  far  back  on  the 
top  of  the  head,  close  automatically  when  a  whale  “sounds”, 
and  open  when  he  exhales  or  “blows”.  In  his  huge  chest  he 
has  capacious  lungs  which  supply  oxygen  to  his  extensive  blood 
system.  Since  he  lives  in  salt  water,  the  whale  does  not  need 
either  protective  eyelids  or  salivary  glands.  For  obvious 
reasons,  sweat  glands  are  not  required.  A  thickened  layer  of 
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Fig.  3-6a.  Salamander  larva. 
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fat  or  blubber  below  the  skin  insulates  these  animals  from  the 
cold  water,  increases  their  buoyancy,  and  serves  as  a  store 
of  energy. 


How  do  amphibians  differ  from  aquatic  animals? 


When  we  speak  of  amphibians  we  refer  to  frogs,  toads, 
salamanders,  and  newts,  each  of  which  has  the  ability  to  live 
part  of  its  life  in  water  and  part  on  dry  land.  The  forms  with 
which  we  are  familiar  are  the  dwindling  descendants  of  the 
first  backboned  animals 

that  explored  the  land  Heoci  Trunk 

around  their  marshes  and, 
during  the  Carboniferous 
and  Permian  periods,  be¬ 
came  the  rulers  of  the 
earth.  Even  so,  they  were 
not  the  first  animals  that 
learned  to  live  in  both 
water  and  air,  for  insects 
preceded  them  by  several 
million  years.  As  one 

might  expect,  the  pro¬ 

cesses  and  habits  of  amphi¬ 
bians  and  insects  are  simi¬ 
lar  in  many  respects. 


Ear  membrane 


Adhesive  discs 


Web  - 


Leg 


>  Foot 


Courtesy  B.  C.  Provincial  Museum 


Today,  most  amphibious 
animals  are  found  around 
the  margins  of  our  marshes 
and  ponds,  an  environ¬ 
ment  that  provides  food 
and  shelter  for  them  while 
they  are  very  young. 
Although  a  few  species, 
such  as  the  mud-puppies 
never  leave  the  water,  the 
more  typical  amphibians, 
a  group  that  includes  most 
frogs  and  toads,  in  the 
course  of  their  life-history 


Fig.  3-6b.  Structure  of  a  frog  (tree-toad). 


Courtesy  B.  C.  Provincial  Museum 

Fig.  3-6c.  Pacific  Coast  Newt. 
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pass  from  fish-like  to  pre -reptile-like  forms.  During 
the  spring  season,  these  frogs  and  toads  migrate  to 
pools  and  marshes  where  they  mate  and  deposit 
eggs  and  sperm.  The  tadpole  which  emerges  from 
each  of  these  jelly-coated  eggs  closely  resembles  a 
fish  (Fig.  3-6cl).  It  uses  a  rudder-like  tail  to  propel 
itself  and  has  a  streamlined  form.  For  the  first 
few  days  it  has  three  pairs  of  external  gills.  After 
about  four  days,  these  are  replaced  by  four  pairs 
of  internal  gills  which  are  housed  in  a  gill  cham¬ 
ber.  During  the  tadpole  stage,  its  circulatory 
system  is  very  similar  to  that  of  a  fish  (Fig.  3-6d). 
After  its  sucking  mouth  has  developed,  the  tadpole 
feeds  on  microscopic  plants  and  animals  that  it 
finds  in  the  green  slime.  Its  dark  colour  serves  as 
camouflage  for  it  is  similar  to  that  of  the  ooze 
where  the  tadpole  feeds  and  in  which  it  seeks 
shelter  when  enemies  approach. 

When  the  tadpole  has  fed  for  several  weeks 
(two  years  for  bullfrogs),  bud-like  hind  legs  emerge, 
followed  later  by  the  front  legs.  Lungs  develop 
from  outgrowths  of  the  coiled  intestine  and  the 
tail  is  slowly  absorbed.  Glandular  changes  cause 
the  tadpole  to  seek  the  air  and  it  crawls  out  on 
lily  pads,  sticks  or  banks.  It  is  very  awkward  on 
its  new  limbs,  the  modern  form  of  the  first  true 
arms  and  legs.  Four  fingers  terminate  each  arm, 
five  toes  each  foot.  The  bones  of  the  hind  legs 
and  of  the  vertebrae  soon  develop  enough  to 
withstand  long  jumps,  but  the  frog  still  crawls 
clumsily.  About  this  stage  in  the  tadpole’s  develop¬ 
ment,  the  eyes  migrate  from  the  side  and  front  to 
the  top  of  the  head  where  they  bulge  and  act  as 
periscopes.  The  sucking  mouth  of  the  tadpole 
moves  to  the  front  and  develops  the  large  jaws 
used  subsequently  to  catch  insects  and  small 
animals.  Most  remarkable  of  all  the  changes  is 
the  appearance  of  a  new  organ  capable  of 

Fig.  3-6d.  Stages  in  development  of  a  frog  from  egg  to  adult. 


Fig.  3-6d. 


Fig.  3-6e.  A  frog’s  skin  provides  camouflage  when  he  is  on  land  as  well  as 
while  he  is  swimming.  Explain? 


producing  sound,  and  the  ears  that  receive  mating  calls  and 
the  “all’s  well”  of  the  nio-ht. 

O 

The  frog’s  skin  is  mottled  in  a  broken  pattern  for  camouflage 
against  a  green  and  brown  background.  Ordinarily,  mucous 
glands  secrete  a  slime  that  keeps  the  skin  moist  and  enables  it 
to  absorb  up  to  ten  per  cent  of  the  oxygen  required  by  the  frog. 
However,  since  the  skin  is  porous  and  unprotected  by  scales,  it 
dries  out  at  an  alarming  rate  when  the  frog  is  on  dry  land  and 
is  unable  to  absorb  the  usual  amount  of  oxygen. 

Among  amphibious  insects,  the  dragon  flies,  mosquitoes, 
deer  flies,  and  black  flies  are  well  known.  The  dragon  fly 
comes  of  ancient  lineage,  for  its  ancestors  had  wing  spreads 
of  18  to  24  inches  and  flitted  about  the  Carboniferous  jungle 
marshes.  Its  eggs  are  laid  by  the  females  which  skim  over  the 
pond  and  dip  their  abdomens  under  the  surface.  In  some 
instances,  the  males  co-operate  with  the  females  during  the 
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egg-laying  period.  As  the  abdomen  of  the  female  goes  down 
on  an  underwater  stem,  the  male,  clasping  the  head  of  his  mate 
with  the  end  of  his  abdomen,  holds  fast.  When  her  eggs  have 
been  deposited,  the  female  seems  to  require  the  assistance  of 
the  male  in  order  to  escape  the  surface  tension  membrane  of 
the  water  and  to  “take  off”.  The  larvae  (or  nymphs),  which 
hatch  from  the  eggs  in  approximately  three  weeks,  lurk  on  the 


Fig.  3  7.  Life  stages  of  a  dragon  fly. 
Adult  depositing  eggs  on  water  plant,  one 
larva  (or  nynipli)  on  mud,  another  climb¬ 
ing  stem,  and  a  new  adult  emerging. 


oozy  bottom  while  they  await 
the  approach  of  some  luckless 
prey.  In  order  to  obtain  oxygen 
the  larva  draws  fresh  water  into 
its  large  intestine  and  absorbs 
the  dissolved  oxygen.  Subse¬ 
quently,  when  the  used  water  is 
ejected,  the  jets  provide  a  type 
of  rocket  propulsion  for  the 
larva.  When  mature,  each 
nymph  crawls  up  some  blade  or 
reed,  splits  its  exoskeleton  down 
the  back  and  emerges  as  an 
adult.  The  crumpled,  short 
wings  which  the  new  adult 
possesses  require  half  an  hour 
or  more  to  expand  and  harden 
for  flight.  The  adults  eat  other 
insects  in  vast,  numbers  and  in 
great  variety.  They  capture 
their  prey  in  flight. 

Mosquitoes  are  only  too  well 
known  as  adults,  yet  most  resi¬ 
dents  in  urban  areas  do  not 
recognize  the  larvae  or  wrig¬ 
glers  when  they  see  them.  The 
female  mosquito  lays  its  eggs  in 
rafts  on  water  surfaces  that  vary 
in  size  from  those  of  tin  cans  to 
those  of  our  largest  lakes.  Each 
egg  grows  into  a  wriggler  which 
comes  to  the  surface,  “tail  up”, 
in  order  to  breath  through  the 


Fig.  3-8.  Culex  (common  mosquito)  and  Anopheles  (carrier  of  Malaria). 
Capital  letters  indicate  stages  in  the  life  of  Culex,  small  letters  for  Anopheles. 
Key:  A  (a) — eggs,  B(b) — larvae,  C(c)— pupae,  D(d)— adults. 

air  tubes  in  the  posterior  end  of  its  abdomen.  These  wrigglers 
feed  on  algae,  bacteria  or  any  available  small  animals.  When 
they  mature,  the  larvae  are  transformed  into  pupae  which  have 
two  respiratory  horns  on  the  back  of  the  thorax.  After  two  to 
five  days,  the  adults  emerge  from  the  pupae.  Then  the  female 
stridently  buzzes  away  to  find  blood  to  nurture  her  eggs. 
Males,  with  their  large  feathery  antennae,  pick  up  the  high- 
pitched  note  of  the  female  that  guides  them  to  their  mating 
place. 

The  draining  of  their  breeding  grounds  is  one  effective 
measure  used  to  control  mosquitoes.  This  had  to  be  done 
before  the  Panama  Canal  could  be  built  through  the  yellow 
fever  and  malaria  zones.  Oil  may  be  used  for  the  same 
purpose.  When  it  is  spread  on  water,  it  plugs  their  air  tubes 
and  destroys  both  larvae  and  pupae.  In  artificial  pools,  goldfish 
and  other  small  fish  eat  the  larvae. 

In  tropical  countries  the  control  of  mosquitoes  is  imperative 
to  prevent  widespread  outbreaks  of  malaria,  yellow  fever,  and 
other  contagious  diseases.  Malaria  is  carried  by  the  Anopheles 


Fig.  3-9a.  Life  stages  of  Black  Fly. 

Key:  A — adult.  B — fish  eating  larvae,  C — larvae  with  bristles  which  catch  food, 
D— larvae  on  silken  thread,  E — pupa  in  cocoon,  F — pupa  enlarged. 
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mosquito  which  sucks  blood  from  an  infected  person 
or  animal  and  injects  the  spores  into  its  next  victim. 
This  mosquito  can  be  identified  from  its  habit  of 
alighting  “nose  down”,  with  four  feet  on  the  water. 
Its  larvae  rest  horizontally  in  the  water.  Anopheles 
mosquitoes  have  spread  as  far  north  as  Canada  and  may 
introduce  malaria  to  this  region.  The  common  Culex 
mosquito  alights  horizontally,  with  its  hind  legs  in 
the  air.  Yellow  fever  is  carried  by  the  Aedes  or 
Stegomyia  mosquito  which  inhabits  salt  marshes. 

Other  annoying  amphibious  insects  are  the  myriads 
of  black  flies  of  our  northern  woods  and  mountain 
meadows.  Their  larvae  live  in  rapid,  shallow  streams. 
Each  larva  is  attached  to  a  rock,  stick,  or  leaf  by  a 
sucker  on  its  posterior  end.  When  disturbed,  it  spins 
a  silky  thread  and  drifts  downstream,  later  crawling 
back  along  this  cable.  Respiratory  filaments  project 
into  the  water  from  behind  its  head.  During  the 
summer,  the  adults  that  emerge  in  large  numbers  attack 
and  suck  blood  from  deer  and  other  animals. 

In  still  ponds  and  small  lakes  one  can  usually  find 
many  Waterboatmen,  Back-swimmers,  and  Giant  Water 
Bugs  that  appear  silvery  as  the  sunlight  is  reflected  by 
air  blankets  that  surround  and  maintain  them  while 
they  are  submerged.  Their  young  (or  nymphs)  spend 
the  complete  larval  stage  under  water. 

Steel-blue  Whirligig  Beetles  are  amusing  as  they  race 
crazily  around  on  the  surface  film.  These  apparently 
senseless  gyrations  are  reflex  responses  as  the  beetles 
search  for  the  small  animals  upon  which  they  feed. 

Fig.  3-9b.  Common  water  insects.  Key:  1 — Giant  water-beetle, 
2a — Diving  Beetle,  2b  -larvae  or  “Water  Tiger”,  3 — Water  Scorpion, 

4  Water  Boatman,  5 — Back-swimmer,  6a — May  Fly,  6b— larva  of 
May  Fly,  7  Water  Stridor,  8a — Caddis-fly,  8b  larvae  of  Caddis- 
llies  in  protective  shell  and  hollow  twig,  9-  Whirligig  Beetle,  10a 
Damsel  Fly,  10b-  larva  of  Damsel  Fly. 
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WESTERN 


(Mo-xillae) 


Fig.  3-10a.  Life  stages  of 
Western  Horsefly  (adult, 
head,  eggs,  larva). 


Fig.  3-10b.  Life  stages  of 
Deer  Fly  (adult,  head, 
eggs,  larva). 
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A  notable  adaptation  is  the  compound  eye 
which  is  divided  into  an  upper  aerial  portion 
and  a  submerged  portion. 

Water-fowl  are  not  amphibians.  Among 
birds  no  truly  amphibious  type  is  found,  at 
least,  no  type  that  can  actually  live  below  water 
for  a  long  time  or  through  part  of  its  life  cycle. 
However,  many  birds 
that  are  masters  of  the 
air  resort  frequently  to 
water  and  have  found 
certain  adaptations  most 
helpful,  adaptations 
which  make  these  species 
extremely  proficient  at 
swimming  and  diving  or 
at  wading.  Swimmers 
and  divers  are  well 
streamlined  and  each 
has  a  thick  coat  of  feath¬ 
ers,  oiled  from  a  preen 
gland.  Tails  and  wings 
are  reduced  to  a  mini¬ 
mum  size  commensurate 
with  their  use  in  con¬ 
nection  with  flight. 


Among  grebes,  tails  are 
almost  non-existent. 
Legs  are  short  and  set 
Fig.  3-1  la.  Adaptations  well  back  where  they 
of  water-fowl,  cluck  and  enable  the  feet  and  toes 
grebe.  to  exert  a  greater  thrust. 

Among  vegetarians  such 
as  ducks,  the  most  satisfactory  beak 
seems  to  be  a  broad  flat  one  with 
serrated  margins  that  are  useful  in  the 
separation  of  food  from  water  or  ooze. 
Fish-eaters,  such  as  loons  and  grebes, 
have  pointed,  rapier-like  bills  that 


Fig.  3  11 
a  wader. 


lie  heron, 
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penetrate  water  without  a 
splash  to  grasp  the  unfortun¬ 
ate  fish.  Wading  birds  have 
much  longer  legs,  set  “amid¬ 
ships”,  with  long  straight  toes 
that  form  a  mud-shoe  and  pre¬ 
vent  sinking.  As  these  birds 
seldom  submerge,  their  wings 
are  larger  and  beat  more 
slowly  during  flight.  Most 
waders,  being  insectivorous  or 
carnivorous,  have  long  rapier¬ 
like  beaks. 


Courtesy  Canadian  Geographic  Society 

Fig.  3-12a.  Homes  of  beaver  are  situated 
in  shallow  water,  close  to  a  deep  channel 
and  a  convenient  supply  of  saplings. 


No  mammals  are  truly  am¬ 
phibious.  Truly  amphibious 
mammals  do  not  exist,  al¬ 
though  many  of  this  group 
make  equal  use  of  land  and 
water  habitats.  All  such  ani¬ 
mals  must  come  to  the  surface  of  the  water  frequently  to 
breathe.  Muskrats  live  around  marshes  and  beavers  live  in 
timbered  areas  where  there  are 
ponds  and  streams.  Each  has 
a  dense,  almost  woolly  under¬ 
coat  of  fur  that  effectively 
excludes  water.  Overlapping 
this  soft  layer  are  coarse,  pro¬ 
tective  overhairs.  These  ani¬ 
mals  have  short  legs  and  par¬ 
tially  webbed  hind  feet  and 
are  streamlined.  Their  ear¬ 
lobes  are  small.  When  in 
water,  both  use  their  tails  as 
controls.  Beavers  build  their 
homes  in  shallow  water,  using- 
sticks  and  branches.  The  house, 
which  is  entered  through  a 
submerged  passage,  has  an 
upper  chamber  that  is  above 


Courtesy  National  Museum  of  Canada 

Fig.  3-12b.  Muskrat,  the  most  important 
fur-bearing  animal. 
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water  level.  Muskrats  build  similar  houses,  using 
reeds  and  rushes,  or  drive  tunnels  into  the  banks. 
Although  these  animals  visit  adjacent  dry  land  to 
obtain  food  and  building  materials,  they  seldom  stray 
far  from  the  water  which  provides  a  way  of  escape 
from  their  chief  enemies,  the  carnivorous  land 
animals. 

What  changes  were  necessary  in  aquatic  animals 
before  they  were  able  to  master  the  conditions  that 
prevailed  in  adjacent  dry  land  habitats? 

Aquatic  animals  migrated  in  several  great  “waves” 
to  the  dry  land.  Insects  were  the  first.  They  were 
followed  at  intervals  of  many  millions  of  years  by 
reptiles,  birds,  and  mammals,  in  that  order.  The 
transition  from  water  to  amphibious,  then  to  land 
forms  involved  essential  changes,  particularly  in  the 
methods  of  acquiring  oxygen  and  food,  of  locomotion 
in  the  new  environment,,  of  protective  adaptations, 
and  the  utilization  of  new  ways  to  rear  their  offspring. 
In  a  land  form,  the  “aquatic”  stages  of  development 
are  brief  and  embryonic  and  the  terrestrial  adults 
emerge  from  the  eggs  (reptiles  and  birds)  or  are  born 
alive  (mammals). 

Terrestrial  animals  must  have  oxygen.  No  longer 
could  they  use  their  moist  skins  or  gills  to  absorb 
oxygen  from  surrounding  water.  Because  of  the  dry 
atmosphere  and  the  direct  rays  of  the  sun,  skin  and 
gills  could  not  be  kept  moist.  Lungs,  internal  flask¬ 
like  structures,  connected  with  the  outside  air  by  a 
narrow  passageway  and  opening  and  easily  kept 
moist,  were  the  answer  to  this  problem  for  most 
animals.  The  unusually  large  amount  of  air  required 
by  mammals,  because  of  their  activity,  is  pumped 

Fig.  3-13a.  Adaptations  for  respiration  in  a  few  animals  compared 
with  that  in  a  leaf.  Key:  A — a  flask  permits  free  exchange  of 
gases,  B — snail  lias  a  flask-like  opening,  C — frog  has  lungs  with 
slight  folding  of  lining,  D — mammalian  lungs  with  many  air-sacs, 
L — insects  use  trachea  (much  branched  tubes),  F — leaves  have 
stomata  and  air  spaces. 
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into  their  lungs  by  an  arrange¬ 
ment  characteristic  of  animals  of 
this  group.  In  mammals,  muscles 
cause  the  ribs  to  dilate,  the 
diaphragm  is  pulled  down  and 
internal  pressure  is  reduced.  The 
oxygen  inhaled  is  absorbed 
through  the  thin  walls  of  mil¬ 
lions  of  air  sacs  (Fig.  3-13a).  No 
other  living  animals  use  a  dia¬ 
phragm  of  this  type  to  pump  air. 

In  terrestrial  insects,  spiracles 
and  branching  tracheae  have 
replaced  the  gills  used  by  aquatic  species.  These  tracheae 
(Fig.  3-1 3b)  subdivide  into  a  network  of  tubes  that  conduct 
oxygen  to  all  parts  of  their  bodies. 

Acquisition  of  food.  A  greater  variety  of  foods  is  available 
to  terrestrial  animals  than  to  their  aquatic  ancestors.  Adapta¬ 
tions  that  include  modification  of  mouth  parts,  claws  and  sense 
organs  enable  the  former  to  use  the  new  types  of  food.  Each 
member  of  the  three  great  groups — insects,  reptiles,  and 
mammals — developed  its  own  method  of  discovering  and 
taking  its  food.  Of  the  many  adaptations  developed  by  the 
various  species,  only  a  few  can  be  mentioned  in  the  space 
available  for  this  discussion. 

How  insects  take  their  food.  The  mouth  parts  possessed  by 
a  typical  terrestrial  insect  are  illustrated  in  Figure  3-14. 
Insects  that  feed  almost  exclusively  upon  nectar  or  other  liquid 
foods  have  developed  tongues  or  proboscides  that  are  specially 
adapted  to  take  the  food  sought  by  each.  For  example,  the 
honey-bee  has  a  relatively  short  proboscis  compared  with  that 
of  the  bumble  bee  which  is  capable  of  removing  nectar  from 
the  base  of  a  corolla  tube  such  as  that  of  a  red  clover  flower. 
Butterflies  and  moths  have  relatively  long  proboscides  specially 
adapted  to  reach  to  the  bottoms  of  the  common  tubular  flowers. 
These  long  sucking  tubes  are  coiled  when  not  in  use  (Fig. 
3-14-B).  Some  insects,  such  as  aphides  and  mosquitoes,  insert 
their  proboscides  into  the  food  source  and  suck  the  liquid 
through  these  tubes,  whereas  others,  including  some  flies  and 


Fig.  3-13b.  Photomicrograph  of  tracheae  in 
mouth  of  house  fly. 
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Fig.  3-14.  Mouth-parts  of  insects  are  adapted  to  take  the  food  required. 

Key.  A — typical  “chewing”  mouth  of  grasshpoper,  B— coiled  “sipping”  pro¬ 
boscis  of  moth,  C — “drilling  and  sucking”  organ  of  mosquito,  D — “rasping  and 
sponging”  mouth  of  house  fly,  E— “lapping”  proboscis  of  bee,  F— “piercing  and 
sucking”  mouth  of  aphid;  1 — upper  lip,  2 — chewing  jaws  (mandibles),  3a — 
helping  jaws  (maxillae),  3b— palps  or  feelers,  4a— lower  lip  (labium), 
4b — palps  of  lower  lip. 

bees,  lap  the  liquid  in  a  manner  similar  to  that  in  which  a  cat 
drinks  milk. 

Grasshoppers,  ants  and  other  insects  that  take  solid  food  have 
developed  strong  jaws.  These  insects  hold  their  food  with  their 
lower  jaws  (maxillae)  while  they  bite  and  chew  it  with  their 
upper  jaws  (mandibles).  Some  wasps  paralyze  their  prey  by 
stinging  it  and  then  devour  it. 

Apparently,  all  insects  depend  at  least  partially  upon  then- 
feelers  (palpi)  and  hairs  scattered  over  their  bodies  for  the 
sensations  of  touch,  taste,  hearing  and  smell  that  lead  them  to 
their  food  supply.  In  addition,  most  insects  have  well  developed 
eyes,  both  compound  and  simple. 

Reptiles  that  have  adopted  land  habitats  use  various  adapta¬ 
tions  to  obtain  their  food.  Of  the  reptiles  that  followed  insects 
from  the  aquatic  to  the  land  environment,  many  species  of 
lizards,  snakes  and  turtles  still  thrive  in  land  habitats.  Croco¬ 
diles,  alligators  and  many  others  long  ago  returned  to  their 
original  environment.  With  the  exception  of  lizards,  the  body 
movements  of  reptiles  that  live  on  land  are  usually  slow  and 
awkward.  Therefore,  in  order  to  capture  their  prey,  these 
well-camouflaged  animals  usually  remain  stationary  until  the 
unsuspecting  victim  comes  within  easy  reach  and  then  they  lash 
out  lo  strike  and  paralyze  it  or  to  seize  it.  One  variety  of 
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turtle  moves  its  head  so  quickly  that  it  is  called  the  “snapping 
turtle”.  Some  snakes  such  as  rattlers  and  copperheads  strike 
their  victims  with  their  fangs  and  in  many  instances  the  poison 
thus  injected  paralyzes  the  animal  attacked.  Bull  snakes, 
pythons  and  boa  constrictors  coil  themselves  about  their  victims 
and  crush  them.  Most  com¬ 
mon  reptiles  have  inward 
curving  teeth  that  prevent 
the  escape  of  animals  seized 
and  permit  their  movement 
in  one  direction  only,  which 
is  inward.  Large  mouths  and 
throats,  coupled  with  flexible 
jaw  hinges,  allow  reptiles  to 
swallow  relatively  large  prey 
while  it  is  still  whole.  Ordi¬ 
narily,  the  different  kinds  of 
reptiles  feed  upon  other  ani¬ 
mals,  anything  from  insects 
to  small  mammals  being 
acceptable. 

Terrestrial  mammals  em¬ 
ploy  a  variety  of  adaptations 
to  take  and  digest  their  food. 

When  they  are  feeding, 
terrestrial  mammals  use  their 
front  feet  or  hands  in  various 
ways.  These  may  be  used  to 
uncover  food,  to  catch  and  hold  it,  or  to  convey  it  to  their 
mouths.  Similarly,  each  of  the  four  types  of  teeth  possessed  by 
these  animals  is  adapted  for  special  work — the  incisors  for 
cutting,  the  canines  for  grasping  and  tearing,  the  premolars 
and  molars  for  crushing  and  grinding.  Measurements  indicate 
that  man  can  exert  a  pressure  exceeding  300  pounds  per  square 
inch  on  food  held  between  his  molars. 

Usually,  each  mammal  grows  two  sets  of  teeth  during  its 
lifetime.  In  the  temporary  or  milk  set  there  are  fewer  teeth 
than  in  the  later,  permanent  set,  for  the  immature  jaws  of 
young  animals  are  smaller  than  those  of  the  adults.  As  an 


Courtesy  B.  C.  Provincial  Museum 


Fig.  3-lSa.  Mouth  of  rattlesnake. 

Key.  A — nostril,  B — sensory  pit,  C — fleshy 
sheath,  D — fang,  E — gullet,  F — opening  to 
windpipe,  G — teeth,  H — tongue  (in  sheath). 
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animal  grows,  its  jaws  become  larger  and 
provide  space  for  additional  teeth  as  well 
as  replacements  for  the  temporary  set. 

Carnivorous  mammals  have  canines  that 
are  highly  developed  and  deeply  rooted. 
Their  molars  and  premolars  are  arranged 
to  cut  like  shears.  The  incisors  of  rodents 
are  adapted  for  their  work  in  two  ways: 

(1)  their  roots  never  die  and  by  continuous 
growth  compensate  for  the  part  of  the  teeth 
worn  away  while  the  animals  are  gnawing; 

(2)  these  teeth  carry  most  of  their  enamel 
on  the  front  surface  and  have  only  poorly 
protected  dentine  at  the  back.  This  soft 
dentine  wears  faster  than  the  enamel  and, 
as  a  result,  the  edges  of  the  incisors  closely 
resemble  sharp  chisels.  Elephants  use  their 
tusks,  which  are  their  incisors,  to  dig  roots. 
Moles,  shrews,  and  bats  have  needle-pointed 
teeth  that  puncture  the  exoskeletons  of 
insects  and  also  enable  these  animals  to 
capture  slippery  worms.  Cows  and  other 
ruminants  lack  incisors  and  canines  in  the 
upper  jaw,  but  possess  broad,  ridged  pre¬ 
molars  and  molars  that  they  use  to  masti¬ 
cate  the  leaves  and  stems  of  plants.  The 
teeth  of  a  few  common  mammals  are  illus¬ 
trated  in  Figure  3- 15b. 

Some  herbivorous  mammals  have  capa¬ 
cious  abdomens  to  accommodate  large 
stomachs  and  lengthy  intestines.  The 
digestive  systems  of  such  animals  depend 
upon  the  secretion  of  generous  amounts  of 
the  starch  enzymes.  Both  insectivorous  and 
carnivorous  mammals  have  shorter  digestive 
tracts  because  the  animal  protein  upon 

Fig.  3-1 5b.  Teeth  of  mammals.  Key:  A — skull  of 
ancestral  mammal,  B — bat,  C — cat,  D—  dog,  F. — primi¬ 
tive  pig,  F — horse,  G — deer,  H — rabbit,  I — whale 
(baleen  showing  rakers),  J — whale  (toothed). 
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which  they  are  dependent  is  easily  digested 
by  powerful  protein  enzymes.  Omnivorous 
animals,  which  turn  to  any  convenient  food, 
have  enzymes  to  meet  their  needs.  The  four- 
chambered  stomach  possessed  by  every  rumi¬ 
nant  is  an  adaptation  to  the  “eat  and  run” 
habit  of  this  type  of  animal.  Hurriedly 
swallowed  roughage  is  stored,  temporarily, 
in  the  first  chamber  or  rumen.  Subsequently, 
this  food  passes  along  to  the  reticulum  where 
it  is  formed  into  balls  suitable  for  regurgi¬ 
tation  and  mastication  when  the  animal  has 
an  opportunity  to  rest.  When  the  food  is 
swallowed  for  the  second  time,  it  passes  to 
the  omasum  where  it  is  exposed  to  the  action 
of  enzymes,  and  thence  to  the  abomasum 
where  the  digestive  processes  are  very  active. 


Fig.  3-16a.  Legs  of  Amphibians  (A) 
and  of  terrestrial  animals  (B)  compared. 


A  variety  of  adaptations  enable  terrestrial 
animals  to  move  themselves  from  place  to 
place.  When  aquatic  animals,  either  by 
choice  or  by  accident,  visit  dry  land,  they 
quickly  discover  that  movement  on  land  is 
a  vastly  different  matter  from  movement  on 
or  through  water.  The  friction  between 
their  bodies  and  the  earth,  and  the  loss  of 
the  buoyant  force  normally  exerted  by  the 


Fig.  3-16b. 

Foot  and  leg  of  a  bee  (X  150) 
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Courtesy  B.  C.  Provincial  Museum 


Fig.  3-17.  Snakes  are  rib  walkers.  Key :  A — bull  or  gopher  snake,  B — rattle¬ 
snake,  C — Northwestern  garter  snake. 


water  which  surrounded  them  in  their  natural  habitat,  are 
handicaps  which  few  formerly  aquatic  animals  have  overcome. 
Most  of  those  species  that  have  survived  the  migration  from 
water  and  have  successfully  occupied  the  land  habitat,  have 
raised  themselves  off  the  earth  by  acquiring  legs  directly  under 
their  bodies.  Insects  use  six  relatively  long  legs.  Often  the 
hairs  along  the  legs  of  land  insects  are  equipped  with  barbs 
which  may  be  used  to  grip  objects.  These  barbs  take  the 
place  of  the  feather  paddles  possessed  by  aquatic  insects. 
Snakes,  the  more  common  of  the  reptiles,  are  rib-walkers. 
When  they  crawl,  the  edges  of  the  scales  on  their  under  surface 
are  pressed  against  any  irregularities  by  the  ends  of  the  many 
pairs  of  fine  ribs.  The  snake  progresses  by  a  sidewise  wriggling 
and  not  by  an  up-and-down  motion  as  imaginative  artists 
suggest.  Some  other  reptiles  and  most  mammals  have  four  legs, 
although  a  few  species,  including  man,  walk  upright  on  two 
legs.  Similarly,  birds  balance  their  weight  on  two  legs.  Many 
terrestrial  animals  have  grown  long  legs  and  thereby  achieve 
more  speed,  an  adaptation  that  would  be  a  hindrance  rather 
than  a  help  to  the  animals  that  scramble  over  the  floor  of 
the  ocean. 

External  differences  in  the  organs  of  locomotion  used  by 
terrestrial  animals  are  readily  apparent.  However,  although 
their  arms  and  legs  appear  to  be  entirely  different,  examination 
reveals  a  remarkable  similarity  between  the  bones  and  the 
arrangement  of  these  in  the  limbs  of  all  terrestrial  mammals. 
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Fjg.  3-18a.  Skeletons  of  vertebrates  are  similar  in  many  respects. 
Key :  A — man,  B — horse,  C — bat,  D — cat,  E — seal,  F — alligator. 
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Fig.  3-181).  Skeletons  of  vertebrates. 

Key :  G — bird,  H — frog,  J — cow,  I — kangaroo. 


This  similarity  is  particu¬ 
larly  noticeable  in  the 
upper  parts  of  the  limbs, 
the  chief  variations  occur¬ 
ring  in  the  hands  and  feet 
(Fig.  3-1 8a). 

Apparently,  the  basic  type 
of  foot  with  its  five  digits, 
characteristic  of  early  pre¬ 
historic  mammals  (Chapter 
5),  did  not  meet  the  needs 
of  all  these  animals.  Those 
that  were  not  so  dependent 
upon  speed,  either  to  cap¬ 
ture  their  food  or  for  sur¬ 
vival,  have  continued  -  to 
walk  upon  the  soles  of  their 
feet  and  the  palms  of  their 
hands.  Men,  monkeys,  rac¬ 
coons  and  bears  are  included 
in  this  group.  In  order  to 
escape  from  their  enemies 
most  of  these  resort  to 
climbing.  Incidentally,  to 
attain  his  maximum  speed, 
man  runs  on  the  “balls”  of 
his  feet  and  does  not  touch 
the  earth  with  his  heels. 
Dogs  and  cats,  dependent 
upon  speed,  travel  entirely 
on  their  fingers  and  toes. 
Horses  and  deer,  even  more 
dependent  upon  speed, 
walk  and  run  on  finger  nails 
and  toenails,  claws  that 
have  become  so  large  and  so 
thick  that  they  are  described 
as  hoofs.  The  hoof  of  a 
horse  was  formed  by  the 
development  of  the  nail  on 
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the  middle  finger  (or  toe),  the  so-called  “cloven  hoof”  of  cow  or 
deer  by  the  equal  development  of  two  toenails.  The  cloven 
hoof  is  an  advantage  when  an  animal  grazes  on  swampy  land. 
Additional  adaptations  are  mentioned  in  Table  No.  7. 


Table  No.  7. 

Feet  and  Leg  Adaptations  of  Terrestrial  Mammals 


Adaptations 

Functions 

M  animals 

“Cloven  hoofs”  ;  long  straight 
legs ;  long  palms ;  long  insteps  ; 
two  dewclaws. 

Speed  over  any  terrain  ; 
dewclaws  act  as  brakes  ; 
defence. 

Deer,  antelope, 
cowrs,  sheep,  goats, 
pigs. 

Only  one  toe  on  each  foot ; 
long  legs ;  long  straight 
palms  and  insteps. 

Speed  on  dry  uplands ; 
defence. 

Horse,  zebra, 
donkey. 

Long  muscular  hind  legs ; 
small,  short  front  legs ; 
long  muscular  tail. 

Used  for  leaping  and 
bounding;  defence; 
balancing. 

Kangaroo. 

Five  sharp,  gripping  claws ; 
short,  bent  legs ; 
bushy  tails. 

Climbing,  running, 
holding  food, 
rudders. 

Squirrels,  mink, 
marten,  weasel. 

Five  long  fingers, 
opposable  thumb. 

Walking,  climbing, 
swimming,  holding  food. 

Man,  monkey, 
“hand”  of  squirrel. 

Membranes  along  sides. 

Volplaning  or  gliding. 

Flying  squirrel. 

Short  legs ;  tough, 
strong  claws. 

Digging,  tunnelling. 

Badger,  mole, 
gopher. 

Sharp,  retractile  claws ; 
legs  of  medium  length ; 
padded  feet. 

Speed  catching  prey ; 
climbing,  silent 
movement. 

Cat  family. 

Legs  straight,  medium 
length;  padded  feet. 

Speed,  endurance. 

Dog  family. 

What  protective  adaptations  are  used  by  terrestrial  animals? 

Every  species  of  land  animal  must  adapt  itself  to  seasonal 
variations  in  weather  and  to  the  climate  of  the  area  which  it 
has  adopted  as  its  habitat.  It  must  also  possess  adaptations 
which  make  it  possible  for  it  either  to  evade  its  enemies  or  to 
defend  itself  against  those  species  that  attack  it. 

The  different  species  of  insects  use  a  variety  of  adaptations 
which  enable  them  to  survive  the  rigours  of  winter  in  temperate 
and  frioid  zones.  Insects,  such  as  ants,  that  live  for  one  or  more 
years,  store  surplus  food  during  the  summer  season  and  use  it 
during  the  winter  months.  Queen  bees,  the  only  members  of 
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colonies  of  bumblebees  that  live  through  the  winter,  pass  this 
season  in  a  condition  somewhat  resembling  hibernation.  All 
the  adults  of  many  species  of  insects,  including  aphides,  die  in 
the  autumn,  but  leave  eggs  which  hatch  during  the  following 
spring.  The  larvae  of  other  species,  such  as  bud  moth  and 
codling  moth,  seek  shelter  for  the  winter  in  crevices  or  under 
loose  bark.  Tent  caterpillars  hatch  during  the  autumn,  but 
the  larvae  do  not  leave  the  eggs  until  the  buds  are  bursting  on 
the  trees  the  following  spring.  Other  species,  including  some 
of  the  common  butterflies  (Mourning  Cloak)  and  moths 


(Polyphemus),  pass  the  winter 


Fig.  3-19.  'One  of  the  Sphinx  Moths, 
showing  how  thoroughly  it  blends  with  the 
hark  of  the  tree. 


as  pupae  and  emerge  as  adults 
in  the  spring.  The  chitinous 
exoskeleton  that  covers  the 
skins  of  insects  prevents  ex¬ 
cessive  loss  of  moisture  from 
their  bodies.  In  order  to 
escape  detection  by  their  nat¬ 
ural  enemies,  many  insects 
depend  upon  colour  markings 
that  serve  as  camouflage,  others 
upon  mimicry  (Fig.  3-19). 

Other  species,  such  as  bees, 
wasps,  and  ants  that  are 
equipped  with  either  stings  or 
special  jaws  and  have  dis¬ 
covered  that  “in  unity  there  is 
strength”,  are  quite  capable  of 
defending  themselves  against 
ordinary  enemies. 

Reptiles  hibernate  during 
the  winter  season  and  depend 
upon  their  scales  and  thick 
skins  for  protection  against 
high  temperatures  at  other 
seasons.  These  adaptations, 
together  with  special  colour 
markings,  protect  some  species 
against  other  animals.  Turtles 
have  armour  ii)  the  form  of  a 
horny  plate. 
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Courtesy  Department  of  Mines  and  Resources,  Ottawa 

Fig.  3-20a.  Northern  animals  such  as  Musk-Oxen  require  thick  fur  coats  and 
a  way  to  defend  themselves. 


Notable  among  mammalian  adaptations  to  the  land  environ¬ 
ment  are  their  skins  and  their  fur.  The  thick  stratified  skin  of 
mammals  resists  loss  of  water  and  yet,  because  of  its  sweat 
glands,  it  is  able  to  act  as  a  radiator  and  to  release  excess  heat. 
Another  factor  affecting  the  body  temperature  of  an  animal  is 
its  size.  When  animals  of  a  species  increase  in  size,  the  increase 
of  area  through  which  heat  may  escape  is  not  in  proportion  to 
the  increase  in  weight.  Another  adaptation  that  conserves  much 
heat  for  northern  mammals  is  the  characteristic  thick  fur  coat 
which  is  renewed  each  autumn.  Such  coats  are  made  up  of 
two  layers,  (1)  a  thick  undercoat  composed  of  thick  fine  hair, 
and  (2)  an  overcoat  of  long,  wiry  hairs  that  resist  wear  and 
provide  adequate  camouflage.  Since  each  hair  receives  oil  from 
a  gland  in  the  follicle,  these  heavy  fur  coats  not  only  conserve 
heat  but  also  keep  the  skin  relatively  dry.  Some  animals  such 
as  foxes,  coyotes  and  squirrels  have  thick  bushy  tails  which  they 
use  as  wraps  to  keep  their  feet  and  noses  warm  while  they  are 
asleep. 

All  fur  coats  also  provide  a  measure  of  protection  for  animals 
that  are  attacked  by  their  own  or  other  species.  Unique  in  this 
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respect  is  the  coat  of  the  porcupine  which  has  many  stiffened 
hairs  with  barbed  tips.  These  hairs  or  “quills”  are  pulled  from 
their  roots  by  the  slightest  contact  and  cause  painful  wounds 

in  the  paws  and  mouth  of  any 
animal  that  attacks  them. 

Although  most  terrestrial  ani¬ 
mals  resort  to  flight  when  they 
are  attacked,  each  species  pos¬ 
sesses  at  least  one  defensive 
adaptation  which  it  will  use 
upon  occasion.  Chief  among 
such  adaptations  are  teeth,  feet, 
claws,  hoofs,  and  tails.  Not  the 
least  effective  of  defensive 
adaptations  is  that  employed  by 
skunks,  a  type  of  chemical  war¬ 
fare  against  which  there  is  no 


Fig.  3-20b.  Skin  and  hair  protect 
mammals.  A — section  of  skin  show¬ 
ing  :  1 — outer  layer  of  epidermis  which 
resists  loss  of  water,  2 — living  layer  of 
epidermal  cells,  3 — connective  tissue, 
4— layer  of  fat,  5 — sweat  gland,  6 — 
hair  in  follicle;  B — fur  coat  composed 
of :  7 — long  coarse  overhairs  and  8 — 
short  soft  hairs  that  provide  insulation. 


reliable  defense. 

Cows  and  horses  have  long- 
tails  or  tail  hairs  which  they  use 
to  drive  away  flies  and  mos¬ 
quitoes.  Several  species  use 
their  tails  to  warn  other  animals 
of  the  approach  of  danger. 
Included  in  this  group  are 


antelope,  mule  deer,  and  rabbits  which  signal  by  flashing  their 
light-coloured  tails;  and  beaver  which  use  their  tails  to  slap  the 
water.  Opossum  and  monkeys  have  long  prehensile  tails  which 
they  use  when  climbing  trees. 


What  adaptations  enable  terrestrial  animals  to  reproduce 
and  rear  their  young  in  this  environment? 

Owing  to  the  relative  dryness  of  the  atmosphere  and  the 
extremes  of  temperature  encountered,  reproductive  measures 
used  by  most  aquatic  and  amphibious  animals  cannot  be 
employed  by  terrestrial  species.  Instead  of  depending  upon 
the  fertilization  of  jelly-coated  egg-cells  by  sperm-cells  after 
they  have  been  deposited  in  the  surrounding  medium,  terres¬ 
trial  animals  provide  for  the  fertilization  of  egg-cells  before  the 
latter  are  deposited.  Insects,  birds,  and  reptiles  store  sufficient 
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food  in  their  eggs  to  maintain  the  embryos  while  these  are 
developing  and  they  also  provide  a  protective  cover  for  each 
egg.  These  protective  coats 
consist  of  membranes  which 
permit  the  inward  passage  of 
oxygen  but  retard  the  out¬ 
ward  movement  of  moisture. 

Birds  and  reptiles  provide 
additional  protection  in  the 
form  of  semi-porous  shells. 

Because  mammalian  eggs 
do  not  possess  either  the 
protective  membranes  or  the 
abundant  food  supply  pres¬ 
ent  in  the  eggs  of  birds  and 
reptiles,  each  mammalian 
embryo  is  dependent  upon 
its  mother  for  protection  and 
nutrition  while  it  is  develop¬ 
ing.  Each  mammalian  mother 
carries  her  young  internally 
in  an  enlarged  part  of  the 
oviduct  known  as  the  uterus 
or  womb  and  thereby  sup¬ 
plies  the  food  and  protection 
required.  Special  structures 
develop  which  provide  for 
the  nutrition  of  the  embryo 
and  for  the  removal  of 
wastes.  A  membrane  (Am¬ 
nion)  filled  with  fluid  encloses 
each  embryo.  Another  mem-  JIG'  a"2!'  Each  maiinmalr  embrY°  . is 

,  /aii  -  ,  r  111CU1  dependent  upon  its  mother  for  protection 

Drane  (Allantois)  forms  a  very  and  nourishment.  A — female  reproduc- 

absorptive  surface  through  tive  s>'stem»  B— parts  of  uterus  enlarged. 

which  the  embryo  receives  Key:  1— ovary,  2— oviduct  (Fallopian 

nutriment  and  oxygen  by  tube),  3 — wall  of  uterus,  4 — receptive 

diffusion  from  tl-ip  maiPrml  Iayer  ,  a,nd  capillaries,  5— embryo  sup- 
,  .  ‘  m  1  .  maternal  ported  by  umbillical  cord,  6— vestige  of 

mood  Stream  and  into  which  yolk  sac,  7— allantois,  8— villi  of  placenta 
it  discharges  nitrogenous  nvhi,c,h  facilitate  exchange  of  materials, 
wa<te  nm/lnrt,  .  9—; blood  capillaries,  10— amnion,  11—  am- 

waste-products.  The  maternal  niotic  fluid  which  supports  embryo. 
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circulatory  system  which  brings  the  food  and  oxygen  removes 
the  waste  products  (Fig.  3-21). 

Gestation  period.  The  time  required  for  a  fertilized  ovum 
to  pass  through  all  embryonic  and  foetal  stages  preparatory  to 
birth  is  usually  referred  to  as  its  gestation  period.  The  length 
of  this  gestation  period  varies  widely  for  the  different  mammals 
(Table' No.  8). 


I 


I 


I 


Table  No.  8.  Gestation  Period  of  Mammals 

( For  reference  only ) 


Kangaroo 

35  days 

Carnivores 

Whale 

about  365  days 

Weasel 

40  days 

Elephant 

660  days 

Skunk 

40  days 

Mink 

44  days 

Rodents 

Cat 

60  days 

Mouse 

21  days 

Otter 

61  days 

Muskrat 

21  days 

Dog 

62-67  days 

Rabbit 

30  days 

Fox 

63  days 

Rat 

21-28  days 

Badger 

210  days 

Beaver 

90  days 

Marten 

240  days 

Fisher 

365  days 

Ungulates 

Pig 

112  days 

Human 

270-290  days 

Sheep 

150  days 

Goat 

150  days 

Cow 

270-280  days 

Horse 

330  days 

Female  mammals  provide  milk  from  mammary  glands 
during  the  infancy  of  their  offspring  while  these  are  preoccu¬ 
pied  with  the  task  of  adjusting  themselves  to  terrestrial  life. 
This  ideal  food  provides  all  the  nutriment  required  by  these 
young  animals  during  the  time  they  are  growing  and  learning 
to  shift  for  themselves. 

Because  land  environments  are  complex  and  severe  and  the 
period  of  infancy  is  long,  special  parental  care  is  required. 
This  care  is  provided  and  is  a  potent  factor  in  the  survival  of 
the  various  species.  It  is  significant  that  those  mammals  that 
exhibit  best  care  of  their  young  also  produce  fewer  offspring. 

How  are  some  animals  adapted  to  a  subterranean  life? 
Worms  of  many  kinds  have  abandoned  their  original  aquatic 
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Fig.  3-22.  Animals  adapted  to  a  subterranean  life. 

A— earthworm  feeding,  B — mole  lizard,  C — pocket  gopher,  D— common  mole, 
1 — front  foot  of  gopher,  2 — home  of  gopher. 


life  to  live  in  moist  soil.  These  have  so  many  characteristics 
in  common  that  the  earthworm  may  be  selected  as  typical. 

Shape.  The  long  cylindrical  or  torpedo  shape  (Fig.  3-22) 
so  suitable  for  life  in  water  serves  worms  equally  well  for 
tunnelling  through  moist  earth.  The  softness  of  their  bodies 
permits  them  to  pass  easily  through  tunnels. 

Locomotion.  Earthworms  have  bristly  outgrowths  operated 
by  bands  of  muscle  which  make  it  possible  for  them  to  grip  the 
sides  of  tunnels.  When  the  tail  is  attached,  the  head  end  is 
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driven  forward  as  far  as  possible.  Then  the  head  is  fixed  and 
the  tail  end  drawn  up.  By  repeating  this  sequence,  earthworms 
move  ahead. 

Oxygen.  All  subterranean  worms  are  skin  breathers  like 
their  aquatic  cousins.  Hence,  an  earthworm  must  keep  its 
delicate  skin  moist  by  secreting  mucous  from  glands,  for  when 
its  skin  becomes  dry  it  suffocates.  Everyone  has  observed  the 
result  when  earthworms  migrating  across  a  sidewalk  are  dried 
by  the  morning  sun. 

Senses.  Subterranean  worms  are  very  sensitive  to  vibrations 
and  pressure.  Robins  capitalize  on  this  fact  when  they  tap  the 
ground  and  disturb  the  earthworms.  Although  all  their  aquatic 
relatives  possess  eyes  or  eye-spots,  earthworms  and  other  under¬ 
ground  worms  have  lost  this  sense. 

Food.  Earthworms  feed  largely  upon  decaying  leaves  and 
small  particles  of  organic  matter  in  the  soil.  An  earthworm 
extrudes  its  pharynx  through  its  jawless  mouth,  surrounds  the 
food  and  then  draws  the  pharynx  and  food  into  its  mouth.  The 
engulfed  food  enters  an  almost  straight  digestive  tube  and 
passes  along  this  to  be  stored  temporarily  in  the  crop.  Subse¬ 
quently.  the  moist  food  passes  into  the  muscular  gizzard  where 
it  is  pulverized  by  the  action  of  sand  during  peristaltic  motion. 
Digestion  of  the  food  is  completed  in  the  small  intestine  where 
enzymes  are  active  and  numerous  blood  vessels  absorb  the 
digested  products.  Indigestible  materials  are  deposited  at  the 
surface  of  each  burrow  as  the  familiar  worm  casts. 

Reproduction.  Earthworms  are  hermaphroditic,  that  is, 
each  worm  produces  both  sperms  and  eggs.  However,  although 
each  worm  is  bisexual  it  does  not  fertilize  its  own  ova.  Instead, 
two  worms  approach  each  other  closely  and  exchange  sperms. 
These  are  stored  in  special  receptacles  until  the  eggs  are  ready. 
When  the  eggs  are  ripe,  a  leathery  girdle  picks  up  the  eggs  and 
sperms  in  a  slimy  fluid.  As  the  girdle  slips  over  the  head  of 
the  worm,  its  ends  snap  shut  to  enclose  the  eggs  and  sperms  in 
a  private  pond  where  they  unite.  Although  these  worms  have 
left  the  aquatic  environment  they  have  not  changed  their 
method  of  reproducing  their  kind. 


ANIMAL  ADAPTATIONS 


111 


How  are  moles  adapted  for 
underground  life? 

A  mole  is  a  mammal  with  a 
cylindrical  body.  It  has  a  small 
head  and  a  pointed  nose.  Short 
legs  which  are  used  for  excavating 
do  not  interfere  with  movement  in 
tunnels.  The  front  feet  (or  hands)  . 
are  enormous,  toughly  calloused, 
and  equipped  with  long  tough 
claws  that  can  shift  earth  in  a 
hurry.  The  diminutive  hind  legs 
are  placed  at  the  sides  to  obtain  a 
maximum  grip  on  the  tunnel  walls. 
A  mole’s  fur  is  remarkable  in  that 
its  velvety  pile  will  lie  in  any  direc¬ 
tion  when  it  is  stroked.  The  ad¬ 
vantage  of  this  characteristic  when 
a  mole  is  moving  in  a  tunnel  is 
obvious. 

Moles  are  almost  blind,  but  this 
is  no  handicap,  for  eyes  have  no 
value  underground.  To  more  than 
compensate  for  lack  of  sight  their 
noses  are  soft  and  sensitive  to  both 
odours  and  vibrations.  The  im¬ 
portance  of  this  adaptation  is 
apparent  when  we  learn  that  moles 
feed  chiefly  upon  earthworms  and 
juicy  grubs. 

How  were  animals  adapted  to 
aerial  life? 

Paleontologists  and  biologists  in¬ 
form  us  that  animals  have  mastered 
the  air  thirty  different  times  but 

Fig.  3- 23a.  Flying  animals— modern.  1 — bat, 

2 — cabbage  butterfly,  3 — volplaning  frog, 

4 — parachuting  lizards,  5 — man  using  glider, 

6 — ballooning  spider,  7 — flying  squirrel. 
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that  only  four  of  these  successful 
animals  were  true  fliers.  These 
were:  (1)  the  insects,  (2)  the  flying 
“dragons”  or  pterodactyls,  (3)  birds 
and  (4)  bats.  Among  other  animals 
which  learned  to  volplane  or  soar 
are: 

1.  Volplaning  frogs  of  Java  that 
have  huge  webbed  feet  which 
enable  them  to  soar  from  tree 
to  tree. 

2.  Parachuting  lizards  of  the  far 
East  which  have  skin  stretched 
over  elongated  ribs. 

3.  Swooping  lemurs  of  Malay, 
animals  the  size  of  cats,  cap¬ 
able  of  doing  seventy  yards  to 
a  “jump”. 

4.  Flying  squirrels  of  Canada 
that  have  a  loose  fold  of  skin 
along  each  side  which  makes 
it  easy  for  them  to  glide  from 
tree  to  tree. 

5.  Ballooning  spiders  which 
have  been  carried  by  their 
gossamer  threads  to  heights 
of  10,000  feet. 

Insects  were  the  first  animals  to 
fly.  They  used  two  pairs  of  wings 
formed  from  thin  outgrowths  of 
skin  and  exoskeleton.  Ancient  fly¬ 
ing  reptiles  used  thin  skin  stretched 
from  an  unusually  long  fifth  digit 
to  their  tails.  Birds  developed  a 

Fig.  3-23b.  Flying  animals — both  prehistoric 
and  modern.  1 — carboniferous  insect,  2 — 
pterodactyl,  3 — jumping  reptile  (ancestor  of 
birds),  4 — pteranodon,  5— archeopteryx, 
6 — humming  bird  emulating  helicopter. 
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feathered  fan  on  each  hand 
and  arm.  Bats  used  a  skin¬ 
wing  composed  of  thin  skin 
stretched  between  four  long 
slender  fingers,  which  left  the 
thumb  free. 

How  do  birds  differ  from 
other  animals? 

Every  part  of  a  bird  is  built 
about  its  wings.  A  stream- 
lined  body  with  a  framework 
of  light,  hollow  bones  is  the 


Courtesy  Department  of  Mines  and  Resources ,  Ottawa 

Fig.  3-24a.  Feather  pattern  serves  as  camou¬ 
flage  when  Rock  Ptarmigan  is  on  her  nest. 


hie.  3-24b.  The  parts  of  feathers. 
A— wing  feather,  B— down  feather, 
C — filoplume ;  1 — barbs  of  leading 
edge,  2 — barbs  of  trailing  edge, 
3— barbs  enlarged,  4 — barbules, 
5 — hooks  on  barbules  for  interlock¬ 
ing,  6 — downy  barbs  (without 
hooks),  7- — shaft  or  quill. 


fuselage  upon  which  the  wings 
operate.  Each  feather  has  a  main 
shaft  or  quill  that  branches  into 
innumerable  parallel  barbs. 
These  in  turn  subdivide  into  a 
criss-cross  pattern  of  barbules 
locked  together  by  microscopic 
hooks  or  barbicels.  Barbs  on  the 
leading  or  outer  edge  of  each 
wing-feather  are  shorter  than  on 
the  trailing  edge.  This  arrange¬ 
ment  forces  each  feather  to  rotate 
slightly  on  the  up-stroke  of  the 
wing  and  provides  openings  be¬ 
tween  the  feathers  through  which 
the  air  may  pass  readily.  On  the 
downstroke  of  the  wing,  the 
feathers  overlap  and  the  whole 
wing  becomes  a  broad  blade 
through  which  air  cannot  pass. 
Owls  fly  silently  because  the 
barbs  on  the  tips  of  their  wings 
are  soft,  whereas  grouse  and 
pheasant,  with  stiff  hard  barbs, 
have  a  very  noisy  flight. 

Wings  are  operated  by  massive 
muscles  which  are  attached  to 
keel,  a  vertical 
113 
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outgrowth  from  the  breastplate.  These  muscles  are  so  powerful 
that  when  they  contract  they  would  press  the  breast-bone  flat 

against  the  backbone  were  they  not  opposed 
by  three  bones  on  each  side,  bones  that  are 
arranged  like  a  tripod  to  distribute  the 
strain.  These  bones  are  known  as  the 
clavicle  or  wishbone,  the  coracoid  which 
takes  most  of  the  strain,  and  the  sabre-like 
scapula  running  along  the  side  near  the 
backbone  (Fig.  3- 18b).  To  withstand  these 
forces,  the  backbone  is  rigid  from  the  base 
of  the  neck  to  the  tail.  Both  the  hollow 
wing  bones  and  other  large  bones  are  well 
reinforced  by  light  cross-pieces.  To  provide 
maximum  stability,  the  wings  articulate 
high  against  the  backbone  and  most  of  the 
body  weight  is  suspended  below. 


Breathing  and  body  temperature.  Lungs 
are  fitted  tightly  against  the  backbone  in 
the  fore  part  of  the  body  cavity  and  air  sacs 
spread  throughout  the  body  These  sacs 
assist  in  gas  exchange  and  in  the  elimina¬ 
tion  of  water,  a  necessary  provision,  for 
bixds  lack  sweat  glands  and  do  not  expel 
urine.  Birds  lequire  much  oxygen  to  main¬ 
tain  their  high  level  of  activity.  Their 
temperature  is  not  constant,  ranging  from 
103°F.  to  112°F.  At  these  high  tempera¬ 
tures  their  muscles  are  always  ready  for  use. 
High  body  temperatures  also  speed  up 
digestion  and  inciease  its  efficiency.  The 
blanket  of  down  feathers  and  filoplumes 
provides  innumerable  insulating  air  cells 
and  helps  to  maintain  the  high  body  tem¬ 
perature.  Down  feathers  lack  the  central 

Fig.  3-25.  Wings  of  birds  are  adapted  for  various 
types  of  use.  A — humming  bird  (hovering),  B— 
swallows  (turning  quickly),  C— grouse  (sprinting), 
D — eagle  (soaring),  E  owls  (strong  flight). 
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shaft  possessed  by  contour  feathers,  while 
filoplumes  resemble  miniature  palm  trees. 


Tails.  No  other  animals  have  tails  similar 
to  those  developed  by  birds.  These  are  used 
as  elevators,  rudders,  counter-balancers,  and 
brakes  during  ordinary  flight.  Graceful  birds 
such  as  terns  and  swallows  have  long  outer 
tail  feathers  which  enable  these  birds  to 
manoeuvre  more  easily  than  can  birds  with 
short  tails.  To  use  it  as  a  brake  while  flying, 
a  bird  spreads  its  tail  and  cuts  it  down  sharply 
below  the  body  line.  When  a  bird  is  perched 
on  a  slender  twig,  its  use  of  its  tail  as  counter¬ 
poise  is  obvious.  Soaring  birds  such  as  hawks 
and  eagles  have  broad  tails.  Woodpeckers 
and  nuthatches  rest  their  stiff,  pointed  tail- 
feathers  against  the  bark  while  they  climb 
trees.  Water  birds  have  small  pointed  tails. 
Each  species  has  the  type  of  tail  best  suited 
to  the  needs  of  that  bird. 

Feet.  Since  they  use  their  front  feet  as 
wings,  birds  are  forced  to  walk  upon  their 
hind  feet.  Four  toes,  usually  three  forward 
and  one  back,  articulate  with  a  long  ankle, 
foot  and  instep,  all  of  which  are  fused 
together  to  provide  a  light  economic  struc¬ 
ture.  The  tibia  is  present,  but  the  fibula  is 
vestigial.  The  head  of  the  femur  moves  in 
the  socket  of  the  pelvic  girdle  which  is  rigidly 
joined  to  the  sacrum  and  to  the  backbone, 
feet  and  legs  of  birds  have  been  adapted  to 
the  needs  of  the  various  species.  A  few  of 
these  adaptations  are  indicated  in  Table  No.  9. 

Fig.  3-26.  Feet  of  common  birds  and  chief  adaptations. 
A — robin  (perching),  B — grebe  (diving  and  swimming), 
C — nighthawk  (general),  D — woodpecker  (climbing), 
E— ruffled  grouse  (snowshoes),  F— hawk  (grasping 
prey),  G — gull  (swimming),  H — heron  (wading). 


Fig.  3-26. 
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Table  No.  9.  Feet  and  Legs  of  Birds  are  Adapted  to  the 
Needs  of  the  Various  Species 


Adaptations 

Functions 

Examples 

1.  Long,  slender  un  feathered 

Wading  and 

Herons,  bitterns, 

legs  and  long 

shore  life. 

sandpipers, 

straight  toes. 

plovers. 

2.  Legs  short  with 

Swimming  or 

(a)  Ducks,  gulls,  loons; 

(a)  webbed  feet  or 

walking  on 

(b)  grebes,  coots. 

(b)  paddled  toes. 

swampy  land. 

3.  Legs  medium  length, 

Running  or 

Fowls,  pheasant, 

toes  straight  and  strong, 

scratching 

grouse,  ptarmigan. 

nails  strong  and  slightly 

earth. 

incurved. 

4.  Toe  combs. 

Snowshoes. 

Grouse,  ptarmigan. 

5.  Legs  medium  length  and 

Perching. 

Sparrows,  warblers, 

•  slender,  both  toes  and 

thrushes. 

claws  long  and  curved. 

6.  Two  toes  forward, 

Climbing. 

Woodpeckers. 

two  back. 

7.  Strong  legs  of  medium 

Preying. 

Hawks,  eagles, 

length,  strong  toes 

owls. 

with  curved  claws. 

Digestive  organs.  Since  birds  lack  teeth  wherewith  to  grind 
their  food,  other  parts  of  their  digestive  tract  are  used  for  this 
purpose.  Beaks  of  many  types  (Fig.  3-27)  are  employed  to 
capture  the  food  and  to  tear  it  into  pieces  of  convenient  size. 
A  dilated  part  of  the  oesophagus,  referred  to  as  a  crop,  is  used 
to  store  hard  seeds  while  they  are  soaked  and  softened.  From 
the  crop,  the  food  moves  along  the  oesophagus  to  a  glandular 
stomach  in  which  it  is  mixed  with  enzymes.  This  stomach 
passes  the  food  along  to  the  gizzard.  The  muscular  action  ot 
the  gizzard  walls,  coupled  with  the  effects  of  small  pebbles  and 
other  grit,  grind  the  food  into  chyme.  Pancreatic  and  intestinal 
enzymes  complete  the  digestive  process. 

Reproduction.  All  birds  reproduce  by  laying  hard-shelled 
eggs.  As  among  reptiles,  these  eggs  are  fertilized  before  the 
food  and  shells  are  secreted.  Amnion,  yolk  sack  and  allantois 
remain  much  the  same.  The  hard  shell  of  calcium  carbonate 
is  porous  and  permits  the  passage  of  gases  to  and  from  the 
embryo  without  unduly  drying  the  egg.  The  hardness  of  the 
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shell  provides  fair  mechanical  protection  for 
the  embryo,  and  the  limestone  coating  lends 
itself  readily  to  markings  that  serve  as  a 
camouflage. 

How  do  the  various  animals  help  to  main¬ 
tain  a  balance  of  life  on  the  earth? 

Left  to  themselves,  the  plants  and  animals 
in  any  area  maintain  a  balance  of  life. 
Animals  give  off  carbon  dioxide  which  is 
required  by  plants  during  photosynthesis  and 
plants  release  sufficient  oxygen  to  sustain  the 
respiratory  processes  of  all  other  forms  of  life. 
Other  animal  wastes,  through  decay,  become 
nitrates  and  ammonia  salts  which  plants  can 
convert  into  proteins  and  protoplasm.  The 
phosphates  released  upon  the  decay  of  the 
bones  and  nerves  of  animals  are  also  used  by 
plants.  All  animals  are  dependent,  either 
directly  or  indirectly,  upon  plants  and  plant 
products  for  their  food  to  build  the  bones  and 
tissues  which  subsequently  decay  and  release 
substances  required  by  plants. 

Whenever  the  animals  and  plants  of  any 
particular  habitat  are  undisturbed  by  man,  or 
by  catastrophes  such  as  fires,  floods,  slides, 
vulcanism,  or  drouths,  they  tend  to  establish 
a  balance  among  themselves.  The  great 
diversity  in  the  food  requirements  of  the 
different  species  and  in  the  methods  employed 
to  obtain  their  food  have  been  important 
factors  in  the  maintenance  of  this  balance  of 
life.  For  example,  carnivorous  animals  assist 
plants  by  destroying  herbivorous  animals, 

Fig.  3-27.  Beaks  of  common  birds  and  the  food  taken. 
A — robin  (insects),  B — warbler  (insects),  C — humming 
bird  (nectar),  D— sparrow  (seeds),  E— crossbill  (seeds 
of  conifers),  F — nighthawk  (insects),  G — flycatcher  (in¬ 
sects),  H— grouse  (seeds,  buds,  insects),  I— woodpecker 
(insects),  K — hawk  (small  birds  and  animals),  L — gull 
(fish  and  refuse),  M— loon  (fish). 


Fic.  3-27. 
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including  insects.  Birds  are  a 
potent  force  in  keeping  insects 
under  control.  Ichneumon  wasps 
exact  a  staggering  toll  of  their 
insect  cousins  by  parasitizing 
caterpillars.  Commonly,  about 
seven  out  of  ten  cabbage  butter¬ 
fly  caterpillars  contain  larvae 
that  have  hatched  from  an 
ichneumon  egg.  Twenty  to  thirty 
larvae  hatch  from  one  such  egg. 
These  larvae  absorb  the  digested 
food  in  the  bodies  of  their  hosts 
until  they  are  ready  to  pupate, 
whereupon  they  work  their  way 
through  a  body-wall  of  the  host, 
killing  it. 

When  man  seriously  reduces 
the  number  of  carnivorous  mam¬ 
mals  and  birds  of  any  district, 
the  vermin  and  other  herbi¬ 
vorous  creatures  multiply  rapidly. 
Mice,  rats,  gophers,  squirrels, 
rabbits,  and  insects  increase  in  numbers  and  grain  fields, 
orchards,  meadows,  and  forests  suffer  extensive  damage. 
Because  of  his  ill-considered  activities,  man  has  been  described 
as  the  greatest  disturber  of  natural  balances.  Not  only  does  he 
trap  and  shoot  wild  animals  for  food,  market,  or  pleasure,  but 
he  also  destroys  their  breeding  grounds.  He  has  not  been 
satisfied  with  the  destruction  of  species  harmful  to  himself,  but 
has  wantonly  exterminated  or  seriously  reduced  the  numbers 
of  others  that  were  both  interesting  and  valuable.  The  Passen¬ 
ger  Pigeon  and  the  Great  Auk  have  been  ruthlessly  extermin¬ 
ated  and  in  danger  of  a  similar  fate  are  trumpeter  swans, 
sandhill  cranes,  bison,  sea-otter  and  musk-ox. 

On  various  occasions  man  has  introduced  new  organisms 
into  territories  formerly  devoid  of  them,  and  these  new  arrivals 
have  overrun  the  area.  A  homesick  settler  introduced  English 
rabbits  into  Australia  where  they  soon  became  a  pest.  Another 
introduced  (he  cactus  to  the  same  continent  and  it  has  since 


Courtesy  B.  C.  Provincial  Museum 

Fig.  3-28.  Nest  and  eggs  of  Kildeer 
Plover.  Markings  on  eggs  serve  as 
camouflage. 
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Fig.  3-29a.  No  fur  prospects  here  in  1935. 


Fig.  3-29b.  Results  of  sound  water 
conservation. 


become  a  nuisance.  Similarly,  the  European  sparrow  was 
brought  to  this  continent  over  which  it  has  spread  by  hitch¬ 
hiking  along  the  railways.  The  gray-brown  Norway  rat  has 
travelled  on  man’s  ships  to  all  corners  of  the  world.  Man’s 
carelessness  has  allowed  many  insect  pests  to  invade  new 
territory.  Among  those  which  were  introduced  to  America  in 
this  manner  are  the  Japanese  beetle,  European  corn-borer, 
Mediterranean  fruit  fly  and  the  cabbage  butterfly. 

Man  has  also  assisted  native  organisms  to  become  a  nuisance 
by  providing  some  new  kind  of  food  for  them.  Prior  to  the 
arrival  of  white  men  in  America,  the  Colorado  Beetle  was  an 
insignificant,  pretty  insect  living  in  Colorado  on  plants  related 
to  potatoes.  When  man  planted  his  patches  of  potatoes,  these 
met  favour  with  the  Colorado  Beetle,  which  subsequently  was 
named  Colorado  Potato  Beetle  (Fig.  3-30a). 

From  many  of  our  lakes  man  has  removed  the  best  game  fish 
and  left  the  less  valuable  species  such  as  chub,  sucker,  and 
squaw  fish.  Those  have  multiplied  to  such  an  extent  that  they 
now  utilize  all  the  available  food.  The  re-stocking  of  these 
lakes  is  almost  impossible  until  the  numbers  of  the  inferior 
species  are  reduced  considerably. 

The  balance  of  life  has  been  most  seriously  disturbed  during 
the  past  century  as  a  result  of  man’s  ruthless  attack  on  forests^ 
His  wasteful  methods  of  harvesting  the  forest  crop  have  already 
cost  civilization  billions  of  dollars  in  addition  to  much  injury 
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Fig.  3-31.  Useful  game  fish:  1 — cut-throat  trout,  2 — rainbow  trout,  3 — lake 
trout,  6 — black  bass,  9— northern  pike;  less  useful  species  of  fresh-water  fish: 
4 — squawfish,  5 — carp,  7 — northern  sucker,  8— brown  catfish,  10 — ling. 

to  other  forms  of  life  that  never  can  be  evaluated.  He  should 
take  early  steps  to  correct  the  conditions  that  have  arisen  as  a 
direct  result  of  his  own  misguided  actions,  conditions  which  are 
encountered  today  in  almost  every  part  of  the  globe. 
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In  order  to  proceed  intelligently,  man  should  study  the 
interactions  between  the  various  organisms,  interactions  that 
result  in  one  or  other  of  five  types  of  relationship  being  estab¬ 
lished.  First  in  importance  are  the  green  plants  that  are  usually 
referred  to  as  independent  organisms,  a  term  that  must  be 
qualified  somewhat  when  we  recall  the  partial  dependence  of 
such  plants  upon  animals  for  carbon  dioxide  and  upon  soil 
bacteria  for  nitrates.  Another  level  of  interaction  is  that  of 
commensalism  in  which  one  organism  gains  by  associating  with 
another,  a  relationship  in  which  the  host  is  neither  injured  nor 
aided.  Pea  Crabs  which  live  inside  the  shells  of  large  clams 
for  protection  and  without  harming  the  hosts  provide  an 
example.  In  symbiosis,  two  organisms  live  together  to  their 
mutual  advantage.  Bacteria  in  nodules  on  the  roots  of  clover 
gain  shelter,  moisture  and  food  and,  in  turn,  provide  nitrates 
which  the  host  plants  need.  A  parasite  gains  its  nutriment  at 
the  expense  of  a  host  upon  which  it  lives  without  destroying 
its  host  immediately.  The  larvae  of  many  insects  and  most 
disease  bacteria  are  parasites.  Hawks  and  coyotes,  which  kill 
their  prey,  are  described  as  predators.  In  most  natural  habitats, 
these  interactions,  collectively,  result  in  the  maintenance  of  a 
balance  between  the  various  forms  of  life. 

Note:  Students  should  select  and  complete  at  least  three  Activities  from 
“A”  section. 


Activities 

A 

1.  Problem — How  do  protozoans  move  about,  respire,  obtain  their  food, 
expel  wastes  and  reproduce? 

Use  a  microscope  to  examine  a  typical  protozoan.  Make  sketches. 

2.  Problem — How  do  other  aquatic  animals  move  about,  breathe,  ob¬ 
tain  their  food,  defend,  and  reproduce  themselves? 

Dissect  a  fish,  clam  or  shrimp  if  these  have  not  been  studied  previously. 
Prepare  a  diagram  of  the  animal  examined,  label  the  parts  and  mention 
the  function  or  adaptation  of  each  part. 

3.  Problem — To  what  extent  does  streamlining  boats  reduce  slip-stream 
turbulence  ? 

Use  wooden  models  to  solve  this  problem  (Fig.  3-32). 
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Fig.  3-32. 


4.  Problem — How  does  a  frog  differ  from  a  tadpole  in  (a)  shape  of 
body,  (b)  colour,  (c)  locomotion,  (d)  type  and  placement  of  its  mouth, 
(e)  digestive  tract,  and  (f)  nature  of  sense  organs  (eyes  and  ears)? 

Examine  specimens  and  compare.  Sketch. 

5.  Problem — How  are  amphibious  insects  adapted  to  their  environment? 
Study  specimens,  make  sketches  and  label  each  part. 

6.  Problem — How  are  reptiles  specially  adapted  for  survival? 

Examine  available  specimens.  Note  any  variation  and  explain  the 

value  of  each. 

7.  Problem — How  are  mammals  adapted  for  survival? 

Study  several  available  species  and  prepare  a  table  in  which  various 
adaptations  may  be  contrasted. 

8.  Problem — How  do  the  mouth-parts  of  animals  differ? 

Examine  specimens  and  compare  the  jaws  and  teeth  of  carnivores, 
ungulates,  rodents,  and  insectivores.  Use  sketches. 

9.  Problem — How  is  an  earthworm  adapted  to  its  environment  ? 
Examine  specimens.  Prepare  diagrams.  Label  the  diagrams  and  show 

that  each  part  of  the  earthworm  is  adapted  to  a  subterranean  life. 

10.  Problem — How  are  the  mouth  parts  of  birds  adapted  to  the  require¬ 
ments  of  the  various  species? 

Sketch  the  beaks  of  various  birds  and  show  that  each  variation  serves 
a  specific  purpose. 

11.  Problem — Show  how  the  feet  of  many  birds  are  suited,  each  to  its 
particular  environment. 

Examine  the  feet  and  claws  of  several  species  and  indicate  the  value 
of  each  adaptation. 


B 

1.  Flow  did  Dr.  William  Beebe  study  deep-sea  life? 

2.  Which  aquatic  animals  are  most  common  in  your  district?  Flow  are 
these  specially  adapted  to  that  environment? 

3.  How  are  mosquitoes  specially  adapted  for  the  distribution  of  certain 
troublesome  diseases? 

4.  Which  birds  frequent  your  district  during  the  summer  months? 
Why? 

5.  Classify  the  animals  in  your  district  as  carnivores,  ungulates,  rodents, 
and  insectivores. 
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6.  Classify  the  common  birds  of  your  district  according  to  their 
favorite  habitat — water,  marsh,  grassland,  or  forest. 

"■  Prepare  a  list  of  the  animals  in  your  district  which  use  colour 
marking  to  camouflage  and  protect  them  against  their  enemies. 

8.  Which  local  insects  can  you  name  and  identify? 


(Do  not  write  in  the  blank  spaces) 

Make  a  summary  of  the  main  ideas  of  this  chapter  by  filling  the  blanks 
of  these  statements  with  the  correct  words. 

\  \he  ^ar®er  aquatic  animals  cannot  exchange  gases  through  their  skin 

as  do  the  smaller  species  because  - ,  so  special  organs  such  as  - 

and -  are  necessary. 

“•  Animals  that  live  in  deep  water  must  have  the  internal  pressure  of 
their  cells  - -  the  external  gravity  pressure  of  the  water.  This  pres¬ 
sure  is  developed  through  the  process  of  - . 

3.  Most  aquatic  animals  that  must  move  quickly  to  capture  their  food 

have  a  distinct - axis. 

4.  The  ability  of  animals  to  search  for  food  and  to  avoid  -  has 

been  increased  with  the  development  -  to  a  high  degree. 

5.  The  three  semi-circular  canals  of  fish  and  higher  vertebrates  are 

organs  of  - . 

6.  The  ideal  streamlined  form  for  aquatic  animals  has  a - point 

1S,  ~ -  1:0  the  rear  of  the  body,  and  has  the  thickest  part  placed  - - 

of  the  way  back  from  the  forward  end. 

7.  Amphibians  were  the  first  -  animals  to  explore  the  land  around 

the  marshes  during  the  later  Carboniferous  period,  but  were  preceded  in 
their  conquests  of  land  by  the  - . 

8.  Amphibious  animals  usually  spend  their  -  stage  as  fish-like 

or  worm-like  forms  in  the  water,  and  undergo  a - into  an  -  form 

adaptable  to  life  on  land. 

9.  The  chief  amphibious  insects  of  the  West  are  _ . 

10.  the  dangerous  Anopheles  mosquito  alights  upon - legs  in  a 

- attitude. 

Most  wading  birds,  being  insectivorous,  carnivorous,  or  fish-eaters 
-  beaks. 


11. 

have 


12.  The  nearly  amphibious  mammals  have  an  undercoat  which  is 
overhairs, - legs, - feet  and - body. 


13.  Among  the  most  serious  difficulties  confronting  the  animals  that 

tried  to  live  on  dry  land  was  the  change  in  the  methods  of _ _ 

- ,  -  and  - . 

14.  Because  the  skins  of - animals  must  be  waterproof,  they  can¬ 
not  be  used  for  — -  .  Mammals  must  be  equipped  with  internal  flasklike 

f°r  the  exchange  of  gases,  and  insects  with  branching 

15.  Among  terrestrial  animals  the  feet  are  placed  - 

sprawling  sidewise  as  among - -  animals. 


rather  than 


16.  Each  mammal  usually  grows 

specialized  into  -  for  cutting,  — 

for  grinding. 


sets  of  teeth, 


for  grasping, 


which 
and  — 


are 
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17.  Among  rodents  the  -  are  used  for  gnawing  and  grow  longer 

to  compensate  - . 

18.  Insectivorous  mammals  have  sharp  teeth  to  puncture  -  and 

grasp  - . 

19.  In  general  the  digestive  tract  of  insectivores  and  carnivores  is 

- than  in  herbivores,  but  their  digestive  juices  are  rich  in - digest¬ 
ing  enzymes. 

20.  The  four-chambered  stomach  of  a  ruminant  is  an  adaptation  to  the 

- - habit. 

21.  The  basic  type  of  vertebrate  foot  or  hand  has  - - -  digits. 

22.  Terrestrial  animals  that  obtain  maximum  speed  walk  and  run 

on  - . 

23.  Among  insects,  the  chief  method  of  surmounting  the  difficulties  of 

winter  is - . 

24.  The  scales  of  reptiles  protect  them  mainly  from  -  and  - . 

25.  The  mammalian  adaptation  to  variations  in  temperature  of  the 

atmosphere  is  their  -  growing  from  follicles  and  - ,  which  acts 

also  as  a  “radiator”  because  of  the - glands. 

26.  Because  of  the  dangers  of  drying  out  in  air,  the  eggs  of  terrestrial 

animals  are  - -  before  being  deposited. 

27.  Terrestrial  animals  which  lay  eggs  provide  a  -  in  each  egg 

and  surround  it  with  protective  coats  that  permit  the  inward  passage  of 
- ,  but  retard  the  escape  of - . 

28.  In  order  to  - —  the  embryo  and  to  nurture  it,  each  mammalian 

mother  carries  her  young  internally  in  an  enlarged  portion  of  the  oviduct, 
the  - ,  during  a  definite  -  period. 

29.  Female  mammals  provide  — — —  from  the  -  glands  during  the 

infancy  of  their  offspring. 

30.  An  earthworm  is  well  adapted  to  live  a  subterranean  life  because 

its  body  is  -  in  shape,  is  -  to  permit  movement  through  tun¬ 
nels,  has  -  locomotive  devices,  breathes  through  its  -  and  has 

lost  the  sense  of  -  but  is  very  alert  for  - . 

31.  Hermaphroditic  earthworms  produce  both - and  - . 

32.  The  first  animals  to  fly  were  the  - . 

33.  Every  part  of  a  bird  is  built  about  its - . 

34.  The  cylindrical  bones  of  birds  are  -  with  fine  -  to  reduce 

weight. 

35.  The  body  temperature  of  birds  is - to  permit - . 

36.  The  tail  of  a  bird  is  used  for - , - ,  -  and  - . 

37.  Animals  assist  plants  in  the  balance  of  life  through  giving  off  the 

gas  - ,  through  freeing  -  from  wastes  and  dead  material,  and 

through  releasing  -  from  bones  and  nerves  through  the  action  of 

decay  bacteria. 

38.  In  the  interaction  of  - ,  one  organism  gains  without  harming 

or  aiding  the  other;  in  -  one  gains  its  nutriment  at  the  expense  of 

the  - .  while  a  -  kills  its  fpod-organism  outright.  In  symbiosis 

two  organisms  live  together - . 
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D 

1.  The  following  data  represents  the  analyses  of  the  yearly  diet  of 
upland  game  birds. 


Species 

Animal 

Number  Food, 

Wild. 

Seeds, 

Culti¬ 

vated 

Leaves 
and  Buds 

Wild 

Fruits, 

M  iscel- 

1  ested 

Insects 

Weeds 

Nuts 

Crains 

of  Trees 

Berries 

laneous 

Ring-necked  pheasant 

125 

9.3% 

4.3% 

4.4% 

72.0% 

3.1% 

5.4% 

1.5% 

California  Quail 

529 

3.5 

53.2 

7.6 

8.4 

22.5 

3.2 

1.6 

Hungarian  Partridge 

94 

6.0 

17.4 

1.5 

47.9 

19.4 

2.5 

5.3 

Ruffed  Grouse 

146 

4.3 

13.0 

17.0 

2.3 

42.4 

14.2 

5.8 

Prairie  Chicken 

101 

16.2 

11.2 

5.2 

22.0 

25.0 

13.4 

6.0 

By  using  the  same  scale  of  evaluation  employed  on  page  74,  (Chap¬ 
ter  2),  judge  the  soundness  of  these  statements. 


1.  Animal  food  forms  a  major  portion  of  the  diet  of  these  upland  birds 

0)  - 

2.  During  winter  when  the  snow  lies  deep  the  Ruffed  Grouse  can 

survive  on  open  prairie  lands.  (2)  _ 

3.  During  periods  of,  or  in  regions  with,  very  deep  snow  both  the 

Hungarian  Partridge  and  the  California  Quail  would  experience  great 
difficulty  in  surviving.  '  (3)  _ 

4.  Ring-necked  Pheasants  are  likely  to  thrive  where  man  has  intro¬ 
duced  grain-farming  and  the  snow  is  not  deep  in  winter.  (4)  - 


5.  The  diet  of  Prairie  Chickens  is  the  most  specialized  of  all  these 


upland  game  birds.  (5)  _ 

6.  These  game  birds  are  omnivorous.  (6)  - 

7.  These  game  birds  are  strictly  herbivorous.  (7)  - 

8.  Great  numbers  of  Ruffed  Grouse  could  be  a  menace  around  orchards 

during  winter,  particularly  with  deep  snows.  (8)  - - 

9.  Game  birds  of  the  hen  tribe  are  omnivorous.  (9)  - 

10.  The  data  here  is  of  little  value  because  too  few  birds  were 

examined.  (10)  _ 

11.  This  data  is  quite  valueless  because  conditions  vary  in  different 

seasons  and  in  different  districts.  (11)  _ 


12.  Great  numbers  of  Ring-necked  Pheasants  and  Hungarian  Partridge 
could  cause  serious  losses  in  grain-growing  districts.  (12) - 


CHAPTER  4 


LIVING  ORGANISMS  REPRODUCE  THEIR  KIND 

In  order  to  propagate  desirable  species  of  plants  and  animals 
and  at  the  same  time  either  to  maintain  or  to  improve  the 
quality  of  such  species,  man  has  studied  the  cell-structure  and 
the  reproductive  processes  of  many  living  organisms.  During 
this  research  geneticists  have  learned  much  about  the  variations 
that  occur  in  both  the  structure  and  the  functions  of  cells.  The 
data  they  have  assembled  and  the  laws  and  theories  they  have 
evolved  also  provide  many  unsolved  problems  for  modern 
students  of  genetics. 

What  Do  We  Know  About  Cell-structure?  In  all  except  the 
simplest  cells,  the  protoplasm  is  divided  into  two  parts,  the 
more  active  central  nucleus  and  the  surrounding  cytoplasm 
which  fills  the  remainder  of  the  space  enclosed  by  the  cell-walls. 
Within  the  nucleus  further  differentiation  in  the  structure  of 
the  protoplasm  is  apparent,  for  part  of  it  is  moulded  into  pairs 
of  thread-like  chromosomes  (Fig.  4- la)  which  carry  the  various 
chemicals  that  influence  and  determine  not  only  the  meta¬ 
bolism  of  individual  cells  but 
even  the  growth  of  the  entire 
organism.  These  chemicals  ap¬ 
pear  to  be  located  on  the  ladder¬ 
like  bands  or  genes  that  cross 
the  chromosomes  (Fig.  4- lb). 

Each  chromosome  is  believed  to 
carry  hundreds  or  even  thous¬ 
ands  of  these  genes  which  are 
described  as  the  carriers  of  the 
various  traits  or  characteristics 
that  may  be  transmitted  to  the 
offspring  by  every  parent.  Thus, 
unless  outside  agencies  inter¬ 
fere,  each  young  organism  is 


Fig.  4-la.  Photomicrograph  of  cell- 
tissue  showing  the  changes  in  cell- 
protoplasm  which  precede  cell-division. 
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Fig.  4-lb.  Photomicrograph  of  chromosomes  in  salivary  glands  of  Drosophila 
(1000X)  showing  precise  positions  of  genes  in  chromosomes. 


dependent  for  its  structure  and  life  processes  upon  the  genes 
or  groups  of  genes  inherited  from  its  parent  or  parents. 

All  reproduction  is  either  sexual  or  asexual  (non-sexual), 
sexual  when  the  reproductive  cells  of  two  parents  unite  to  form 
the  zygote  that  develops  into  the  progeny,  and  asexual  when 
the  offspring  has  only  one  parent  and  receives  its  full  comple¬ 
ment  of  genes  from  that  one  source. 

How  do  organisms  reproduce  asexually?  Since  only  one 
parent  is  required  in  asexual  reproduction,  the  offspring  are 
essentially  continuations  of  the  parent,  for  their  cells  and 
chromosomes  have  the  same  composition  as  those  in  the 
parent.  In  the  asexual  reproduction  of  one-celled  organisms, 
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each  chromosome  splits  lengthwise,  that  is  the  chromatin 
divides  into  two  parts  that  are  essentially  equal  and  thus 
apportions  a  sample  of  the  all-important  genes  to  each  daughter 
cell.  Cell  cytoplasm,  chloroplasts,  chromoplasts,  centrosonres, 
and  other  specialized  parts  are  divided  approximately  equally 
between  the  two  cells.  As  most  of  these  bodies  have  the  power 
of  division,  the  full  cell  complement  is  quickly  achieved  after 
cell-division.  In  multicellular  organisms,  the  process  differs 
only  in  the  number  of  cells  involved.  In  the  lowest  plants, 
bacteria  and  blue  algae,  the  cytoplasm  must  assume  major 
importance  during  reproduction,  for  in  these  species  distinct 
nuclear  material  is  indistinguishable. 

Asexual  reproduction  occurs  in  both  plants  and  animals,  but 
in  animals  it  is  not  common  above  the  middle  of  the  animal 
scale,  whereas  among  plants  it  is  employed  in  all  the  four  great 
divisions:  algae  and  fungi,  mosses,  ferns,  and  seed-plants.  This 
type  of  reproduction  manifests  itself  in  many  forms,  the  more 
common  of  which  are  binary  fission,  fragmentation,  budding, 
spore  formation,  and  variations  of  vegetative  reproduction — 
rhizomes  and  tubers,  corms  and  bulbs,  runners  or  stolons, 
layering  and  special  types  of  roots. 

Binary  Fission.  Among  one-celled  plants  and  animals 
(Thallophytes  and  Protozoa), 
asexual  reproduction  operates 
most  frequently  through  bin¬ 
ary  fission  (Fig.  4-2).  During 
this  process  the  parent  cell 
divides  into  two  similar  parts 
with  essentially  equal  division 
of  the  nucleus  and  its  chroma¬ 
tin.  Under  extreme  conditions 
the  division  may  allot  different 
organs  to  each  daughter  cell, 
the  new  cells  regenerate  the 
missing  parts  and  then  grow  to 
maturity.  As  each  daughter  is 
part  of  the  parent,  it  appears 
that  the  protoplasm  of  these 
small  specks  of  life  is  immortal. 


Fig.  4-2.  Paramoecium  provides  an 
example  of  binary  fission  in  animals. 
A — progress  at  the  end  of  10  minutes, 
B — five  minutes  later.  (50X). 
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Fig.  4-3.  Binary  fission  in  plants. 
A — diatoms,  and  B — filamentous  alga. 
Note  lengthwise  division  of  diatom. 


Under  suitable  conditions,  re¬ 
production  by  binary  fission  is 
extremely  rapid.  When  con¬ 
ditions  are  ideal,  one  bacterium 
with  the  ability  to  divide  every 
half  hour  could  produce  as 
much  as  a  trillion  progeny  in 
24  hours. 

Fragmentation.  Much  of 
the  reproduction  among  fila¬ 
mentous  or  blade-like  multi¬ 
cellular  plants  and  animals  is 
dependent  upon  fragmentation 
of  the  parent  cell  chains. 
Storms,  animal  activity,  or  the 
death  of  some  parts  of  the 
parent  separates  the  original 
mass  into  fragments  capable  of 
continuing  life  on  their  own. 
Spirogyra,  fungi,  and  most  of 
the  fresh-water  weeds  are 
spread  by  fragmentation. 
Sponges  provide  an  example 
of  animals  that  multiply 
asexually  when  fragments  are 
torn  from  the  parents.  In  each 
instance,  the  new  individual 
produces  new  cells  to  replace 
the  missing  parts. 

Similarly,  many  plants  pro¬ 
duce  new  roots  on  rhizomes. 


runners,  and  layered  parts  of 
branches  (Fig.  4-5).  Horticulturists  utilize  this  property  of 
plants  when  they  propagate  their  plants  by  cuttings.  They  use 
this  knowledge  also  when  they  are  careful  not  to  injure  the 
roots  while  they  cultivate  raspberries  and  when  they  take  pains 
not  to  cut  the  rhizomes  into  small  pieces  while  taking  steps  to 
eradicate  couch  grass.  They  know  that,  in  either  case,  care¬ 
lessness  will  result  in  numerous  new  plants  as  the  damaged 
parts  produce  new  shoots  and  roots  (Fig.  4-5). 
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Budding.  This  reproductive  process  differs  from  binary 
fission  in  that  the  nbw  outgrowth  is  smaller  than  the  parent 
body.  While  the  bud  is  still  attached,  it  develops  all  the  essen¬ 
tial  parts  of  the  parent.  After  separation,  it  grows  to  maturity. 
Budding  is  common  among  those  organisms  that  are  classified 
as  low  or  intermediate  in  the  scale  of  life.  The  list  of  plants 
which  employ  budding  to  propagate  asexual ly  includes  yeasts, 

a  few  algae,  mosses,  some  ferns, 
and  occasional  seed-plants  such 
as  gladioli  and  tulips.  Animals 
that  reproduce  by  budding  are 
hydra,  jelly-fish,  flatworms, 
and  the  corals  that  build  reefs 
and  submerged  mountains  of 
limestone. 

Spore-formation.  Spores  are 
formed  most  frequently  either 
by  the  budding  of  the  tips  of 
the  filaments,  as  in  the  mil¬ 
dews,  or  by  repeated  nuclear 
Fig.  4-4a.  Hydra  budding.  divisions  inside  a  sac-like  cell 

or  case  called  a  sporangium, 
as  in  bread  mould,  mushrooms,  and  bracket  fungi  (Fig.  4-4b). 
In  either  type  of  spore  formation,  the  result  is  a  one-celled, 
non-sexual,  reproductive  body  called  a  spore. 

Among  primitive  plants,  the  habit  of  spore  formation,  first 
developed  by  their  underwater  ancestors,  has  been  adapted  by 
their  descendants  now  living  in  an  atmospheric  sea  so  that  they 
can  distribute  their  species  over  air  currents.  For  dispersal  by 
this  method,  spores  of  necessity  must  be  very  light,  but  they 
must  be  protected  by  tough  walls  that  resist  dehydration.  The 
rough  surfaces  of  some  spores  and  threads  attached  to  the  walls 
of  others  enable  them  to  float  readily  on  air  currents.  Spores 
of  these  fungi  have  been  taken  from  the  atmosphere  15,000 
feet  above  the  earth  during  the  study  of  wheat  rusts. 

Liverworts,  mosses,  ferns,  and  horsetails  propagate  by  spores, 
each  of  which  may  germinate  and  start  again  the  complicated 
life-cycle  of  the  species.  In  each  instance,  one-half  the  life 
cycle  must  be  achieved  through  spore  formation  and  this  is 
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Fig.  4-4b.  Spore  formation. 


Key  :  A — yeast,  B — bread  mould,  C — penicillium  or  blue  mould,  D — mushroom, 
E— powdery  mildew,  'F— spores  of  wheat  rust;  1— yeast  budding,  2— nucleus 
dividing,  3— spore  formation,  4— hydra,  5— rhizoid,  6— gills,  7— rhizoids 
(haustoria)  in  epidermal  cells  of  grass. 

followed  by  the  other  half  that  requires  sperms  and  eggs.  This 
method  is  used  also  by  seed-producing  plants  in  which  the  spore 
stage  is  represented  by  spores  of  two  types:  (a)  the  pollen  spore 
(or  androspore)  that  provides  the  pollen  tube  and  sperms,  and 
(b)  the  gymnospore,  embedded  in  the  ovule,  which  develops 
into  the  egg. 

Very  few  animals  reproduce  by  spores.  Best  known  of  the 
few  that  do  produce  spores  is  the  disease-producing  malaria, 
a  protozoan. 

Vegetal ive  reproduction.  Many  seed-bearing  plants  and 
some  ferns  depend  upon  special  structures  for  the  vegetative 
reproduction  of  their  kind.  These  species  use  vegetative  parts, 
namely,  roots,  stems,  and  branches  or  leaves,  to  produce  new 
plants.  In  most  instances,  the  vegetative  part  is  stored  with 
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food  which  will  sustain  the  new  plants  while  they  are  develop¬ 
ing  roots  and  leaves.  In  some,  however,  new  roots  and  shoots 
arise  from  a  part  of  the  plant  which  does  not  normally  produce 
these  structures  and  the  parent  plants  supply  the  carbohydrates 

and  proteins  required  until 
the  new  plants  are  fully 
established.  Roots  and  shoots 
arising  in  this  manner  are 
described  as  adventitious. 


Fig.  4-4c.  Rust  developing  on  wheat 
stem  (150X).  Black  or  teleutospores 
are  an  example  of  non-sexual  repro¬ 
duction. 

reach  the  surface  and  begin  th 


Rhizomes.  A  rhizome  is  a 
horizontal,  underground  stem 
(or  branch)  which  serves  as  a 
storehouse  for  food  and  is  able 
to  produce  shoots  and  roots 
from  its  nodes  (Fig.  4-5).  Since 
each  node  may  develop  into  a 
new  plant,  perennial  weeds 
such  as  couch  grass,  Canada 
(creeping)  thistle,  horsetail, 
and  bracken  are  controlled 
with  difficulty.  In  order  to 
eradicate  such  weeds,  all  rhi¬ 
zomes  must  be  removed  from 
the  soil  and  destroyed,  or  the 
storage  of  food  in  the  rhizomes 
must  be  prevented  by  a  type 
of  cultivation  that  will  destroy 
the  vertical  shoots  before  they 
manufacture  of  carbohydrates. 


Tubers.  Tubers  are  formed  when  the  ends  of  underground 
stems  are  enlarged  by  the  storage  of  food  as  in  the  Irish  potato 
and  Jerusalem  artichoke.  The  “eyes”  on  tubers  are  clusters  of 
buds,  each  of  which  may  develop  into  a  shoot.  Adventitious 
roots  develop  from  the  bases  of  the  new  shoots(  Fig.  4-5). 

Corms.  The  crocus  and  gladiolus  reproduce  by  corms. 
These  are  short,  vertical  underground  stems  packed  with  food 
and  possessing  buds  (Fig.  4-5).  A  new  corrn  forms  each  summer, 
usually  above  the  old  one  which  gave  up  its  stored  food  during 


Fig.  4-5.  A  study  of  plants  reveals  many  examples  of  vegetative  reproduction. 

Key-.  A— stalk  of  corn  (maize),  B— couch  grass,  C — blackberry,  D— geranium 
cutting,  E— bracken  fern,  F— iris,  G — tuber  of  potato,  H— corin'  of  gladiolus  or 
crocus,  I — bulb  of  tulip  or  onion,  J — bulb  of  Faster  lily,  K  aerial  bulblets  of 
tiger  lily,  L — roots  of  dahlia  or  water  hemlock;  1 — node,  2— adventitious  roots, 
3 — scar  tissue  from  which  roots  develop,  4— buds,  5 — stems  provide  for  storage 
of  food,  6 — leaves  store  food,  7 — stem  of  bulb,  8— roots  store  food. 
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the  spring  to  produce  the  new  shoot  or  shoots.  These  plants 
have  retractile  roots  which  shrink  during  the  late  summer  and 
pull  the  new  corm  down,  thus  preventing  its  eventual 
emergence  above  ground. 

Bulbs.  Bulbs  are  composed  of  fleshy,  food-packed  bases  of 
leaves  set  on  very  short  underground  stems.  In  bulbs,  the 
reproductive  buds  that  may  grow  into  new  plants  are  borne  in 
the  axils  of  the  leaves  (Fig.  4-5).  There  are  three  types  of  bulbs: 
(1)  the  ring  type  found  in  onions,  daffodils,  and  tulips  where 
each  leaf  forms  a  complete  ring  in  the  bulb;  (2)  the  blade  type 
as  in  Canada,  Easter,  and  Golden-rayed  lilies,  in  which  the 
leaves  form  tight  whorls  around  the  stem;  and  (3)  the  granular 
type,  that  of  the  Chocolate  Lily  (Fritillaria),  in  which  the  bulb 
is  composed  of  sections  shaped  liked  grains. 

Runners  (stolons).  Runners  are  slender  horizontal  stems 
such  as  those  of  strawberry  plants,  which  grow  along  the  surface 
of  the  ground  and  produce  new  plants  at  the  nodes.  Adventi¬ 
tious  roots  enable  the  new  plants  to  become  established  and 
independent  of  the  parent  plant.  Among  the  other  plants 
which  propagate  by  means  of  runners  are  violets  and  white 
clover. 

Layering.  When  the  tips  of  blackberry  canes  or  those  of 
similar  plants  bend  down  and  rest  on  the  soil,  adventitious 
roots  develop  and  a  new  plant  is  established.  Horticulturists 
use  this  means  to  propagate  black  raspberries,  loganberries,  and 
boysenberries. 

Tuberous  roots.  Dahlia  and  water  hemlock  store  food  in 
fascicled  roots  (Fig.  4-5).  During  the  following  spring  this 
reserve  food  sustains  the  young  plants  until  they  develop  their 
new  roots  and  leaves. 

Root-suckers.  Some  plants  produce  adventitious  buds  and 
shoots  from  their  ordinary  roots  and  the  new  plants  that  arise 
in  this  way  quickly  become  independent  plants.  Raspberries, 
sour  grass  or  sheep  sorrel,  and  certain  species  of  trees,  including 
poplars  and  willows,  are  included  among  the  plants  that  propa¬ 
gate  in  this  manner.  When  the  horizontal  roots  of  these  plants 
are  disturbed  by  cultivation,  numerous  root-suckers  usually 
appear. 
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Fig.  4-6.  Fragmentation  (natural  and  induced).  A — broken  tip  of  elodea, 
B — fragments  of  filamentous  algae  are  independent,  C— cutting  of  rose  twig, 
U  and  E — leaf  cuttings,  F — stem  cuttings  used  to  propagate  sugar  cane,  rasp¬ 
berries,  etc.,  G — “crowns”  of  many  plants  are  divided  (Pyrethrum  and  Michael- 
mass  Daisies  are  examples). 

How  do  individuals  of  the  same  species  differ?  Research 
shows  that  one  organism  differs  from  other  organisms  not  only 
in  the  degree  that  it  possesses  a  certain  characteristic,  but  also 
in  the  kind  and  number  of  special  features  it  may  have.  One 
pea  vine  may  differ  only  in  that  it  is  taller  than  the  average, 
whereas  another  may  exhibit  many  peculiarities  such  as  dwarf¬ 
ness,  curly  leaves,  coloured  flowers,  numerous  tendrils,  small 
stipules,  and  many  seeds  per  pod.  Some  of  these  variations  are 
inherited;  others  are  acquired  as  a  result  of  mutation  and 
selection.  Variations  in  food  supply  and  in  the  temperature 
are  the  chief  environmental  factors  inducing  individual 
organisms  to  differ  from  an  average  member  of  the  species. 
Variations  produced  by  these  factors  that  affect  only  one 
individual  are  said  to  be  acquired  characteristics  and  are  not 
transferable  to  offspring.  Lamarck,  an  able  biologist  of  a 
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century  ago,  believed  that 
such  characteristics  were 
transferable.  He  used  this 
theory  to  explain  that  the 
giraffe  has  developed  its 
long  neck  by  constantly 
stretching  upward  for  the 
leaves  of  trees.  Many  re¬ 
cent  experiments  tend 
either  to  refute  this  view 
or  at  least  to  show  that 
such  variations  have  not 
measurable  transference. 


If  a  variation  is  a  sudden 
departure  from  the  stan¬ 
dard  and  is  inheritable,  it 
is  known  as  a  mutation 


Fig.  4-7a.  Environmental  factors  affect  the 
growth  of  fruit.  These  apples  are  all  of  the 
same  variety,  harvested  from  the  same  tree. 


and  the  first  individual  possessing  the  new  characteristic  is 
called  a  mutant.  Since  mutants  usually  breed  true  to  the  new 
characteristic,  they  have  provided  a  rich  source  of  new  varieties 
of  plants  and  animals.  The  r 
properties  of  mutants  were 
first  clearly  stated  by  a 
Dutchman,  Hugo  de  Vries 
(1900),  who  conducted 
many  experiments  with 
evening  primroses. 

What  are  the  chief 
causes  of  variations  in 
organisms  which  propagate 
asexually?  Although  one 
outstanding  characteristic 
of  asexual  reproduction  is 
the  close  similarity  be¬ 
tween  offspring  and  parent, 

nevertheless,  permanent  Fig.  4-7b.  Genic  (chromosomic)  differences  in 
variations  or  mutations  do  apples.  Left  to  right,  top  row— Golden  Deli- 

in  nffsnrincr  rhrnnoFi  “°.us,  Winter  Banana,  Yellow  Newtown, 

arise  in  otrspring  through  Grimes  Golden;  lower  row — Spitzenberg,  Rome 

changes  in  the  chromo-  Beauty,  McIntosh  Red,  Delicious. 
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Fig.  4-7c.  Three  types  of  barley  developed  by  plant  breeders :  A — two-rowed, 
B — six-rowed,  C — beardless. 


some  composition.  A  chrysanthemum  plant  that  normally 
bears  only  yellow  flowers  may  produce  a  branch  with  white 
flowers.  Cuttings  from  the  white  branch  may  be  used  to 
provide  plants  that  produce  only  white  flowers.  Many  new 
varieties  of  chrysanthemums  have  had  their  origin  in  such 
mutants  or  “sports”.  Seedless  oranges  had  a  similar  origin. 
About  1860,  in  Bahia,  Brazil,  an  orange  tree  bearing  seeded 
fruit  had  one  branch  that  produced  only  seedless  oranges. 
From  this  one  branch  all  the  seedless  orange  groves  of  the 
world  are  descended. 

Variations  of  this  type, 
called  bud  variations  or 
mosaics,  seem  to  arise  as  the 
result  of  chromosome  disturb¬ 
ances  in  the  cell  at  the  very  tip 
of  a  growing  bud.  During  the 
division  and  rearrangement  of 
the  chromosomes  in  ordinary 
cell-growth  and  cell-division  a 
gene  that  controls  a  specific 
characteristic  may  become 
“lost”  from  one  of  the  new 
cells  and  gained  by  the  other 
new  cell.  Seedless  oranges  owe 
their  origin  to  the  loss  of  a 
gene.  All  portions  of  the 
organism  descended  from  the 


mosaic  mutation  will  carry  the 
new  characteristic. 


Fig.  4-8.  Conjugation  in  Spirogyra  is 
simplest  form  of  sexual  reproduction. 
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Recently,  scientists  have  discovered  that  chemicals  such  as 
colchicine  and  sanguinarin  (hormones)  affect  chromosomes. 
Cuttings  taken  from  branches  that  haye  mutated  under  the 
influence  of  these  drugs  retain  the  changed  characteristics.  As 
a  result  of  research  in  this  held,  much  interesting  information 
is  being  assembled. 


What  causes  the  variations 
methods?  Sexual  reproduction 
requires  the  union  of  two 
gametes  usually  described  as 
egg  (female  gamete)  and  sperm 
(male  gamete).  These  gametes 
or  reproductive  cells  are  not 
formed  by  mitosis  but  by 
reduction  division.  During 
ordinary  cell  division,  each 
new  cell  receives  tivo  sets  of 
chromosomes  and  a  full  com¬ 
plement  of  genes,  whereas  dur¬ 
ing  reduction  division,  each 
reproductive  cell  or  gamete 
receives  only  one  set  of  chro¬ 
mosomes,  one  half  the  com¬ 
plement  of  an  ordinary  cell. 
Thus,  when  two  gametes  unite 
to  form  a  zygote  (Fig.  4-9a), 
the  resulting  cell  will  again 
have  two  sets  of  chromosomes, 
one  set  contributed  by  each 
gamete. 

In  many  cases  these  gametes 
are  produced  in  separate  indi¬ 
viduals,  although  in  numerous 
flowers  and  in  a  few  of  the 
lower  animals  both  may  be 
produced  by  the  same  organ¬ 
ism.  This  separation  of  the 
sexes  in  the  higher  forms  of 
plants  and  animals  puts  a 


in  offspring  produced  by  sexual 


Sperms  t(Sfj 

in  Testis  Ovary 


Cleavage  j(Segme«tati  o») 


Fig.  4-9a.  Origin  of  reproductive  cells  and 
of  a  zygote. 
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premium  upon  variations,  for  it  is  almost  an  impossi¬ 
bility  for  an  egg  from  one  organism  to  have  exactly  the 
same  gene  composition  as  a  sperm  from  another.  These 
variations  occur  largely  as  a  result  of  the  ordered  sorting 
of  the  double  sets  of  chromosomes  into  single  sets  during 
reduction  division.  Accidents  to  chromosomes  during 
reduction  division  also  induce  changes  in  the 
chromosomes. 

Research  has  shown  that,  preceding  and  during 
reduction-division,  unusual  environmental  conditions 
can  affect  chromosome  protoplasm  and  thus  induce 
mutations.  A  few  of  the  observed  results  follow: 

1.  When  the  temperature  is  increased,  there  are 
more  mutants  among  fruit  flies  (Drosophila),  the 
small  flies  that  hover  about  over-ripe  fruit. 

2.  Low  temperatures  also  increase  mutations  among 
fruit  flies. 

3.  X-ray  treatments  during  reduction-division  drasti¬ 
cally  increase  mutations,  the  number  of  mutants 
being  150  times  the  normal  rate  among  fruit  flies. 
Similar  results  have  been  obtained  also  when 
gametes,  zygotes,  larvae,  or  adults  have  been 
irradiated.  One  experiment  with  Easter  Lilies 
yielded,  besides  the  normal  flowers,  a  grotesque 
assortment  of  plants  including  dwarf,  tall,  weak, 
sturdy,  spindly,  bushy,  distorted,  straight,  large- 
flowered,  double-flowered,  and  flowers  perfumed 
with  new  odours. 

4.  Certain  chemicals  such  as  the  drug  colchicine,  an 
extract  of  the  Autumn  Crocus,  and  sanguinarin, 
obtained  from  the  roots  of  the  Bloodroot.  of 
Eastern  Canada,  caused  doubling  of  chromosome 
sets  in  gametes.  Treatments  of  seeds  or  growing 
plants  with  colchicine  produced  offspring  that 
astonished  the  workers.  Results  obtained  include 
giant  plants,  huge  flowers,  double  flowers,  and 


Fie,.  4-91).  Segmentation  in  starfish.  After  fertilization,  the  zygote 
develops.  The  last  stage  illustrated  is  the  gastrula  or  infolding  stage. 
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Fig.  4-10.  Fruit  flies  (Drosophila)  provide  examples  of  inheritable  mutations. 
A — normal  wing  and  normal  eye,  B — barred  eye,  C — notched  wing  and  white 
eye,  D — beaded  wing,  hairless  body  and  sepia  (dark)  eye,  E — vestigial  wing 
and  normal  eye,  F — rudimentary  wing  and  normal  eye,  G — club  wing  and 
normal  eye. 

new  colours  or  patterns.  This  treatment  produced  such 
pronounced  results  that  it  is  being  employed  in  the  search 
for  new  varieties  of  plants.  A  two-tenths  per  cent  solution 
of  sanguinarin  produces  much  the  same  effect  as 
colchicine. 

As  many  of  the  genes  are  catalytic  in  nature,  and 
vitamins  affect  the  action  of  enzymes,  it  would  not  be 
surprising  to  learn  that  vitamins  are  factors  in  mutation. 

5.  Occasionally,  for  some  unexplained  reason,  a  primary 
reproductive  nucleus  fails  to  divide  and  the  number  of 
chromosomes  in  a  zygote  may  be  increased  beyond  the 
normal  two  sets.  Some  of  our  best  domestic  plants  have 
arisen  as  a  result  of  this  phenomenon.  Included  are  the 
beautiful  tea  roses,  which  possess  up  to  six  sets  of  chromo¬ 
somes  per  cell,  Gravenstein  apples  with  three  sets  per 
cell,  modern  wheats,  heart  lettuce,  new  varieties  of 
tomatoes,  and  large  potatoes. 

Caution:  A  word  of  caution  about  mutations  is  in  order.  It 
must  not  be  assumed  that  all  mutations  are  useful  to  the 
organisms  in  which  they  are  induced.  A  series  of  carefully 
conducted  experiments  has  established  the  fact  that  harmful 
or  lethal  mutations  outnumbered  the  neutral  or  helpful  results 
by  six  to  one.  In  many  instances,  the  mutations  obtained  are 
an  indication  that  someone  “threw  a  monkey-wrench  into  the 
machinery”  of  the  subtle  protoplasm.  The  individuals  survive 
which  have  a  balanced  complement  of  favourable  genes. 
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The  number  of  chromosomes  and  genes  present  in  each  cell 
is  also  a  factor  in  mutations  and  variations.  Organisms  that 
have  most  chromosomes  per  cell  have  more  opportunities  for 
chance  variations.  Information  regarding  the  number  of 
chromosomes  in  the  cells  of  common  plants  and  animals  is 
indicated  in  Table  No.  10. 


Table  No.  10.  Number  of  Chromosomes  in  Cells  of 
Common  Plants  and  Animals 
( For  reference  only) 


In  Plants 

In  body  In 


Organism 

cells 

gametes 

Beets . 

.  18 

9 

Corn  (Maize)  . 

.  20 

10 

Garden  Pea  .  .  . 

.  14 

7 

Onion . 

.  16 

8 

Roses . 

14,  28, 

'  42,56 

7,14. 

21,28 

Apples 

(basic  type)  . 

.  34 

17 

Sphagnum  Moss 

.  .  40 

20 

Bracken  Fern  .  . 

.  64 

32 

Wheat . 

14,  28, 

•  42 

7, 14, 

21 

Oats . 

.  42 

21 

Barley  (2-row) 

.  14 

7 

Rye . 

.  14 

7 

Potatoes . 

24,  36, 48, 

•  60,96 

12. 18, 24, 
30,48 

In  Animals 


Organism 

In  body 
cells 

In 

gametes 

Earthworm 
(L.  herculeus) 

32 

16 

Crayfish 

(C.  virilis)  .  .  . 

200 

100 

Mosquito 

(Culex) . 

6 

3 

Fruit  Fly 

(Drosophila)  . 

8 

4 

House  Fly . 

12 

6 

Trout  . 

24 

12 

Frog . 

26 

13 

Hen . 

18  • 

9 

Cattle . 

16 

8 

Horse . 

60 

30 

Dog . 

21,22 

10,11 

Cat . 

35,  36 

17,18 

Monkeys . 

48,  54 

24,  27 

Man . 

48 

24 

What  did  Mendel  discover  about  the  inheritance  of 
individual  characteristics?  On  July  22,  1822,  in  the  Czecho¬ 
slovakian  town  of  Brunn  was  born  a  very  shy  boy.  As  a  youth 
he  was  religiously  inclined,  so  it  is  little  wonder  that  this  lad, 
Gregor  Mendel,  turned  to  the  monastery  for  his  education,  and 
later  became  a  monk.  He  taught  for  a  number  of  years,  during 
which  time  he  was  keenly  interested  in  the  small  garden  of  the 
monastery.  He  read  the  little  which  was  available  about 
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experiments  in  heredity  and  at  the  age  of  thirty-two  began 
his  own  experiments  on  the  inheritance  of  individual 
characteristics  of  peas. 

It  was  a  stroke  of  fortune  and  of  insight  that  Mendel  chose 
garden  peas,  for  these  habitually  are  self-pollinated,  a  fact 
which  eliminated  for  Mendel  the  countless  complexities  and 
interferences  of  cross-pollination.  He  selected  pure  tall  peas 
and  pure  dwarf  peas  which  he  later  crossed  both  ways,  tall  on 
dwarf  and  dwarf  on  tall.  He  was  astonished  to  find  that  all 
the  hybrids  were  tall,  with  no  sign  of  dwarfness.  Similarly 
when  he  crossed  wrinkled-seeded  plants  with  smooth-seeded 
hybrids  the  next  year  he  obtained  only  smooth-seeded  offspring. 
Further  experimentation  with  purple-flowered  plants  crossed 
with  white  yielded  only  purple-flowered  hybrids  the  following- 
year.  Altogether,  he  tested  seven  sets  of  characteristics  among 
peas.  Continuing  these  experiments  into  the  second  generation 
he  found  that  each  characteristic  which  was  hidden  in  the 
offspring  from  the  first  cross,  reappeared  in  the  next  generation. 
In  his  perplexity  he  set  to  work  with  the  patience  and  perse¬ 
verance  of  a  true  scientist.  He  repeated  the  crosses  many  times 
and  kept  accurate  records  of  the  numbers  of  each  type  of  plant 
produced.  He  continued  to  study  the  offspring  from  each  cross 
for  at  least  two  generations  and  discovered  further  principles 
of  heredity  which  are  summarized  in  his  three  laws: 

The  Law  of  Dominance.  From  the  first  phase  of  his  experi¬ 
ment,  Mendel  concluded  that  .whenever  any  two  phases  of  a 
characteristic  were  crossed,  one  appeared  so  dominant  as  to 
hide  the  other  completely.  The  phase  which  was  evident  he 
called  the  dominant  and  that  which  was  hidden,  the  recessive. 
(Later  research  has  shown  that  the  masking  effect  is  not  always 
as  absolute  as  Mendel  believed,  for  many  crosses  with  organisms 
other  than  peas  show  intermediate  types.) 

The  Law  of  Unit  Characters.  When  he  permitted  self- 
pollination  of  the  hybrids  and  carried  the  experiments  into  the 
second  generation,  Mendel  found  that  both  dominant  and 
recessive  parental  types  reappeared.  The  hybrid  tall  peas  of 
the  first  generation,  which  were  self-pollinated,  produced  a 
mixed  group  of  tall  and  dwarf  peas,  although  he  planted  no 
“dwarfs”.  Similarly,  “selfed”  purple-flowered  hybrids  produced 
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PARENT  CROSS 


Fig.  4-11.  Peas  are  used  to  illustrate  the  Law  of  Seg legation  and  Definite 
Ratios  (unit  characters). 
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some  purple  and  some  white-flowered  plants  in  the  second 
generation.  The  result  from  the  selfing  of  smooth-seeded 
hybrids  was  both  smooth-seeded  and  wrinkle-seeded  peas  in  the 
second  generation.  Further  self-breeding  showed  that  the 
recessives  were  pure  lines,  as  were  one-third  of  the  dominants. 
Obviously,  recessive  characteristics  were  neither  destroyed  nor 
blended  with  others,  and  the  true  dominant  individuals  simi¬ 
larly  were  unaffected.  Extended  experiments  with  double 
hybrids,  such  as  crossing  tall  purple  with  dwarf  white,  showed 
that  each  phase  of  colour  or  height  was  inherited  independently 
of  the  other.  Recessive  always  reappeared  in  the  second 
generation.  Experiments  with  three  sets  of  characteristics 
provided  similar  results.  Thereupon  Mendel  decided  that 
“ each  characteristic  is  a  separate  unit  inherited  independently 
of  the  others.”  This  principle  later  became  known  as  the  Law 
of  Unit  Characters. 

Law  of  Segregation  and  Definite  Ratios.  On  checking  his 
accurate  data,  Mendel  discovered  that,  in  the  second  generation 
(Fo)  after  the  parent-cross,  the  dominants  outnumbered  the 
recessives.  In  one  experiment  in  which  he  harvested  7,324 
seeds  in  the  F2  of  a  round-wrinkled  cross,  he  found  that  5,474 
were  round  and  1,850  wrinkled,  a  ratio  of  2.96  to  1,  or  approxi¬ 
mately  75%  to  25%.  Of  the  75%  that  exhibited  the  dominant 
characteristic,  only  one-third  (25%  of  all  individuals)  bred  true 
to  dominance,  while  the  remainder  (50%  of  all  offspring), 
though  appearing  dominant,  were  in  reality  hybrids  that 
produced  round  and  wrinkled  seeds  during  the  ensuing  year  in 
the  usual  segregating  ratio  of  3: 1.  All  the  recessives,  segregated 
during  the  second  generation,  bred  true  thereafter.  Mendel 
concluded  that  both  the  dominant  and  recessive  phases  of  a 
characteristic  in  any  hybrid  would  reappear  in  the  second  (F2) 
generation  in  ratio  of  one  pure  dominant  (which  breeds  true), 
two  hybrid  dominants,  and  one  pure  recessive.  This  Mendelian 
genotypic  ratio  is  sometimes  written  1:2:1. 

Hybrids  in  which  two  pairs  of  characteristics  had  been 
crossed  produced  a  second  generation  in  which  the  ratio  was 
9:3:3: 1.  For  example,  a  purple-flowered  dwarf  crossed  with  a 
white-flowered  tall  yielded  in  the  second  generation: 
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9  purple-flowered  tall, 

3  purple-flowered  dwarf, 

3  white-flowered  tall,  and 
1  white-flowered  dwarf. 

The  proportion  of  each  type  appearing  in  the  second 
generation  when  three  pairs  of  characteristics  were  combined 
in  a  hybrid  was  indicated  in  the  ratio  27:9:9:9:3:3:3:1.  It  is 
apparent  that  the  task  of  the  plant-breeder  becomes  exceedingly 
involved  as  more  pairs  of  characteristics  are  included  in  a  cross. 

In  1866,  after  eight  years  of  painstaking  work,  Mendel 
summarized  his  great  discoveries  in  a  paper  which  he  read  to 
the  local  scientific  society  at  Brunn.  Nobody  seemed  to  realize 
the  importance  of  his  discoveries  and  they  were  soon  forgotten 
by  a  world  not  yet  ready  for  them.  Shortly  after  this,  Mendel 
was  made  abbot  of  the  monastery  and  his  new  duties,  coupled 
with  his  failing  eyesight,  prevented  continuance  of  his  experi¬ 
ments.  He  died  in  1884.  Thirty-four  years  elapsed  from  the 
time  he  read  his  paper  before  the  world  began  to  appreciate  the 
value  of  his  contribution  to  science.  In  1900,  three  men 
experimenting  independently,  de  Vries  in  Holland,  Correns  in 
Germany,  and  Tschermak  in  Austria,  discovered  the  same 
truths  and  came  upon  Mendel’s  reports  in  their  search  for  prior 
publications. 

Because  there  is  a  tendency  to  confuse  the  various  generations 
involved,  during  discussion  of  Mendelian  experiments,  recent 
scientists  have  clarified  matters  by  adopting  a  simpler  set 
of  terms.1 

1.  Parent  cross.  The  original  cross  of  two  phases  of  any 
characteristic  such  as  colour,  height,  weight,  or  ability  is  known 
as  the  parent  cross.  In  a  parent  cross,  usually  the  phases  may 
be  crossed  either  way  between  the  male  and  female  organisms. 
The  parent  cross  is  equivalent  to  the  grandparent  generation  in 
human  affairs. 

2.  Fj.  or  Hybrid  Generation.  The  Fx  refers  to  the  first  filial 
(daughter)  generation,  the  offspring  from  the  parent  cross.  The 
individuals  of  this  generation  arc  described  as  monohybrids, 
dihybrids,  trihybrids,  or  polyhybrids,  according  to  the  number 
of  pairs  of  characteristics  involved  in  the  parent  cross.  If  both 

i  This  terminology  was  first  suggested  by  W.  Bateson,  an  English  geneticist. 
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parents  represent  pure  line  stoeks,  all  the  hybrids  will  be  alike. 
This  generation  indicates  also  whether  dominance  is  complete 
or  incomplete.  It  is  equivalent  to  the  parent  generation 
among  humans. 

3.  F>  Generation.  The  F2  or  second  filial  generation  is  that 
produced  when  individuals  of  the  F:  generation  are  crossed 
with  each  other,  or  “selfed”.  This  is  the  grandchild  generation 
in  which  the  individual  characteristics  are  segregated  according 
to  the  ratios  mentioned  previously,  (p.  145). 

What  contributions  have  been  made  by  other  scientists  to 
this  study  of  inheritance?  Joseph  Kolreuter,  a  German,  who 
lived  between  1733  and  1806,  was  really  the  pioneer  plant 
breeder.  He  conducted  systematic  experiments  betwen  1760 
and  1766,  one  hundred  years  before  Mendel.  He  discovered  the 
following  principles: 

1.  A  pollen  spore  (with  its  sperms)  is  just  as  important  as  an 
ovule  (with  its  egg)  in  determining  the  character  of  the 
offspring.  This  was  such  a  novel  idea  at  that  time  that 
many  contemporary  scientists  refused  to  accept  it. 

2.  Insects,  wind,  and  gravity  are  pollinating  agents. 

3.  Many  hybrids  are  intermediate  in  type  between  their 
parent  types.2 

4.  Hybrids  between  diverse  types  tend  to  be  sterile. 

5.  Hybrids  often  exceed  their  parents  in  vigour  and 
luxuriance. 

Kolreuter  did  not  observe  the  segregating  ratios  of  the  F2 
generation  because  he  did  not  self  the  individuals  of  the  F, 
generation. 

Correns  (p.  146)  conducted  his  experiments  with  flowers. 
Crossing  red  flowers  with  white,  he  obtained  only  pink  flowers 
in  the  F,  generation.  When  these  were  selfed,  the  F,  generation 
showed  25  per  cent  red,  50  per  cent  pink,  and  25  per  cent 
white.  When  the  reds  were  selfed,  they  bred  true,  as  did  the 
whites,  but  the  pinks  yielded  reds,  pinks,  and  whites  in  the 
1:2:1  ratio.  Correns’s  work  drew  attention  to  the  possibility  of 

2  This  statement  is  not  a  contradiction  of  Mendel’s  discoveries,  for  Kolreuter 
was  working  with  polyhybrids  and  not  with  monohybrids. 
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intermediate  hybrids  which  are  the  results  of  incomplete 
dominance ,  whereas  Mendel’s  experiments  with  peas  showed 
only  complete  dominance. 

Hugo  de  Vries  first  advanced  the  theory  of  sudden  proto¬ 
plasmic  changes  or  mutations  that  bred  true.  A  fortunate 
trick  of  fate  helped  him  to  discover  fundamental  truths.  He 
observed,  selected,  and  grew  evening  primroses  for  eighteen 
years,  but  what  he  believed  to  be  a  wild  fixed  type  was,  in  reality, 
a  complex  hybrid  which  intermittently  provided  new  strains. 

In  other  experiments  de  Vries  demonstrated  that  the  content 
of  sugar  in  sugar  beets  could  be  raised  from  an  average  per¬ 
centage  between  7  per  cent  and  14  per  cent  to  21  per  cent  by 
applying  the  principle  of  selection  to  variants  and  mutants. 

During  the  years  that  Mendel’s  work  went  unheeded,  Sir 
Francis  Galton  (1822-1911)  undertook  statistical  studies  of 
characteristics  in  human  family  trees.  After  collecting  much 
data,  he  stated  that  “The  two  parents  together  contribute 
one-half  of  the  total  heritage,  the  four  grand-parents  together 
one-quarter,  the  eight  great-grandparents  one-eighth,  and  all 
the  remainder  of  the  ancestry  one-eighth.” 

Another  outcome  of  his  research  was  his  emphasis  on  the 
obvious  importance  of  good  human  stock.  He  laid  the  founda¬ 
tion  of  the  science  of  Eugenics  which  aims  at  improving  and 
developing  the  human  race  by  favoring  the  better  stocks  and 
strains.  He  reasoned  for  early  marriages  and  the  rearing  of 
large  families  by  the  best  and  most  competent  members  of  every 
trade  and  profession. 

In  England,  Mendel’s  work  was  first  appreciated  by  W. 
Bateson  and  R.  C.  Punnett.  The  latter  developed  an  easy  way 
to  record  and  calculate  all  the  possible  types  of  offspring  from 
any  cross.  His  method  consists  of  a  table  of  squares  with  the 
types  of  sperms  arranged  across  the  top  and  the  types  of  eggs 
down  the  side.  As  any  sperm  might  chance  to  unite  with  any 
of  the  egg  types,  all  the  possible  combinations  could  be 
obtained  by  filling  in  the  sperm  characteristics  in  each  vertical 
column  and  the  egg  types  in  each  horizontal  line.  When  com¬ 
pleted,  each  square  would  represent  the  zygotes  with  their  two 
sets  of  chromosomes.  In  a  monohybrid  cross  of  black  guinea 
pigs  (dominant)  with  recessive  white,  all  hybrids  would  produce 
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gametes  bearing  either  black  or  white  factors  but  not  both. 
Representing  the  dominant  black  with  “B”  and  the  recessive 
white  with  “b  ”,  the  complete  table  would  appear  as  shown  in 
Figure  4-12. 

It  shows  that  the  gametes  could 
form  four  possible  combinations 
yielding  three  types: 

1  pure  dominant  in  square  1 ; 

1  hybrid  dominant  in  square  2; 

1  hybrid  dominant  in  square  3; 

1  pure  recessive  in  square  4. 

As  the  types  in  squares  2  and  3 
have  the  same  chromosome  composi¬ 
tion,  they  would  appear  alike.  The 
ratio  would  then  be  the  familiar  1 
pure  dominant,  2  hybrid  dominants, 
and  1  pure  recessive,  or  1:2:1.  As 
the  hybrids  in  this  case  are  indistin¬ 
guishable  from  the  pure  dominant 
we  can  see  clearly  how  the  Mendelian  ratio  of  3:1  originated. 

Punnett’s  squares  are  very  useful  when  working  with  more 
complex  crosses.  For  example,  starchy  corn  (maize)  is  dominant 
over  sugary  corn  as  is  red  kernel  over  cream  kernel.  When  a 
cross  of  “starchy-cream”  is  made  with  “sugary-red”,  the  F1  yields 
only  starchy  red  hybrids  which  develop  four  possible  2,'amete 
types  (Fig.  4-13). 


SPERM 

EGGS 

CD 

b 

B 

5  1 

$  2 

ft 

b 

i  ^ 

4* 

6  ^ 

<£D 

Fig.  4-12.  Punnett’s  squares 
provide  an  easy  way  to  calcu¬ 
late  possible  types  of  offspring- 
from  a  cross. 


Gametes 

Starchy-Red  represented  by  SR; 

Starchy-cream  represented  by  Sr; 
sugary-Red  represented  by  sR; 
sugary-cream  represented  by  sr; 

When  the  square  is  completed,  it  is  seen  that  there  are: 

9  apparently  Starchy-Red  dominants  (only  1,  that  in  No.  1, 
is  pure.) 

3  apparently  Starchy-cream  (only  one  pure,  that  in  No.  6.) 

3  apparently  sugary-Red  (only  one  pure,  that  in  No.  1 1 .) 

1  sugary-cream  (pure,  in  No.  16.) 
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Fig.  4-13.  Punnett’s  checkerboard  indicates  all  possible  gamete  types  when  a 
breeder  is  working  with  complex  crosses. 


Bateson  and  Punnett  experimented  with  the  hlne  Andalusian 
fowl  and  found  that  it  was  impossible  to  lix  the  slaty  blue  phase 
because  it  was  an  example  of  incomplete  dominance  discovered 
by  crossing  black  with  white  Andalusians.  1  hese  two  investi¬ 
gators  also  discovered  that  some  separate  characteristics  were 
not  always  inherited  independently.  Later  work  has  shown 
that  this  is  possible  when  the  characteristics  lie  on  the  same 
chromosomes. 
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Fig.  4-14.  Chromosome  maps  indicate  the  positions  of  the  various  genes  in  the 
chromosomes  of  fruit  flies. 
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Fig.  4-15.  Combs  of  chickens  are  of  four  types.  Gene  patterns  are:  A — rrpp, 
B — RRpp,  C— rrPP  or  rrPp,  D— RRPP,  RrPP,  RRPp,  or  RrPp  (capital  letters 
indicate  dominant  characteristics). 
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At  the  California  Institute  of  Technology,  Dr.  Thomas  Hunt 
Morgan  and  his  associates  experimented  for  years  with  the 
small  fruit  fly  (Drosophila),  the  species  that  we  can  find  buzzing 
around  any  fruit  stall  in  which  there  is  over-ripe  fruit.  These 
flies  are  excellent  material  for  experiments  because  they  com¬ 
plete  a  life  cycle  within  ten  days  and  thus  produce  grand¬ 
children  in  one  month.  As  they  have  only 
four  chromosomes  in  their  gametes,  the 
research  is  less  complicated.  These  men 
have  proved  that  several  unit  characteristics 
may  be  inherited  as  a  group  when  the  genes 
for  the  characteristics  all  lie  on  the  same 
chromosome.  They  have  located  and 
mapped  over  five  hundred  genes  on  the  four 
chromosomes  of  the  small  fruit  fly.  These 
results  are  not  contradictions  of  Mendel’s 
ideas,  but  rather  extensions  of  them.  In 
addition,  Dr.  Morgan  and  his  associates 
observed  that  genes  may  become  lost  from 
one  chromosome  and  attached  to  another. 
Further  observations  on  crossing  over, 
breaks,  inversions,  and  loss  of  parts  of 
chromosomes  suggest  the  ways  in  which 
many  mutations  arise.  Some  of  the  data  on 
'eyeball^^^  the  inheritance  of  various  characteristics  in 

LA?GE  ,  ,  •  3MAU:  common  plants  and  animals  has  been 

Fig.  4-16a.  Inheritance  of  eye  1  1  j  •  -r-  ui  xr  it 

characteristics.  assembled  in  I  able  No.  11. 
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Table  No.  11.  Inheritance  of  Common  Characteristics 

( For  reference  only) 


Plants 


Kind 

Dominant  Phase 

Recessive  Phase 

Corn 

Black  kernels 

red,  yellow  cream,  white  kernels 

Red 

yellow,  cream,  white  kernels 
cream,  white  kernels 

Yellow 

Starchy  (smooth) 

sugary  (wrinkled) 

Barley 

Beardless 

bearded 

2-Rowed  ears 

6-rowed  ears 

Peas 

Tallness 

dwarfness 

Smoothness  of  seeds 

wrinkled  seeds 

Purple  flowers 

white  flowers 

Sweet  Peas 

Coloured  flowers 

white  flowers 

Wheat 

Late  ripening 

early  ripening 

Winter  habit 

spring  habit 

Susceptibility  to  rust 

immunity  to  rust 

Club  head 

long  head 

Sweet  peppers 

Long  pointed  fruit 

broad,  short  fruit 

Tomatoes 

Red  fruit 

Animals 

yellow  fruit 

Chickens 

Pea  and  Rose  combs 

single  comb 

Coloured  feathers 

white  (of  Wyandottes)  feathers 

White  (of  Leghorns) 

coloured 

Yellow  skin 

white  skin 

High  egg  yield 

low  egg  yield 

Cattle 

Black 

white 

Hornless  (Paraguay  1770) 

horned 

Hereford  white  face 

other  colours 

Cats 

Tabby 

black  or  blue-grey 

Short  hair 

long  hair 

Dogs 

Gray 

black 

Fawn  (of  Collies) 

black 

Short  hair 

long  hair 

Stumpy  tail 

normal  tail 

Short  legs  (Dachshund) 

normal  legs 

Guinea  Pigs 

Black 

albino  white 

Rough  hair 

smooth  hair 

Short  hair 

long  hair 

Mottled  grey  (Agouti) 

solid  black  or  white 

Hogs 

White 

black 

Black 

red 

Fused  toes 

normal  separate  (cloven)  toes 

Horses 

Gray  colour 

any  other  colour 

Bay 

black  or  chestnut 

Trotting 

pacing 

Sheep 

White  fleece 

black  fleece 

Short  hair 

long  hair 

Rabbits 

Short  fur 

long  fur 

Mottled  Agouti 

all  other  colours 

Coloured 

albino 
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How  have  the  Laws  of  Inheri¬ 
tance  been  applied  in  the  breeding 
of  plants  and  animals?  Even  before 
Mendel’s  time  much  valuable  work 
had  been  done  to  improve  plants 
and  animals.  Most  of  our  basic 
food  plants  and  animals  had  then 
been  developed  to  a  useful  level. 
For  example,  man  had  used  the 
wild  Rock  Cress  of  Europe  to 
evolve  cabbages,  cauliflower,  broc¬ 
coli,  brussels  sprouts,,  kale,  ruta¬ 
baga,  and  kohl  rabi.  Similarly, 
from  animals  of  the  wolf  type  he 
had  produced  bulldogs,  fox  terriers, 
beagles,  collies,  setters,  pointers, 
spaniels,  wolf  hounds,  airedales, 
and  many  other  varieties  of  dog. 
All  these  changes  came  slowly, 
mainly  by  hit  and  miss  breeding- 
methods  and  by  patient  mass  selec¬ 
tion  continued  through  the  centu¬ 
ries.  Mendel’s  discoveries  crowned 
all  preceding  work  and  resulted  in 
a  remarkable  burst  of  enthusiasm 
and  understanding  that  gave  to  the 
world  the  best  domestic  plants  and 
animals  it  has  ever  produced. 

When  developing  new  species  of 
plants  and  animals,  breeders  em¬ 
ploy  one  or  more  of  the  following- 
techniques: 

Mass  Selection.  Breeders  who 
practise  mass  selection  choose  the 
best  appearing  animals  or  the 
heaviest  and  most  attractive  seeds 
to  propagate  a  species.  This  is  the 

Fig.  4-16!).  Hair  characteristics  arranged 
in  order  of  dominance  from  woolv  to  straight. 


REPRODUCTION  AND  MENDELISM 


155 


Table  No.  12. 

Inheritance  of  a  Few  Human  Characteristics 

Dominant  Recessive 


Normal  spacing  of  incisors 
High  intelligence  (not  completely) 
Normal  intelligence 
Clotting  of  blood 

Normal  colour  vision 

Long-sightedness 
Normal  sight 
Baldness 

Black,  brown  hair 
Brown  or  black  iris  of  eye 
Pigmented  retina 
Clockwise  “cow-lick”  whorl 
High-ridged  nose 
Six  fingers  (whites) 

Five  fingers  (negroes) 

Night  blindness  (few  red  retinal 
cells) 

Curly  hair  (flattened  threads) 


Gap  between  front  incisors 
Normal 

feeble-mindedness 

Haemophilia  (failure  to  clot)  sex- 
linked 

red-green  colour  blindness  (often 
sex-linked) 
normal 

short-sightedness 

normal  hair  (sex-linked  in  males) 

blonde  hair 

blue  or  grey  iris 

albino  pink  retina 

counter  clockwise  “cow-lick” 

normal  straight  nose 

five  fingers 

six  fingers 

normal  sight 

straight  hair  (cylindrical  threads) 


method  used  by  the  average  gardener  or  farmer.  In  many 
instances,  improvement  in  the  crop  is  noted,  but  occasionally 
the  breeder  is  disappointed  for  the  types  that  appear  to  be  the 
best  may  be  complex  hybrids  that  do  not  breed  true,  or  the  large 
heavy  seeds  may  have  been  from  plants  which  produced  only 
a  few  seeds  and  therefore  do  not  represent  a  heavy-yielding 
strain. 

Progeny  selection.  This  method  entails  the  observation  and 
testing  of  the  offspring  of  any  animal  before  that  individual  is 
used  extensively  as  a  breeder.  Progeny  breeding  is  a  convenient 
way  to  raise  the  productivity  of  domesticated  stock.  Poultry- 
men  whose  flocks  were  averaging  about  100  eggs  per  hen  per 
year  have  adopted  this  technique  and  in  a  few  years  raised  the 
average  yield  from  their  flocks  to  over  200  eggs  per  year. 
In  dairy  herds,  older  sires  with  proven  offspring  are  preferred 
to  young  untried  sires.  Ranchers  have  discovered  that  the 
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quality  of  range  cattle  may  be  improved  quickly,  even  in  one 
generation,  through  the  use  of  pure-bred  beef  bulls.  Breeders 
of  race  horses  also  are  familiar  with  the  advantages  of  progeny 
breeding,  for  the  reputations  of  most  stallions  are  based  upon 
the  records  established  by  their  progeny  rather  than  solely  upon 
their  own  track  records. 

Line  breeding.  Line  breeding  differs  from  mass  selection 
in  that  one  family  of  animals  or  a  single  ideal  plant  is  selected 
and  propagated  until  its  type  is  fixed  and  its  value  is  preserved. 
During  this  period,  animals  of  the  same  strain  are  mated  to 
“fix”  certain  desirable  characteristics.  Pollination  of  plants  is 
controlled  with  the  same  care.  When  the  breeder  is  satisfied 

with  the  strain  developed, 
it  is  produced  in  commer¬ 
cial  quantities. 

Inbreeding.  When 
closely  related  animals  are 
mated  to  fix  certain  char¬ 
acteristics,  the  procedure  is 
described  as  inbreeding. 
Many  persons  hold  false 
ideas  about  this  technique, 
believing  that  it  results  in 
poor  stock  and  deformed 
monstrosities.  On  the  con¬ 
trary,  in  the  hands  of  a 
skilful  breeder  who  is  able 
to  select  wisely,  it  is  one  of 
the  most  useful  techniques 
for  eliminating  the  genes 
that  cause  monstrosities  and  for  the  production  of  a  pure  strain. 
Inbreeding  is  almost  always  required  to  fix  desirable  charac¬ 
teristics  and  thus  establish  a  new  variety. 

Hybridizing.  This  term  is  used  to  describe  the  general 
practice  of  selecting  and  crossing  two  pure  types  to  produce 
either  a  new  type  that  will  embody  the  best  characteristics  of 
both  parents  or  a  hybrid  generation  that  is  superior  in  vigour 
and  size  to  both  parental  types. 


Courtesy  —  Webster 


Fig.  4-17a.  Producing  seed  from  a  crop  of 
carrots  (Grand  Forks,  B.  C.) 


Courtesy  ■ 

Fig.  4-17b.  Producing  onion  seed  at  Keatings,  V.  I. 


Webster 


When  the  objective  of  the  breeder  is  an  improved  type  that 
will  breed  true,  the  initial  hybrid  cross  must  be  followed  by 
inbreeding,  selection,  and  fixing  in  order  to  eliminate  any 
undesirable  results  of  the  cross  and  isolate  the  type  which  is  to 
be  propagated.  On  the  other  hand,  when  the  objective  is  a 
hybrid  generation  that  will  provide  more  food  for  the  human 
race,  the  hybrids  are  not 
propagated.  However,  the 
breeders  must  carefully  select 
and  breed  the  pure  strains  in 
order  to  maintain  the  quality 
of  the  parental  types  required 
to  produce  this  prohtable 
hybrid  generation.  Occasion¬ 
ally  the  promiscuous  crossing 
of  types  or  the  failure  of  a 
careless  or  incompetent 
breeder  to  select  wisely  has 
lowered  the  quality  of  a 
special  strain  until  the  pro¬ 
geny  is  little  better  than  the  Courtesy  U.S.  Department  of  Agriculture 

wild  type  from  which  their  Fig.  4-18.  Black-and-white  Holstein  gave 

ancestors  descended.  This  re-  birth  t0  twin  calves>  one  of  which  was  red- 

suit  is  referred  to  as  reversion.  “1”adn*hjte'  Can  you  accounl  for  ",is  colol,r 
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How  have  the  many  domesticated  strains  ol  plants  and 
animals  been  developed?  Before  Europeans  discovered  the 
Americas,  the  inhabitants  of  these  continents  cultivated  and 
improved  such  common  crops  as  maize,  potatoes,  beans,  squash, 
cassava,  pineapple,  and  upland  cotton.  The  Incas  of  Peru 
receive  much  of  the  credit  for  the  domestication  of  these  crops. 

Among  more  recent  plant  breeders,  the  work  of  Luther 
Burbank  (1849-1926)  is  outstanding.  His  first  venture  into  the 
field  of  plant  breeding  occurred  when,  as  a  high  school  boy  in 
Massachusetts,  he  found  a  potato  ball  (fruit)  on  one  of  his 
mother’s  plants.  He  planted  the  seeds  which  he  saved  from  the 
potato  ball  and  twenty-three  of  these  produced  an  outrageous 
array  of  tubers.  However,  one  plant  yielded  shallow-eyed,  long 
potatoes  which  yielded  heavily  and  kept  well  in  storage.  He 
sold  this  new  variety  to  a  seed  house  for  $150  and  during  the 
last  fifty  years  this  “Burbank”  potato  has  brought  an  average 
annual  profit  of  $17,000,000  to  American  farmers. 

At  an  early  age,  Burbank  moved  to  Santa  Rosa,  California, 
where  he  devoted  his  time  and  energy  to  horticultural  pursuits. 
Among  his  manv  novel  contributions  are: 

O  J 

1.  A  thornless  cactus  that  has  become  a  useful  fodder  plant. 

2.  California  poppies  which  differ  from  the  small  yellow 
wild  flower  in  that  they  are  white,  orange,  red,  pink,  and 
frilled. 

3.  The  paradox  walnut  which  grows  into  a  marketable 
tree  in  fifteen  years  instead  of  fifty  by  adding  one  or  two 
inches  to  its  diameter  each  year. 

4.  The  luscious  plumcot  that  resulted  from  a  cross  between 
plum  and  apricot. 

5.  The  sugar  prune  and  large  Burbank  standard  prune. 

6.  A  white  blackberry. 

7.  Sour  cherries  whose  stony  pits  remain  attached  to  the  tree 
when  the  fruit  is  picked. 

Improvement  of  Potatoes.  A  century  ago,  potatoes  were 
about  the  size  of  tennis  balls  and  the  shape  of  one’s  fingers, 
only  slightly  improved  over  the  wild  Peruvian  type.  In  1853, 
the  Reverend  Chauncey  Gooderich,  New  York  State,  crossed 
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many  varieties  of  South  American 
potatoes.  From  a  cross-pollinated, 
rough  Chilean  variety  he  obtained  a 
larger  potato  which,  in  turn,  was 
allowed  to  produce  seeds.  When  these 
seeds  were  planted,  one  of  the  result¬ 
ing  plants  produced  large,  pink-tinted 
tubers  with  deep  eyes.  This  was  the 
origin  of  the  famous  Early  Rose 
variety  from  which  have  sprung  Early 
Ohio,  Irish  Cobbler,  Burbank,  and 
numerous  other  well-known  varieties. 

Strawberries.  Another  important 
hybridization  is  found  in  the  crossing 
of  the  wild  cliff-strawberry  (Fragaria 
chiloensis),  native  of  the  Pacific  Coast 
of  the  Americas  from  Chile  to  Alaska, 
with  the  common  wild  species  of 
Eastern  North  America  (F.  virginiana) 
to  provide  our  many  delicious  varie¬ 
ties  of  cultivated  strawberries. 

Wheat.  Few  applications  of  Men¬ 
del’s  Laws  exceed  in  importance  the 
development  of  modern  disease- 
resistant  varieties  of  wheat.  Varieties 
of  spring  wheat,  obtained  from  both 
Europe  and  Asia,  were  crossed  and 
re-crossed  and  the  progeny  tested  for 
yield,  baking  power,  and  disease- 
resistance.  Several  well-known  varie¬ 
ties  have  been  produced,  chief  of 
which  are  Marquis,  Renown,  Thatch¬ 
er,  and  Apex.  Although  each  of  these 
lias  one  or  two  of  these  qualities, 
research  laboratories  are  continuing 
the  search  for  a  variety  that  will  have 
all  three1. 

Fig.  4-19.  Results  of  poultry  breeding.  Common  types 
of  chickens.  Key:  1 — Gallus  bankivus  (jungle  fowl), 
2 — Brahma  cock  (Asiatic),  3 — white  leghorn  pullet 
(Mediterranean),  4 — Dorking  pullet  (English),  S — 
Barred  Plymouth  Rock  pullet  (American). 


1  Handbook  of  Canadian  Spring  Wheat  Varieties,  Department  of  Agriculture,  Ottawa,  Can. 
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Poultry.  Crossing  the  light-weight,  active  Mediterranean 
fowl  with  the  larger,  heavy,  sluggish  Asiatic  chickens  resulted 
in  the  production  of  Plymouth  Rocks,  Rhode  Island  Reds,  and 
numerous  other  utility  breeds. 

Some  hybrids  are  superior  to  their  parents.  Ranchers  cross 
either  Herefords  or  Aberdeen  Angus  cattle  with  Shorthorns. 
Herefords  contribute  hardiness  and  early  maturity  to  the  cross; 
Aberdeen  Angus  contribute  quality  and  early  maturity;  Short¬ 
horns  bring  size  and  quality. 

In  the  corn  belt,  the  planting  of  hybrid  corn  has  become 
standard  practice  and  has  increased  yields  between  10%  and 
15%.  This  technique  has  been  used  also  in  crossing  breeds 
of  chickens  and  the  practice  may  be  extended,  for  crosses 
between  guinea  fowl  and  chickens  furnish  offspring  twice  as 
heavy  as  either  parent. 

Many  hybrids  are  sterile.  Our  use  of  the  results  of  hybridiz¬ 
ation  becomes  increasingly  difficult  as  we  mate  very  diverse  types, 
for  usually  hybrids  of  these  extreme  crosses  are  sterile,  superior 
though  they  may  be  in  many  respects.  The  mule,  a  hybrid 

obtained  when  donkey  and 
horse  are  crossed,  is  not 
used  to  provide  more  mules. 
When  cattle  are  mated  with 
buffalo  to  produce  catallo,  all 
the  male  hybrids  are  sterile, 
although  the  female  hybrids 
are  fertile  with  either  cattle 
or  buffalo.  Other  interesting; 
sterile  hybrids  are  the  swoose 
(swan  x goose),  guiowl  (guinea 
hen  x  fowl),  gooks  (goose  x 
duck),  and  pheasken  (pheas¬ 
ant  x  chicken). 

What  new  techniques  per¬ 
mit  breeders  to  achieve  a 
greater  rate  of  increase  from 
the  more  valuable  domesti¬ 
cated  animals?  Recently,  new 
techniques  have  made  it 


Fig.  4-20.  Interesting  results  obtained  from 
a  recent  experiment.  A — mule  (result  of 
crossing  horse  and  donkey)  ;  B — :mule-like 
animal  (result  of  crossing  fertile  mule  and 
donkey)  ;  C — horse-like  animal  (result  of 
crossing  fertile  mule  and  horse).  Note: 
Usually  mules  are  sterile. 
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possible  for  breeders  of  dairy  cattle  to  obtain  from  eight  to 
twenty  calves  per  year  from  their  best  cows.  Fertilized  eggs 
from  a  very  valuable  cow  are  planted  in  the  reproductive  tracts 
of  scrub  or  grade  cows  where  the  embryos  develop  in  the  usual 
manner.  Each  inferior  cow  gives  birth,  not  to  one  of  her  own 
calves,  but  to  the  artificially  placed  stock.  This  procedure  can 
be  employed  successfully  only  because  the  special  set  of  chromo¬ 
somes  inherited  from  the  pure  bred  mother  determines  the 
quality  of  the  offspring,  not  environmental  factors  such  as  the 
bodies  of  the  cows  in  .which  the  embryos  developed. 

Similarly,  sperms  from  a  superior  bull  may  now  be 
introduced  to  fertilize  the  “eggs”  in  hundreds  of  dairy  cows, 
thus  making  it  possible  to  increase  rapidly  the  number  of 
offspring  from  the  best  sires. 

These  remarkable  achievements  of  breeders  during  the  past 
century  are  but  an  indication  of  the  interest  that  has  been 
aroused  in  the  field  of  rural  science  and  of  the  progress  reported 
to  date.  Recently,  more  attention  is  being  directed  to  measures 
that  would  lead  to  the  improvement  of  the  human  race. 

How  may  our  knowledge  of  heredity  be  employed  to  improve 
the  human  race?  Until  the  latter  part  of  the  past  century,  man 
paid  little  attention  to  the  improvement  of  human  stock,  and 
even  since  interest  has  been  aroused  by  students  of  genetics, 
only  a  very  small  portion  of  the  knowledge  assembled  has  been 
utilized  to  improve  the  race.  Several  reasons  are  advanced  to 
account  for  this  failure  to  apply  the  laws  of  inheritance  to 
humans: 

1.  For  a  long  time  many  individuals  have  refused  to  believe 
that  human  traits  were  inherited  in  accordance  with  Mendel’s 
Laws.  Indisputable  evidence  is  gradually  breaking  down  this 
opposition. 

2.  Among  humans,  marriages  are  usually  arranged  by  the 
parties  interested  with  little  thought  of  the  biological  factors 
involved. 

3.  Instruction  in  the  basic  principles  of  heredity,  environ¬ 
ment,  and  sex  have  only  recently  been  introduced  into  schools. 
Even  now  there  are  many  schools  where  these  concepts  are  not 
taught  and  few  parents  have  this  knowledge  to  pass  on  to  their 
children. 
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4.  The  lapse  of  time  between  human  generations  (20  years) 
makes  any  program  for  improvement  difficult  to  maintain. 

5.  The  methods  employed  by  plant  and  animal  breeders, 
who  choose  only  the  best  strains  and  eliminate  undesirable 
individuals,  cannot  be  applied  directly  to  the  improvement  of 
the  human  race. 

6.  Most  countries  forbid  close  intermarriage.  This  restric¬ 
tion  prevents  the  establishment  of  pure  lines  by-  inbreeding. 
When  the  intermarriage  of  related  individuals  is  being  con¬ 
sidered,  the  question  should  not  be  whether  relatives  should 
or  should  not  marry,  but  whether  there  are  or  are  not  undesir¬ 
able  recessive  genes  in  their  family  history.  Some  of  England’s 
most  noted  families  have  come  from  the  intermarriage  of  fine 
stocks.  The  Wedgewood-Darwin  genealogical  tree  (Fig.  4-21) 
provides  an  interesting  study  of  the  results  of  the  intermarriage 
of  two  strong  lines. 
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Fig.  4-21.  The  Wedgewood-Galton-Darwin  family  provides  a  record  ill ustrat 
ing  the  inheritance  of  unusual  ability'  when  three  noted  families  intermarried. 
Black  squares  represent  eminent  men.  Numbers  in  circles  indicate  additional 
female  children. 
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On  the  other  hand,  many  of  die  depraved  characters  of  the 
world  have  come  from  the  intermarriage  of  inferior  strains. 

Any  young  science  is  hampered  by  a  lack  of  authentic  data 
but  Eugenics,  since  it  was  proposed  by  Francis  Galton  in  1883, 
has  made  rapid  strides  through  the  knowledge  of  what  has  been 
done  in  animal  breeding.  At.  present  we  are  able  to  study 
family  histories  and  genealogies  to  see  what  desirable  and 
undesirable  traits  persist.  This  information  is  very  useful  in 
formulating  regulations  governing  marriage,  health  examina¬ 
tions,  sterilization,  and  immigration.  It  offers  a  sound  guide  to 
those  nations  which  are  attempting  to  increase  the  better  stocks. 
Eugenics  also  teaches  us  the  wisdom  of  segregating  the  unfit  and 
of  sterilizing  imbeciles.  From  this  science  we  learn  also  that 
any  nation  is  composed  of  three  main  groups: 

1.  The  best  stock  that  consists  of  about  10  per  cent  of  the 
population  and  includes  the  gifted  individuals  who  are 
responsible  for  nearly  all  the  advances  and  provide  most 
of  the  leaders.  This  group  is  not  composed  entirely  of 
rich  individuals.  Even  in  this  group  most  human  progress 
must  be  credited  to  one-tenth  of  its  membership,  that  is, 
to  one  per  cent  of  the  total  population. 

2.  The  stock  of  average  quality  which  comprises  eighty  per 
cent  of  the  population.  These  people  are  law-abiding, 
self-supporting,  and  make  useful  contributions  toward 
the  maintenance  of  their  society. 

3.  The  undesirable  stock  that  totals  approximately  ten  per 
cent  of  the  population  and  furnishes  most  of  the  moral 
delinquents,  paupers,  shiftless  persons,  idiots,  imbeciles, 
and  morons.  These  make  little  or  no  contribution  to 
society  and,  because  of  their  irresponsible  actions, 
constitute  a  burden  and  often  a  menace. 

Records  show  that  the  undesirable  stock  multiplies  most 
rapidly  and  the  best  stock  very  slowly.  In  Great  Britain 
between  1906  and  1927  the  feeble-minded  increased  by  100%, 
whereas  the  entire  population  increased  by  only  14%.  In  that 
country,  each  pair  of  superior  humans  produces  on  an  average 
fewer  than  two  children,  while  each  pair  of  feeble-minded  gives 
birth  to  three  or  more.  If  a  country  started  with  a  population 
of  which  half  was  superior  and  the  other  half  inferior  and  the 
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two  types  reproduced  approximately  at  these  rates,  in  four 
generations  the  feeble-minded  would  greatly  outnumber  those 
with  superior  intellects  (Table  No.  13). 


Table  No.  13.  Data  Supporting  Birth  Control 


Better  Stock 

Poorer  Stock 

(Reproducing  2  for  2) 

2  (50%  of  population) 

parents,  or  start 

(Reproducing  3  for  2) 

2  (50%  of  population) 

2 

1st  Generation 

3  (60%  of  population) 

2 

2nd  Generation 

44 

2 

3rd  Generation 

6  Ya 

2  (164%  of  population) 

4th  Generation 

10  (831%  of  population) 

To  maintain  itself  against  accidents,  early  death,  and  sterility, 
a  stock  should  produce  about  three  children  per  couple. 
Eugenics  teaches  that  we  should  encourage  reproduction  by 
stock  that  is  of  average  quality  or  better  and  that  we  should 
discourage  reproduction  by  undesirable  stock.  Some  progressive 
nations  are  trying  to  solve  this  problem  by  providing  either 
free  hospitalization  or  grants  for  maternity  cases,  tax  exemp¬ 
tions  for  minor  children,  bonuses  in  proportion  to  the  number 
of  healthy  children,  and  heavier  taxation  on  single  persons. 
In  no  country  has  a  complete  program  been  established  to  solve 
this  problem. 

Control  of  the  undesirable  elements  in  modern  society  is 
imperative.  In  the  past,  this  control  came  through  plagues, 
famines,  and  wars.  Today,  many  persons  who  previously  would 
have  been  eliminated  by  natural  causes  are  protected  in  insti¬ 
tutions  or  homes. 

Among  humans  other  inheritable  characteristics  besides 
intelligence  need  careful  consideration.  Epilepsy  and  some 
tendencies  toward  insanity  can  be  transmitted.  Pre-disposition 
to  cancer,  tuberculosis,  and  kidney  diseases  is  transmissable, 
although  these  diseases  may  not  appear  if  care  is  exercised.  On 
the  other  hand,  energy,  enthusiasm,  and  aggressiveness  are 
considered  desirable  by  the  majority  of  people.  These  are 
based  upon  biologic  make-up.  Each  contracting  party  to  a 
marriage  should  know  and  has  a  right  to  know  the  physical 
and  mental  history  of  the  mate’s  family,  because  “pedigree 
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tells”  better  than  any  other  information  what  the  future  will 
provide  in  health  and  happiness.  The  poet  Heine  half- 
laughingly  wrote,  ‘‘A  man  cannot  be  too  careful  in  the  selection 
of  his  parents.” 

To  what  extent  can  the  results  of  sexual  reproduction  be 
affected  by  environmental  factors?  Over  one  hundred  years 
ago,  Lamark  advanced  the  rather  attractive  theory  that 
acquired  modifications  of  an  organism  could  be  transmitted 
to  its  offspring.  A  closely  related  view  is  shared  by  advocates 
of  Euthenics  and  social  service  workers  who  claim  that  better 
economic  and  cultural  advantages  for  the  entire  population 
are  essential  to  raise  civilization. 

Nutrition.  Humans  profit  from  adequate  nutrition,  not 
only  in  physical  vigour,  but  in  intelligence.  Recent  investiga¬ 
tions  have  shown  that  the  intelligence  of  poorly  fed  persons 
may  be  increased  by  an  average  of  nearly  ten  points  (5-18)  by 
an  adequate  diet. 

Education.  Education  is  an  important  factor.  When 
children  begin  their  education  at  an  early  age,  there  is  a 
permanent  increase  in  I.Q.  On  the  other  hand,  delay  and 
neglect  seem  to  impair  intelligence  equally  permanently.  In 
the  Midlands  of  England  there  is  a  group  of  citizens  who  live 
their  entire  lives  on  canal  boats.  Their  children  receive  no 
schooling,  with  the  result  that  their  I.Q.  falls  from  an  average 
of  90  at  age  six  to  an  average  of  60  at  age  twelve. 

Home  life.  Being  born  or  adopted  into  a  refined  and 
educated  family  is  a  great  advantage.  Children  adopted  into 
superior  families  show  an  increase  in  I.Q.  and  also  higher 
average  I.Q.’s  than  might  be  expected  from  the  intelligence  of 
their  true  parents.  The  mental  stimulus  and  lack  of  “baby 
talk”  during  early  childhood  remove  handicaps  and  allow 
children  to  develop  more  rapidly.  Lack  of  superstitions  also 
enables  these  children  to  progress  more  rapidly.  City  life  also 
appears  to  have  a  stimulating  effect  upon  intelligence  for 
children  removed  from  rural  conditions  to  city  life  show  an 
average  increase  of  five  points  in  I.Q. 

Work.  Long  hours  of  work  during  childhood  are  definitely 
harmful  to  the  individual  and  to  the  nation.  “All  work  and  no 
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play  makes  Jack  a  dull  boy”.  Play  enables  many  humans  to 
become  socially  adjusted  to  their  companions. 

Economic  status.  Improvement  in  the  economic  status  of 
the  lower  classes  would  probably  lower  the  death  rate  among 
them,  but  at  the  same  time  it  is  likely  to  lower  to  a  greater 
extent  the  birth  rate  so  that  the  net  increase  would  be  actually 
lowered.  Doubtless,  improvement  in  economic  status  would 
increase  measurably  the  general  average  of  intelligence  and 
of  health. 

Elealth  and  Sanitation.  Poor  health  is  a  great  handicap  to 
an  individual.  All  too  frequently  it  is  associated  with  ignorance 
and  with  superstition.  An  example  of  how  lack  of  accurate 
knowledge  may  affect  the  health  of  individuals  and  of  the 
group  is  provided  in  the  Gulf  States  and  other  Southern  States 
of  the  U.  S.  A.  In  that  area  the  intestinal  hookworm  parasitizes 
a  large  percentage  of  the  population,  both  white  and  coloured. 
Many  of  the  residents  of  this  region,  both  negroes  and  whites, 
go  barefoot.  Owing  to  the  lack  of  proper  sanitation,  hook¬ 
worms  from  the  filthy  mud  are  able  to  enter  the  feet  of  humans 
through  abrasures  and  to  work  their  way  to  the  digestive  tract 
where  they  feed  on  blood  and  digested  foods.  These  parasites 
sap  energy  and  enthusiasm  from  their  hosts  and  have  been 
largely  responsible  for  the  shiftlessness  of  southern  negroes  and 
the  “poor  white  trash”.  When  carbon  tetrachloride  or  other 
recently  discovered  drugs  are  employed,  and  shoes  are  worn, 
the  parasites  have  been  controlled  effectively.  The  effect  on 
citizens  of  the  area  treated  is  apparent  in  the  form  of  a  marked 
increase  in  mental  activity,  in  vigour,  in  morale,  and  in 
industry. 

Similarly,  malaria  fever  in  the  moist  tropical  and  sub  tropical 
lands  robs  millions  of  persons  each  year  of  health  and  earning 
capacity.  This  fever  is  very  debilitating  and  is  one  of  the 
major  causes  of  the  listlessness  of  natives  of  tropical  countries. 
The  downfall  of  ancient  Rome  was  accelerated  by  the  unremit¬ 
ting  attacks  of  malaria-spreading  mosquitoes  that  swept  away 
courageous  and  clear-sighted  leaders  and  weakened  the  mass 
of  citizens. 

During  the  Middle  Ages  and  continuing  down  to  the  middle 
of  the  last  century,  the  expectancy  of  human  life  averaged 


REPRODUCTION  AND  MENDELISM 


167 


15  to  18  years.  Today,  in  the  western  nations  it  is  between 
45  and  55  years.  When  the  death  rate  is  so  high  as  to  cut  down 
most  persons  by  their  eighteenth  year,  it  means  that  each 
generation  is  devoting  most  of  its  energies  to  raising  the  young, 
only  to  see  them  die  without  contributing  to  the  social  wealth. 
With  a  life  expectancy  of  45  to  55  years,  citizens  may  average- 
thirty  years  of  useful  social  work.  This  contribution  tends  to 
make  a  nation  strong  and  to  raise  the  general  standard  of 
civilization  and  education. 

Plants  and  Animals.  Among  all  living  organisms  the  same 
general  principles  of  Euthenics  may  be  applied  with  profit. 
Most  gain  from  both  plants  and  animals  is  achieved  when  our 
efforts  provide  the  best  nutrition,  shelter,  space,  exercise  (if 
necessary),  air,  sunshine,  cleanliness,  sanitation,  and  protection 
from  parasitic  organisms  of  all  types. 

Note  :  Activities  marked  with  asterisks  should  be  completed  by  all  students. 


Activities 

A 

1.  Problem — To  study  the  parts  of  various  plants  which  enable  them 
to  reproduce  asexually. 

Examine  bulbs,  corms,  tubers,  rhizomes,  and  runners.  Sketch  and  label 
the  parts  of  each. 

2.  Problem — To  study  the  “eye”  of  a  potato.  Cut  a  thin  section  through 
the  eye  of  a  potato  tuber.  Examine  the  slice  under  a  microscope.  Sketch 
and  label  the  parts  observed. 

*3.  Problem — To  examine  the  parts  of  typical  flowers  and  to  determine 
how  each  flower  makes  provision  for  the  pollination  of  its  stigma. 

Collect  fresh  flowers  from  several  different  plants.  Examine^  and  sketch 
the  various  flowers.  Note  how  each  is  specially  adapted  for  pollination. 

*4.  Problem — To  determine  how  fungi  reproduce  their  kind. 

Grow  a  colony  of  bread  mould  and  examine  the  reproductive  parts. 
Examine  under  a  microscope.  Sketch  and  label  the  parts.  Collect  mush¬ 
rooms  or  other  similar  fungi.  Examine.  Obtain  a  spore  print  from  a 
mature  specimen. 

5.  Problem — To  study  the  life  history  of  a  typical  insect. 

Collect  eggs,  larvae,  pupae,  and  adults  of  various  insects.  Keep  these 
in  a  terrarium  for  observation.  Examine  and  note  the  difference  between 
larva,  pupa,  and  adult  of  each  of  the  species  examined. 
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*6.  Problem — To  illustrate  Galton’s  Law  by  means  of  coins. 

Toss  ten  coins  over  200  times  (Groups  of  students  may  toss  separate 
tens,  then  combine  results).  Record  all  heads  and  tails  of  each  toss  in 
columns  such  as 

10H  9H  8H  7  H  6H  5H  4H  3H  2H  1H  OH 

0T  IT  2T  3T  4T  5T  6T  7T  8T  9T  10T 

Convert  all  data  into  a  graph.  What  does  this  graph  illustrate  about 
variations? 

7.  Problem— To  discover  evidence  of  Mendelian  inheritance  in  the  local 
district. 

Make  a  survey  of  the  school  area  and  assemble  specimens  for  the 
school  collection.  Label  each  exhibit  carefully,  listing  evidence  of  Men¬ 
delian  inheritance. 

8.  Problem — To  build  a  genealogical  tree. 

Make  a  graph  of  your  own  genealogical  tree  to  show  how  certain 
characteristics  have  been  transmitted  (colour  of  hair  and  eyes,  freckles, 
texture  of  hair,  height,  shape  of  nose  or  ears,  etc.). 

B 

(In  the  problems  on  heredity  it  is  of  great  advantage  to  designate  the 
appropriate  generations  as  parent  cross,  Fi,  or  F2.) 

1.  Among  humans  a  gap  between  the  front  four  incisors,  dividing  them 
2-2,  is  recessive  to  normal  spacing  of  teeth,  and  blonde  hair  is  recessive 
to  black.  A  black-haired  man  with  a  gap  between  his  incisors  married  a 
blonde  woman  with  normal  teeth.  From  this  marriage  six  children  resulted. 

(a)  How  many  children  would  likely  have  gaps  between  their  front 
incisors  ? 

(b)  How  many  children  would  carry  the  factor  for  “gap”? 

(c)  How  many  children  would  likely  be  blonde-haired? 

(d)  How  many  children  would  likely  be  black-haired  but  carrying 
the  gene  for  blonde? 

(e)  How  many  children  would  likely  be  blonde  and  have  gaps  be¬ 
tween  incisors? 

(f)  How  many  children  would  be  black-haired  and  have  gaps  be¬ 
tween  incisors? 

2.  A  pair  of  completely  black  guinea  pigs  were  mated  and  gave  birth 
to  five  litters  totalling  37  young.  Nine  of  these  were  white. 

(a)  What  colour  were  the  parents  of  the  black  pair? 

(b)  To  what  generation  did  the  black  pair  belong? 

(c)  How  many  of  the  37  would  likely  be  entirely  black? 

(d)  How  many  young  pigs  would  be  black-and-white? 

3.  Mendel  in  one  of  his  experiments  crossed  yellow-seeded  peas  with 
green-seeded  and  obtained  an  Fx  of  256  plants  bearing  only  yellow  seeds. 
He  selfed  these  plants  and  harvested  8,023  from  them  in  the  fall. 

(a)  How  many  of  these  seeds  would  likely  be  green-seeded? 

(b)  How  many  would  be  yellowish-green? 

(c)  How  many  would  be  mottled  yellow  and  green  ? 

(d)  How  many  would  be  yellow? 

4.  From  the  yellow-seeded  F„  peas  mentioned  in  No.  3,  Mendel  raised 
519  self-pollinated  plants  to  fruition. 


REPRODUCTION  AND  MENDELISM 


169 


(a)  How  many  of  these  F3  would  you  expect  to  breed  true  yellow? 

(b)  How  man3r  of  these  F3  would  you  expect  to  yield  the  yellow, 
intermediate  colour,  and  green  in  the  1:2:1  ratio? 

(c)  How  many  of  these  would  yield  green  and  yellow  in  the  3:1 
ratio? 

(d)  How  many  of  these  would  breed  as  pure  green  stock? 

5.  Make  a  complete  report  on  the  work  of  one  of  these :  Sir  Francis 
Galton,  Luther  Burbank,  Thomas  Hunt  Morgan. 

6.  Make  a  report  on  the  sex-linked  nature  of  colour  blindness  and 
haemophilia  in  humans. 

7.  (a)  What  is  the  essential  difference  between  a  body  cell  and  a  repro¬ 
ductive  cell?  How  do  these  differences  arise? 

8.  Discuss  the  advantages  and  disadvantages  of  the  following  eugenic 
measures:  Health  certification  before  marriage,  sterilization  of  low  men¬ 
tal  types,  control  of  immigration,  interbreeding  of  various  nationalities. 

9.  Make  a  report  on  the  use  of  the  (a)  Fruit  fly  (Drosophila)  in 
studying  heredity,  (b)  of  the  guinea  pig. 

10.  Under  what  conditions  could  two  dark-haired  parents  have  one  or 
more  children  with  red  hair? 

11.  Explain  how  mitosis  divides  the  genes  evenly  between  daughter 
cells. 

12.  How  does  reduction-division  cause  gametes  to  differ  in  chromo¬ 
somes. 

C 

(Do  not  write  in  the  blank  spaces) 

1.  In  most  types  of  cells,  the  protoplasm  is  divided  into  -  and 


2.  The  chemicals  which  determine  the  characteristics  of  organisms  are 

located  in  the  - which  occur  as  ladder-like  bands  on  the  - . 

3.  Reproduction  during  which  two  gametes  (one  from  each  of  two 

parents)  unite  to  form  a  zygote  is  described  as  - reproduction. 

4.  When  the  offspring  has  only  one  parent,  the  reproduction  is  described 

as  - . 

5.  Rhizomes,  bulbs,  and  runners  are  adaptations  used  in - repro¬ 

duction. 

6.  Binary  fission  is  accompanied  by  the  - of  lost  parts. 

7.  A  spore  is  a  - , - reproductive  body. 

8.  Variations  in  organisms  are  caused  either  by  -  or  changes  in 


9.  Mutations  may  be  induced  artificially  by  - . 

10.  A  gamete  (either  sperm  or  egg)  contains  - -  set  (or  sets')  of 

chromosomes. 

11.  A  zygote  contains  -  set  (or  sets)  of  chromosomes. 

12.  State  the  Law  of  Dominance  - . 

13.  State  the  Law  of  Unit  Characters  - . 

14.  State  the  Law  of  Segregation  - . 
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15.  Hybrids  resulting  from  extreme  crosses  are  usually  - .  ■ 

16.  Define  hybrid - . 

17.  Define  mass  selection  - . 

18.  Define  line  selection  - . 

19.  Define  Eugenics  - . 

20.  Define  Euthenics  - . 

21.  Indicate  an  important  contribution  to  the  science  of  Genetics  by : 

(a)  Mendel - . 

(b)  de  Vries  - . 

(c)  Sir  Francis  Galton  - . 

(d)  R.  C.  Punnett  - . 

(e)  Luther  Burbank - . 


D 


1.  Two  pure-bred  varieties  of  maize  (corn),  “A”  and  “B”,  were  crossed, 
yielding  the  F1  generation  “X”.  The  plants  of  the  Fx  generation  were 
self-pollinated  and  produced  the  F,  generation,  “Y”.  The  growth  char¬ 
acteristics  of  average  plants  of  “A”,  “B”,  “X”  and  “Y”  are  indicated  in 
accompanying  chart  (Fig.  4-22). 

By  using  the  scale  pro¬ 
vided  on  page  74,  evalu¬ 
ate  the  soundness  of  each 
of  the  following  state¬ 
ments. 

1.  Corn  plants  increase 
in  height  at  a  uniform  rate 
until  they  reach  maturity. 

(1)  - - 

2.  About  25  per  cent  of 
the  plants  in  the  “Y”  gen¬ 
eration  would  have  growth 
characteristics  similar  to 
those  of  the  “B”  strain. 

(2)  - 

3.  About  50  per  cent  of 

the  “Y”  group  would  have 
growth  characteristics  sim¬ 
ilar  to  those  of  the  “A” 
strain.  (3)  - 

4.  Growth  in  height  of 

all  strains  is  less  rapid  for 
the  first  thirty  days  than 
for  any  other  similar 
period  until  the  plants  are 
mature.  (4)  - 

5.  Seeds  from  the  F, 

Fig.  4-22.  Chart.  generation  would  contain 

a  greater  store  of  food  and 

minerals  than  would  any  of  the  other  seeds  used  in  this  experiment. 

(5) - 


* 

/ 

/ 

/  / 

/ ' 

/ 

f 

, 

// 

/ 

b 

/ 

/ 

f 

/ 

i 

/ 

/ 

.7 

// 

/ 

/ 

/' 

/ 

/ 

o' 

/ 

V 

// 

/ 

i 

K 

)  20  31 

I  40  5< 

3  60  7 

d5< 

i  <?0 

REPRODUCTION  AND  MENDELISM 


171 


6.  This  hybrid  corn  was  taller  than  either  of  the  parental  types. 

(6)  - 

7.  This  hybrid  corn  (F^  yielded  more  grain  than  either  parental  type. 


8.  The  F2  corn  was  more  vigorous  than  that  of  the  F1  generation. 

(8) - 

9.  The  hybrid  corn  yielded  a  greater  tonnage  of  green  corn  per  acre 

than  did  either  of  the  parental  strains.  9. - - — 

10.  The  results  of  this  experiment  contradict  the  laws  of  heredity 

expounded  by  Gregor  Mendel.  (10)  — _ 


2.  In  1907  Dr.  Chas.  Saunders  planted  a  mixture  of  kernels  of  Red  Fife 
and  Rio  Grande  wheat,  the  former  nearly  beardless,  medium  seeded,  with 
high  gluten  content,  and  the  latter  bearded,  large  seeded,  and  low  in  gluten 
content.  A  few  heads  of  Red  Fife  were  saved  that  fall  and  the  seed 
planted  the  next  spring.  Among  the  wheat  of  that  summer  one  plant  grew 
heads  with  awns  a  little  larger  than  that  of  Red  Fife.  Its  kernels  were 
large  with  a  low  content  of  gluten.  The  seed  that  remained  after  the 
gluten  tests  was  sown  in  1909  and  that  summer  the  offspring  showed  some 
heavily  bearded  heads,  some  with  medium  beards,  and  some  practically 
awnless.  Large  kernels  by  far  outnumbered  the  medium  sized  grains. 
Some  of  the  large  kernels  when  chewed  were  found  to  have  a  low  content 
of  gluten,  a  few  high.  Medium  sized  kernels  were  mostly  low  in  gluten 
although  a  few  were  high.  Normally,  wheat  is  self-pollinated. 

(1)  Account  for  the  mixture  of  types  in  1909. 

(2)  How  many  pairs  of  factors  or  unit  characters  were  crossed? 

(3)  What  characteristic  of  gluten  content  was  dominant? 

(4)  In  this  experiment  account  for  the  differences  in  the  length  of 
the  beards  on  the  heads  of  the  offspring. 

(5)  If  a  count  were  made  of  the  individual  phases  produced  during 
1909,  what  ratio  would  you  expect  between  plants  that  produced 

(a)  large  grain  and  medium  grain? 

(b)  kernels  with  high  gluten  yield  and  those  with  low  gluten 
yield? 

(c)  beardless  and  bearded  heads? 


CHAPTER  5 


MODERN  FORMS  OF  LIFE  SHOW  STRUCTURAL 
RESEMBLANCES  TO  EARLIER  SIMPLER  FORMS 


The  earth  has  not  always  been  the  same  as  it  is  now.  If  we 
meditate  for  a  moment,  we  recall  that  many  familiar  landmarks 
have  changed  during  our  lifetime.  The  big  pool  in  the  stream 

where  we  caught  fish  is  no 
longer  there;  the  stream 
altered  its  course.  Waves 
have  undermined  the  bank 
we  used  to  climb;  glaciers 
have  melted  and  exposed 
other  piles  of  boulders;  and 
volcanoes  have  blown  the 
caps  off  islands.  Ottawa  and 
Vancouver  came  19  feet 
closer  together  between  1925 
and  1935  while  Washington, 
D.  C.,  and  San  Diego,  Cali¬ 
fornia,  separated  by  40  feet. 
On  every  side,  there  is  ample 
evidence  to  support  the  belief 
that  events  similar  to  these 
have  been  happening  ever 
since  time  began.  Alterations 
in  land  surfaces  induce 
changes  in  the  climate  of  any 
region,  and  climate,  in  turn, 
affects  the  plant  and  animal 
1  ife  of  an  area. 


Fig.  5-1.  Ice-caps  and  glaciers  hasten  the 
coming  of  winter  (Mt.  Robson). 
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How  do  upheavals  of  large 
masses  of  rock  affect  climate? 
The  summits  of  many  high 
mountains  become  covered 
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with  layers  of  snow  and  ice  which  summer  suns  cannot  melt, 
rhese  cold  ice  caps  hasten  the  coming  of  autumn  and  winter 
in  adjacent  areas  and  delay  spring.  They  rob  the  clouds  of 
moisture  and  drastically  affect  air  currents.  They  are  respon¬ 
sible  for  the  familiar  phenomena  of  wet  windward  slopes  and 
dry  leeward  plains.  In  winter  these  leeward  slopes  are  chilled 
by  blizzards  from  the  glacial  caps  and  in  summer  they  are 
robbed  of  their  moisture  by  the  dry  descending  air  currents  and 
direct  rays  from  the  hot  suns.  Subsequently,  as  the  mountains 
are  lowered  by  erosion  they  catch  much  less  rain  and  snow, 
allow  the  rainfall  to  be  distributed  more  evenly,  and  permit 
surrounding  areas  to  enjoy  a  more  equitable  climate. 

How  have  plants  and  animals  been  affected  by  drastic 
climatic  changes?  Every  time  land  masses  and  climate  undergo 
sudden  transformations,  some  plants  and  animals  suffer.  Species 
which  are  unable  to  adapt  themselves  to  the  change  quickly 
become  extinct  and  only  those  organisms  that  are  more  general¬ 
ized  in  type  are  able  to  adapt  themselves  to  the  changed 
conditions  and  to  survive.  During  each  such  period,  represent¬ 
atives  of  the  various  species  of  plants  and  animals  are  trapped 
in  moving  sediments  and  are  preserved  in  the  strata  thus 
formed.  Fortunately  for  us,  through  a  study  of  these  natural 
records  geologists  and  palaeontologists  have  been  able  to 
leconstruct  the  history  of  both  the  earth  and  the  life  upon  it 
during  the  millions  of  years  before  man  appeared  and  began 
to  keep  written  records. 

These  scientists  have  summarized  their  discoveries  in  a 
Geologic  Time  Scale,  a  simplified  version  of  which  is  provided 
in  Table  No.  14.  This  table  shows  the  geologic  eras  or  times 
of  great  change ,  and  divides  each  era  into  periods  during  which 
the  climatic  changes  were  not  so  drastic  as  those  which  distin¬ 
guished  the  eras.  Through  these  divisions  in  the  Geologic 
Time  Scale,  palaeontologists  have  traced  the  thread  of  life. 
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Table  No.  14.  Geologic  Time  Scale 

( For  reference  only ) 


Cenozoic  Era  : 


Periods 

Physical  Events 

Chief  JJfe  Forms 

Recent 

High  mountains,  much 
erosion 

Glaciers  receding. 

Man  makes  iron  implements. 
Bronze  implements. 

.  Man  makes  implements 

Deeper  seas. 

out  of  crude  stone. 

All  modern  animals 
and  plants. 

Pleistocene 

High  mountains  causing 
extremes  in  temperature. 

4  great  periods  of 
glaciation,  intervening 
warmer, periods,  ice  sheets 
a  mile  deep,  seas  shallower 
through  ice  storage. 

Modern  types  of  mammals, 
birds  and  plants. 
Cro-Magnon-early  “genius”, 
first  of  Neanderthal  Man 
■ — present  race. 

Heidelberg  man-dwarf, 
brutish. 

Hairy  mammoth,  kangaroo. 

Pliocene 

World  wide  mountain  build¬ 
ing,  changing  climates ; 
colder  weather 

Seas  restricted,  deep. 

B.C.  lifted  2000-4000  feet, 
mountains  on  each  coast  of 
Australia  began  to  cut  off 
rainfall  in  interior. 

Mt.  Baker. 

Hard  times  for  animals 
and  plants. 

Modern  mammals,  horse, 
cat,  bear,  beaver,  deer,  cattle. 
Migration  of  North  and 
South  American  mammals. 
Pre-men  lived  in  Asia 
and  in  Europe. 

Miocene 

Cordilleras  given  another 
lift. 

Alps,  Himalayas  formed. 
Much  volcanic  action. 
Modern  shape  to  continents. 
Cooler  climates. 

Emphasis  on  speed  in 
mammals. 

Horses  and  elephants 
develop. 

Diatoms  plentiful. 

Apes  appear  in  the  “Old 
World”  area. 

Deer-like  animals. 

Rhinoceros. 

Oligocene 

Uneventful. 

Equable  climate. 

Maximum  spread  of  forest. 
Ungulates  develop. 

Carnivores  follow  ancestral 
elephants. 

Eocene 

Mild  climate  but  not 
uniform.  Great  plains  of 
North  America. 

Much  erosion  and  sedi¬ 
mentation,  land  dis¬ 
appeared. 

Much  of  Africa  had  not 
emerged. 

Modern  appearance  to 
forests. 

Mammals,  flowers  increase. 
Reptiles  become 
subordinate. 

Ancestors  of  horse 
appear. 

_ _ m.  -  —  ■ — 

Fourth  great 

revolution  (Rocky  Mountains) 

with  little  loss  of  records. 
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Table  No.  14  ( Continued ) 

Mesozoic  Era  : 


Periods 

Physical  Events 

Chief  Life  Forms 

Cretaceous 

This  era  closed  with  the 
gigantic  upheaval  of  the 
Cordilleran  chain. 

Many  chalk  deposits 
formed. 

Grasses,  broad-leaved  trees. 
Modern  flowering  plants 
appear. 

Palms  in  tundra  region. 
Armoured  and  horned 
dinosaurs  appear  and 
some  disappear. 

Tyrannosaurs. 

Extinction  of  many  large 
and  highly  specialized 
reptiles. 

Generalized  remain,  and  a 
few  toothed  birds  and 
flying  reptiles. 

Pterodactyl. 

Marsupial  mammals. 

Modern  bony  fishes  appear. 

Jurassic 

Continents  still  rising, 
but  N.  America  subsides 
in  west  and  northwest, 
where  volcanoes  became 
active  around  the  sea 
margin. 

Arrival  of  the  bird. 

Huge  herbivorous  dinosaurs. 
Aquatic  reptiles  (Icthyo- 
saurs  Plesiosaurs). 

Flying  reptiles  abundant. 
Diatoms  appear. 

Triassic 

Continents  rising,  drying 
climates  form  deserts. 

Salt  and  gypsum  deposits. 
Gondwana  Land  in 
Southern  Hemisphere 
an  important  area. 

Reptiles  dominate. 

Mammals  increasing. 

Third  great 

revolution  (Appalachian)  and 

some  loss  of  records. 

Palaeozoic  Era  : 

Permian 

World-wide  continental 
upheaval.  High  moun¬ 
tains,  hence  extremes 
in  temperature. 

Much  desert. 

Severe  glaciation  in 
southern  hemisphere. 
Gondwana  Land  appears. 
Mt.  Alabama  to  Scotland. 

Sea  from  Gibraltar  to 
China. 

Ural  Mountain. 

Extinction  of  animals  unable 
to  cope  with  extremes  of 
temperature  and  dryness. 
Unwieldly  animals. 

Reptiles  present. 

Reduction  in  many  plant 
and  animal  types. 
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Table  No.  14  ( Continued ) 
Palaeozoic  Era — Continued 


Periods 

Physical  Events 

Chief  Life  Forms 

Carboni¬ 

ferous 

Alternate  floodings  and 
elevations. 

Uniform  climate. 

Low  flat  lands,  much 
flooding. 

Climate  warm,  uniform. 

Great  coal-forming  periods. 
Divergence  of  tree  types, 
conifers. 

Many  Amphibians,  sharks 
numerous. 

Seed  trees  increasing. 

Spider,  Dragon  flies, 
Cockroaches. 

Devonian 

Moderate  climate. 
Widespread  submergence. 

First  amphibia. 

Seed  habits  in  seed  ferns. 
Ferns,  Horsetails. 

Widespread  coral  reefs. 

Silurian 

Widespread  depression  of 
land  and  flooding. 
Moderate  climate. 

Land  plants  were  moss-like, 
algae  and  liverworts. 

First  air-breathing  animals 
and  scorpions. 

Extensive  coral  reefs  in 
shallow,  warm  clear  seas. 

Ordovician 

60  percent  of  N.  America 
submerged. 

Erosion  of  hills. 

First  fishes. 

Abundant  sea  weeds. 
Trilobites  (Large  ceph- 
alopods  15  ft.  long). 

Cambrian 

Widespread  flooding, 
sinking  of  land.  Few 
mountains,  hence  mild 
climate. 

Most  invertebrates  present. 
Trilobites  (Crustacea) 
abundant. 

Molluscs. 

Se.cond  great  revolution  and  consequent  loss  of  records. 

Proterozoic  Era  : 
Keweenawan 

Great  volcanic  eruption 
in  central  and  eastern 

N.  America.  Important 
copper,  silver,  gold, 
nickel  deposits. 

Killarney  Mts.,  Ireland 
formed. 

Whole  mountain  ranges 
in  'Ontario  and  Asia 
eroded  flat. 

Forerunners  of  Crustacea. 
Worms. 

Starfish  ancestors. 

Jellyfish. 

Huron  ian 

Great  sedimentation. 
Three  big  troughs, 
Ontarian,  Appalachian, 
Cordilleran. 

Sponges. 

All  have  poor  skeletons. 
Fossils  rare. 
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Table  No.  14  ( Continued ) 


Proterozoic  Era — i 

Continued 

Periods 

Physical  Events 

Chief  Life  Forms 

Temiskaming 

Rising  mountains  in 
Northern  Ontario. 

Granite  intrusions  in 

N.  America. 

Sponges,  Protozoa, 

Seaweeds  (Brown  Algae) . 
Bacteria  present. 

First  great  revolution  and  consequent  loss  of  records. 

Archeozoic  Era  : 

Keewatin 

World-wide  igneous 
activity. 

Extensive  mountain  ranges. 
Great  metamorphosis. 
Laurentian  Mts.  raised. 

Blue-green  algae  without 
clear  cut  nuclei. 

Possibility  of  one-celled 
primitive  animals  and 
bacteria. 

Azoic  Era  : 

Azoic 

■  Some  erosion  and 
sediments. 

Oceans. 

Igneous  activity  and  rocks. 
Birth  of  Earth  from  Sun. 

No  trace  of  life. 

Colloids  and  carbon- 
containing  solutions. 

Under  what  conditions  are  plants  and  animals  preserved  as 
i  fossils?  Many  substances  serve  as  the  embalming  shroud  over 
1  the  remains  of  organisms.  Chief  among  these  are  (1)  the  water 
sediments — sand,  clay,  and  lime;  (2)  air  deposits — dust,  loess, 
and  volcanic  ash;  (3)  resinous  baths  of  gum,  pitch,  and  asphalt; 
:  (4)  spongy  coatings  of  peat  that  eventually  become  seams  of 
coal;  and  (5)  layers  of  ice  that  both  insulate  and  refrigerate  the 
organism  preserved.  Ordinarily,  a  dead  animal  or  plant 
:  becomes  a  fossil  only  if  it  is  buried  by  sediments  soon  after  it 
i  dies,  and  the  chances  of  its  being  preserved  are  enhanced  if  it 
has  some  hard  parts  in  its  body.  Hence,  those  areas  where 
deposition  of  sediments  has  been  greatest  provide  most  of  the 
:  fossils.  Deposits  of  sand  around  the  margins  of  ancient  seas 
became  the  tombstones  in  which  sea  animals  of  past  eras  wrote 
their  biographies.  Petrified  trunks  of  trees  are  common  in 
areas  where  thick  blankets  of  volcanic  ash  once  buried  whole 
forests,  and  the  imprints  of  ferns  and  similar  leaves  are  found 
in  the  layers  of  coal  that  originated  in  ancient  swamps.  Ice 


Courtesy  Department  of  Mines  and  Resources 

Fig.  5-2.  Wood  preserved  in  bed  of  peat,  Isle  aux  Courdres,  Quebec. 


sheets  occasionally  give  up  the  bodies  of  hairy  mammoths  that 
they  have  preserved  for  thousands  of  years.  The  body  of  such 
a  mammoth  was  discovered  in  the  ice  at  Beresooka,  Siberia,  in 
1900  and  removed  from  the  ice  the  following  year.  Its  broken 
limbs  and  a  mass  of  clotted  blood  in  its  chest  indicated  that  it 
had  met  a  violent  death,  probably  as  a  result  of  a  fall  into  a 
crevasse.  Its  flesh  was  reported  to  be  firm  and  edible  after 
a0,000  years  in  this  natural  refrigerator. 

How  do  fossils  vary?  Fossils  are  of  many  types  ranging  all 
the  way  from  complete  skeletons  to  the  imprints  of  the  animals’ 
feet  in  what  was  prehistoric  mud.  In  some  fossils,  both  the 
form  and  structure  of  the  organism  are  apparent.  Included  in 
this  category  are  fossils  of  three  types: 

1.  Actual  remains  preserved.  Hard  parts  such  as  shells, 
bones,  and  teeth  have  been  buried  and  have  retained  their  form 
through  the  centuries.  Fossils  of  this  type  are  very  common. 
Remains  of  animals  that  have  been  preserved  either  in  ice 
(mammoths)  or  in  the  dried  state  in  caves  (mummies)  also 
retain  their  form,  but  fossils  such  as  these  are  relatively  rare. 

2.  Actual  remains  impregnated  with  some  substance.  In 
some  instances  the  actual  remains  have  become  impregnated 
with  mineral  substances,  asphalt,  or  resin.  The  pores  of  such 
prehistoric  bones  are  filled  with  lime  or  silica  and  these  fossil 
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Fig.  5-3.  Insects  preserved  in  amber — moth,  two  ants,  two  flies  and  wood-louse 
which  were  trapped  in  resin. 


1  bones  are  heavier  than  fresh  bones.  Fossil  bones  of  this  type 
are  common,  whereas  fossils  impregnated  with  either  asphalt 
or  resin  are  rare.  The  tarpits  of  California  have  yielded  several 
interesting  fossils,  chiefly  mammals,  and  the  Baltic  region  where 
1  prehistoric  forests  were  common  supplies  specimens  composed 
I  of  amber  (hardened  resin)  containing  preserved  insects  and 
(  spiders. 

3.  Actual  remains  replaced  by  mineral  substance, 
i  Frequently  the  original  substances  have  been  replaced  by  silica, 
iron  sulphide,  or  calcium  carbonate.  Petrified  wood  is  an 
i  excellent  example  of  a  replacement  fossil.  When  prehistoric 

!  forests  were  buried  under  blankets  of  volcanic  ash,  and  air  was 
excluded,  the  green  trees  did  not  burn.  Instead,  the  mineral 
salts  from  the  saturated  soil  solution  gradually  replaced  the 
f  woody  tissue,  cell  by  cell.  In  many  specimens  of  petrified  wood 
i  the  replacement  has  been  so  complete  that  the  detailed 
t  structure  of  the  plant  preserved  is  clearly  indicated  in  the  fossil. 
|  The  tissues  of  other  organisms  have  been  replaced  in  a  similar 
:i  manner  and  both  form  and  structure  preserved.  jyg 
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In  other  fossils,  the  form  only  of  the  organism  is  preserved, 
all  details  of  internal  structure  being  lost.  Fossils  of  four  types 
are  classified  in  this  group: 

1.  Molds.  Molds  are  formed  when  percolating  ground 
water  dissolves  the  buried  organism,  leaving  only  a  cavity  in 
the  rock  to  record  its  original  form. 

2.  Casts.  The  interior  of  a  mold  may  be  refilled  with  some 
mineral  substance  such  as  silica,  giving  rise  to  a  natural  cast 
which  has  the  shape  but  not  the  internal  structure  of  the 
original  object. 

3.  Imprints.  Thin  or  soft  parts  of  organisms  may  leave 
impressions  on  the  upper  and  lower  surfaces  of  the  rock  layers 
that  enclosed  them,  and  these  imprints  may  remain  after  the 
original  object  has  disappeared  or  has  been  reduced  to  a  layer 
of  amorphous  carbonized  material.  Flat  objects  such  as  leaves 

4.  Footprints.  Occasion¬ 
ally,  fossil  footprints  are  dis¬ 
covered.  An  animal  had 
walked  on  mud  or  wet  sand 
and  its  footprints  were  filled 
with  sediment  of  a  different 
texture. 

When  anyone  is  searching 
for  specimens,  he  must  re¬ 
member  that,  although  fossils 
of  plants  and  animals  have 
been  preserved  in  many  ways, 
they  are  practically  unknown 
in  igneous  rocks,  and  only 
scant  traces  occur  in  meta- 
morphic  deposits. 

How  lias  a  study  of  fossils 
enabled  palaeontologists  to 
reconstruct  the  history  of  the 
earth?  Prior  to  1796.  pal¬ 
aeontologists  accounted  for 
differences  between  fossils  in 


and  ferns  leave  imprints. 


Courtesy  Geological  Survey  of  Canada 
Fig.  5-4a.  Ammonite  preserved  in  sedimen¬ 
tary  rock  (Silurian). 


Courtesy  Geological  Survey  of  Canada 


Fig.  5-4b.  Two  very  large  dinosaur  tracks  in  sedimentary  rock,  Peace  River, 
B.  C.,  length  of  animal  estimated  to  have  been  about  30  feet. 


adjoining  rock  strata  by  explaining  that  new  types  of  plants 
and  animals  appeared  on  the  earth  after  each  great  cataclysm. 


During  1796,  research  on  the 
part  of  a  young  English  scien¬ 
tist,  William  Smith,  led  him 
to  the  conclusion  that  sedi¬ 
mentary  rocks  which  con- 
tained  similar  fossils  were 
formed  at  approximately  the 
same  time  and  under  similar 
circumstances  during  some 
past  period  in  the  history  of 
the  earth,  and  that  when  the 
fossils  in  adjoining  strata 
differed  greatly,  there  must 
have  been  a  great  gap  be¬ 
tween  the  times  when  the 
two  layers  of  sediment  con¬ 
taining  the  two  types  of  fos¬ 
sils  were  deposited.  Further 
research  by  other  palaeontol¬ 
ogists  has  revealed  additional 
facts  regarding  fossils,  viz.: 


Fig.  5-4c.  Trilobite.  Ancestor  of  crabs, 
shrimps  and  woodbugs.  Became  ex¬ 
tinct  about  400,000,000  years  ago. 


181 


182 


SCIENCE  AND  PROGRESS 


1.  That  fossils  recovered  from  strata  deep  within  the  crust 
were  much  simpler  in  structure  than  those  found  in  uppei 
strata. 

2.  That  complex  fossils  taken  from  rocks  formed  during 
recent  centuries  resemble  living  forms  more  closely  than  do  the 
fossils  found  in  more  ancient  strata. 

3.  That  when  fossils  from  all  rock  strata  were  assembled, 
there  was  apparently  a  slow  gradual  change  from  simple 
primitive  forms  to  complex  modern  types. 

4.  That  fossils  of  marine  or  aquatic  organisms  are  more 
abundant  than  fossils  of  terrestrial  forms. 

Which  of  the  many  forms  of  life  were  first  to  appear  on  the 
earth?  How  or  when  life  did  come  into  existence  on  the  earth 
is  still  a  mystery,  but  if  Table  No.  14  is  correct,  it  must  have 
appeared  during  a  very  early  period  of  the  earths  histoiy. 
Palaeontologists  have  uncovered  some  traces  of  the  eailiest 
forms  of  life  in  rocks  of  the  Keewatin  period,  rocks  which  were 
formed  from  sediment  deposited  1,250,000,000  years  ago.  In 
these  rocks  there  are  traces  of  blue-green  algae,  those  primitive 
plant  cells  that  lack  nuclei  and  have  chlorophyll  diffused 
throughout  the  cytoplasm.  Probably  both  bacteria  (without 
chlorophyll)  and  protozoa  were  present  also  during  these 
early  years. 

There  seems  to  be  little  question  that  the  water  life  was 
plentiful  during  the  Proterozoic  era  although  the  land  surfaces 
were  still  devoid  of  life.  Among  the  water  organisms  identified 
were  fresh-water  green  algae,  brown  sea-weeds,  bacteiia, 
protozoa,  jellyfish,  and  the  ancestors  of  staihsh,  woims  and  the 
Crustacea. 

By  the  beginning  of  the  Palaeozoic  era  (Cambrian  period) 
one  group  of  Crustaceans,  the  Trilobites,  predominated.  They 
resembled  large  wood-bugs,  but  their  bodies  were  distinctly 
divided  into  three  lobes  (Fig.  5-6).  Apparently  several  types 
of  shelled  animals  similar  to  snails  and  dams  crawled  through 
the  same  ooze.  Strata  exposed  at  an  elevation  of  8,000  feet  on 
the  side  of  Mount  Wapta,  British  Columbia,  have  provided 
palaeontologists  with  many  fossils  and  much  inhumation 
regarding  the  life  of  the  Cambrian  Period.  In  fact,  these 
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Fig.  5-5.  Stages  in  the  evolution  of  animals,  from  Trilobites  to  horses  and  gorillas 
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scientists  say  that  this  deposit  is  one  of  the  best  sources  of 
information  on  the  life  of  that  early  period. 

The  order  of  the  sequence  in  which  the  various  plant  and 
animal  types  appeared  on  the  earth  is  provided  in  the 
Geological  Time  Scale.  Each  type  increased  in  numbers  and 
in  size  under  conditions  favourable  to  it  until  it  was  able  to 
overrun  most  of  the  earth.  Eventually,  each  lost  its  ability  to 
dominate  the  other  species  and  in  many  instances  completely 
disappeared. 

How  do  palaeontologists  account  for  the  dominance  of 
different  types  of  organisms  during  each  era?  Scientists  suggest 
that  every  organism  which  was  able  to  dominate  contemporary 
organisms  must  have  possessed  some  structure  or  adaptation 
not  enjoyed  by  its  competitors.  For  example,  some  plants  such 
as  sphagnum  moss  possessed  a  cell-arrangement  that  enabled 
them  to  hold  surplus  water  and  others  developed  concentrated 
protoplasm  that  could  withstand  dry  atmospheric  conditions. 
Other  plants  arose  which  developed  conductive  tissues  and 
stems.  Naturally,  these  fern-like  plants  had  an  advantage  in 
the  struggle  for  sunlight.  Still  later,  plants  arose  which  pro¬ 
vided  a  water-proof  epidermis  for  their  leaves,  corky  bark, 
stomata,  lenticels,  and  seeds.  All  these  adaptations  enabled 
trees  and  other  seed  plants  to  thrive  under  conditions  which, 
apparently,  were  distinctly  unfavourable  to  the  types  of  plants 
which  preceded  them  on  the  earth. 

Doubtless,  as  mentioned  previously  (p.  173),  cataclysmic  up¬ 
heavals  of  the  earth’s  surface  and  drastic  changes  in  the  climate 
eliminated  some  species  and  provided  more  space  for  the  other 
types  that  were  better  adapted  for  survival  under  the  new 
conditions. 

Flat  marshy  land  surfaces  favoured  amphibians.  In  the  early 
part  of  the  Devonian  period,  the  swampy  condition  of  land 
surfaces  encouiaged  the  gradual  migration  of  water  animals. 
Insects,  snails,  and  lung-fishes  were  almost  as  much  at  home  on 
muddy  shores  as  they  were  in  the  water.  Gradually,  very 
slowly,  taking  about  50,000,000  years  to  adapt  themselves  to  a 
very  damp  terrestrial  environment,  lung-fishes  acquired  the 
ability  to  breathe  air  directly  and  to  move  over  the  land..  Their 
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clumsy  feet,  incorrectly  placed  for  quick  movement,  marked 
them  as  amphibia  and  enabled  them  to  hold  their  bodies  clear 
of  the  earth  for  only  a  few  moments  at  a  time.  Doubtless,  their 
scaly,  though  soft,  skin  was  moistened  frequently  in  the  nearby 
water.  For  150,000,000  years,  conditions  on  the  earth  were 
ideal  for  amphibians.  Warmth,  water,  an  abundance  of  food 
in  the  form  of  smaller  amphibians,  giant  cockroaches  and 
dragon  flies,  and  a  lack  of  larger  land  animals  that  might  have 

preyed  upon  them,  per¬ 
mitted  them  to  swarm  over 
the  earth  and  to  attain 
sizes  out  of  all  proportion 
to  the  frogs,  toads,  sala¬ 
manders,  and  newts  that 
we  today  classify  as  amphi¬ 
bians. 


Reptiles  thrive  under 
somewhat  less  humid  con¬ 
ditions  than  those  that 
were  so  favourable  to 
amphibians.  During  the 
Permian  period,  move¬ 
ments  of  land  surfaces 
resulted  in  the  drainage  of 
many  swampy  areas,  the 
climate  became  drier  and 
the  land  surfaces  more 
firm,  making  quick  move¬ 
ment  of  larger  land  ani¬ 
mals  possible.  The  reptiles 
that  appeared  during  this 
period  differed  from  am¬ 
phibians  in  that  they  were 
not  onlv  more  active  and 
more  alert  but  also  had 
developed  armour-plate 
and  other  defensive  de¬ 
vices.  Their  tough,  water¬ 
tight,  scaly  skins  gave  them 


Fig.  S - 1 0.  Eryops  “the  first  voice”.  Note  the  ear-slit. 
This  animal  was  the  forerunner  of  the  reptiles. 


Fin.  5-11.  Dimetrodon,  Naosaurus  and  lizards  were 
among  the  types  that  first  frequented  land  masses. 
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a  decided  advantage  dur¬ 
ing  this  period. 

The  three  chief  stages  in 
the  development  of  rep¬ 
tiles  coincided  with  three 
great  geologic  periods — 

Triassic,  Jurassic,  and 
Cretaceous.  During  the 
Triassic  Period  numerous 
new  species  appeared,  and 
both  herbivorous  and 
carnivorous  types  were 
represented.  Those  which 
lived  on  the  land  placed 
their  legs  directly  under 
their  bodies  and  thus  acquired  greater  freedom  of  motion.  In 
the  oceans,  the  long-necked  Plesiosaurus  and  the  Icthyosaurs 
were  common  as  were  crocodiles  and  sea  turtles. 


Fig.  5-12.  Plesiosaurus  and  Ichthiosaurus  were  plentiful 
in  the  seas  of  the  Jurassic  Period. 


Other  species  mastered  the 
air.  One  of  these,  Rhampho- 
rhyncus,  eliminated  much 
needless  weight,  grew  thin 
skin  from  its  little  fingers  to 
its  toes,  and  learned  to  fly. 
Pteranodon  had  a  wing- 
spread  of  thirty  feet.  Ptero¬ 
dactyl  was  smaller  and  had  a 
very  short  tail  (Fig.  3-23b). 

During  the  Cretaceous 
period  reptiles  reached  their 
peak  in  size,  ferocity,  special¬ 
ization,  and  general  import¬ 
ance.  Giant  aquatic  Diplo- 
docus  and  Brontosaurus 
floated  their  70  to  80  tons  of 
weight  in  marshy  wallows. 
Both  had  true  brains,  but 
these  were  only  about  the 
size  of  those  found  in  a  rat. 
Legs,  hips,  and  tail  were  so 


Courtesy  Sinclair  Refining  Co. 

Fig.  5-13.  Brontosaurus  (Thunder-lizard) 
with  Allosaurus  killing  Stegosaurus.  Smaller, 
running  reptile  may  have  been  ancestor  of 
birds.  (Jurassic  Period). 
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Courtesy  Sinclair  Refining  Co. 

Fig.  5-14a.  Tyrannosaurus  Rex,  “King  of  the  Reptiles”,  and  Triceratops 
(Cretaceous  Period). 

massive  that  the  nerve  centre  or  ganglion  in  the  hips  had  to  be 
twenty  times  as  large  as  the  brain. 


Courtesy  Sinclair  Refining  Co. 

Fic.  5- 1 4b.  Fossil  eggs  of  dinosaur,  discov¬ 
ered  in  Mongolia.  Each  egg  weighed  about 
12  ounces. 


A  terrifying  carnivorous 
reptile,  Tyrannosaurus  rex, 
tyrant  king  of  the  reptiles, 
measured  forty  feet  in  length 
and  eighteen  to  twenty  feet 
in  height  when  standing  on 
his  hind  legs.  As  a  condition 
of  survival,  herbivorous  rep¬ 
tiles  developed  thick  armour 
plates  and  horns,  as  in  Tri¬ 
ceratops. 

During  much  of  the  Meso¬ 
zoic  era,  the  area  which  now 
comprises  our  Canadian 
prairies  was  alternately 
swamps  and  shallow  seas,  and 
formed  an  ideal  home  for 
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many  dinosaurs.  Fossils  unearthed 
along  the  foothills  of  the  Rocky 
Mountains  in  Alberta  show  that 
then  large  reptiles  flourished  in 
the  area  now  drained  by  the  Red 
Deer  and  Belly  rivers. 

Why  have  some  species  become 
extinct?  It  is  not  easy  for  scientists 
to  explain  why  many  animals  that 
were  once  so  abundant  on  our 
earth  have  become  extinct.  Prob¬ 
ably  the  alternate  elevation  and 
depression  of  land  masses  has  been 
the  most  important  cause.  When 
extensive  land  areas  become  de¬ 
pressed,  flood  waters  buried  vast 
prehistoric  forests  and  deep  peat 
deposits  under  thick  layers  of 
sediment  and  were  responsible  for 
the  formation  of  deposits  such  as 
the  o-reat  coal  fields  of  Alberta  and 

O 

those  of  eastern  British  Columbia. 

The  drastic  changes  in  climate 
that  are  presumed  to  have  accom¬ 
panied  the  elevation  of  some  of 
our  great  mountain  ranges,  the 
Rockies  and  the  Alps,  are  used  to 
explain  the  extinction  of  many  of 
the  reptiles.  Loss  of  marshlands, 
low  temperatures,  reduction  in 
food  supply,  and  failure  of  the 
larger  species  to  migrate  in  time 
to  avoid  the  consequences  of  these 
sudden  changes,  each  may  have 
been  contributing  causes. 

Some  palaeontologists  suggest 
that  diseases  may  have  been 
responsible  for  the  extermination 
of  large  numbers  of  various  species, 


Fig.  5-15.  Models  of  two  herbivorous 
dinosaurs,  Corythosaurus  and  Stego¬ 
saurus,  types  that  frequented  the 
Alberta  area  during  the  Cretaceous 
Period,  on  display  in  St.  George  Is. 
Park,  Calgary. 


190 


SCIENCE  AND  PROGRESS 


I  hey  point  to  the  fact  that  diseases  among  present  day  animals 
occasionally  reach  an  epidemic  stage. 

Over-specialization  has  also  been  listed  as  a  possible  cause 
of  extinction  of  some  species,  and  this  may  contain  a  warning 
loi  humans.  Apparently,  dangers  as  well  as  advantages  accom¬ 
pany  specialization,  for  any  organism  which  is  dependent  upon 
one  special  method  of  securing  its  food  is  seriously  handicapped 
when  factors  beyond  its  control  remove  the  opportunity  to 
obtain  its  sustenance  in  that  manner.  In  such  periods  of  stress 
the  generalized  plant  or  animal  often  survives,  for  it  can  adapt 
itself  to  any  of  a  variety  of  habitats. 

New  species  are  constantly  arising  which  feed  upon  and 
destroy  older  species  of  plants  and  animals.  When  insects  first 
conquered  the  land,  they  found  no  enemies,  but  subsequently 
spiders,  amphibia,  reptiles,  and  birds  arose  to  prey  upon  them 
and,  in  some  instances,  to  exterminate  whole  species,  particu¬ 
larly  the  larger  types. 

During  the  Mesozoic  era,  carnivorous  reptiles  depleted  the 
ranks  of  the  larger  amphibia,  already  decimated  by  climatic 
changes.  Amphibia  never  recovered  from  this  double  blow. 
Palaeontologists  believe  that  sometimes  the  new  enemies  have 
been  smaller  than  their  prey,  suggesting  that  the  first  small, 
active  mammals  with  omnivorous  tastes  may  have  hastened  the 

decline  of  dinosaurs  by  eating  their  eggs. 

In  all  the  centuries  since  the  beginning 
of  biologic  history,  two  developments 
have  been  noted  which  brought  great 
advantages  to  their  owners.  These  were 
the  seed-bearing  habit  acquired  by  some 
plants  and  the  development  of  brains  in 
mammals  and  birds. 

Under  what  circumstances  did  mam¬ 
mals  and  birds  appear  on  the  earth? 
Following  the  great  Appalachian  uplift  at 
the  end  of  the  Permian  period,  a  small 
furry  animal  (prom  animal)  about  the  size 
of  a  rat  made  its  appearance.  Omnivorous 
in  habit,  it  dodged  about  under  shrubs 
and  bushes,  an  insignificant  creature 


e 


Fig.  5-16.  Primitive  general¬ 
ized  mammal  which  ate  eggs 
of  dinosaurs. 
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compared  with  the  giant 
reptiles  of  the  time.  Yet 
apparently  this  little  ani¬ 
mal,  probably  a  marsupial 
which  carried  its  young 
in  a  pouch,  appears  to 
have  been  the  ancestor  of 
many  animals  such  as  our 
modern  horse,  deer,  cat, 
and  monkey.  Its  five 
toes  and  five  fingers  were 
unspecialized  and  its  leg 
bones  were  complete.  Its 
teeth  were  not  well 
adapted  either  to  chew 
leaves  or  to  tear  flesh, 
although  they  were  used  for  both  purposes.  However,  its 
fur-covered  skin  and  mental  alertness  enabled  it  to  survive, 
multiply,  increase  in  size,  and  become  diversified  during  the 
Mesozoic  era  while  reptiles  ruled  the  earth.  When  the  Rocky 
Mountains  were  elevated  at  the  end  of  this  era,  these  unspecial¬ 
ized  animals  were  able  to  secure  sufficient  food  and  to  with¬ 
stand  the  low  temperatures  which  were  fatal  to  the  dinosaurs. 

During  the  early  part  of  the  Cenozoic  era  gigantic  mammals 
predominated,  lumbering  beasts  such  as  titanotheres  and 
amblypods.  However,  these  were  soon  replaced  by  types 
possessing  greater  speed  and  intelligence.  From  a  light- 
footed  line  the  sabre-toothed  tiger  arose,  a  type  which  was 
replaced  eventually  by  true  cats.  Dogs,  seals,  and  weasels 
sprang  from  related  types.  Hoofed  animals  did  not  appear 
until  the  Miocene  period. 

The  skeleton  of  a  bird  about  the  size  of  a  crow,  found  in 
sedimentary  rocks  which  were  deposited  during  the  Jurassic 
period,  has  been  accepted  as  evidence  that  the  arrival  of  birds 
on  the  earth  post-dated  that  of  mammals  by  about  ten  million 
years.  Feathers  covered  the  body  of  this  first  bird  (Archeop- 
teryx)  and  margined  its  long,  clumsy  tail.  They  also  spread 
over  its  wings,  which  were  composed  of  an  arm  and  three 
fingers. 


IM 


Fig.  5-17.  Phenocodus,  believed  to  be  the  ancestor 
of  many  modern  mammals,  appeared  early  in  the 
Mesozoic  Era. 
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Only  a  few  other  fossil  birds  have  been  found,  possibly 
because  the  carcasses  of  most  birds  would  be  eaten  before  they 
were  covered  by  sediment. 


flow  did  palaeontologists  reconstruct  the  history  of  the  horse? 
Fortunate  discoveries  in  both  Europe  and  North  America  have 
provided  a  secpience  of  fossils  that  disclose  the  ancestry  of  our 
modern  horse.  The  first  of  these  fossils  comes  from  Eocene 
rocks  laid  down  fifty  million  years  ago.  To  this  animal, 
scientists  have  given  the  name  Eohippus  (“eos”  for  dawn,  and 
"hippus”  for  horse).  It  was  a  little  animal,  no  larger  than  a 
small  fox,  and  its  spreading  toes  indicated  that  it  lived  in 
muddy,  swampy  woodlands.  Instead  of  a  mane  similar  to  that 
of  the  modern  horse,  Eohippus  possessed  only  a  few  stiff  hairs. 
Its  tail,  compared  with  the  long-haired  modern  type,  was  very 
small.  Its  neck  and  legs  were  short.  Although  Eohippus 
possessed  only  four  toes  on  its  front  feet  and  three  on  its  hind 


Fig.  .5-18.  Sabre-toothed  tiger  feeding  upon  a  mammoth  trapped  in  a  tar  pit. 
Fossils  of  several  animals  of  the  Cenozoic  Era  have  been  discovered  in  Cali¬ 
fornia  in  what  were  tar  pits. 
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feet,  its  skeleton  showed  extra  bones  and  indicated  that  its 
ancestor,  Phenacodus,  bore  the  five  toes  typical  of  early 
mammals. 

As  the  swampy  woodlands  dried  up,  Eohippus  changed, 
generation  by  generation,  the  splint  bones  of  the  useless  toes 
disappearing  and  the  teeth  becoming  deeper.  As  a  result  of 
these  changes,  the  larger  three-toed  Mesohippus  emerged,  an 
animal  the  size  of  a  collie  dog  with  a  small  mane  and  a 
lengthened  tail.  Although  three-toed,  its  middle  toe  was  taking 


Fig.  5-19.  Eohippus,  ancestor  of  modern  horse,  and  intervening  stages  in  the 
development  of  Equus.  Fossils  indicate  the  changes  that  occurred  in  both  the 
skull  and  the  legs  of  this  species. 


over  most  of  the  work  and  had  become  larger  than  the  others, 
indicating  that  Mesohippus  had  to  run  much  more  than  did  its 
swamp-loving  ancestors. 

Gradual  disappearance  of  broad-leaved  forests  and  woodlands 
under  the  drying  sun  left  the  way  clear  for  new  plants,  the 
grasses,  to  spread  over  the  plains.  Mesohippus  changed  with 
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the  environment.  Its  teeth  became  broader  and  ridged  like  the 
top  of  a  “W”  to  grind  the  new  wiry  grass.  It  grew  taller  and 
stronger,  and  eventually  developed  great  speed  by  running  on 
the  middle  toe  of  each  foot,  while  the  other  two  toes  dangled 
uselessly  above  the  ground.  Its  middle  toe  became  elongated 
and  developed  a  tough  finger  nail,  the  hoof.  This  new  type 
was  named  Protohippus. 

.  In  time,  Protohippus  grew  bigger,  and  taller,  with  longer  legs 
that  increased  his  speed.  Both  useless  toes  disappeared  from 
view,  but  the  bones  remained  as  the  useless  splint  bones  of  the 
modern  horse.  His  teeth  became  longer  and  were  protected  by 
heavier  coats  of  enamel.  Eventually,  all  the  splint  bones  disap¬ 
peared  except  those  of  the  second  and  fourth  toes,  which  remain 
as  the  splint  bones  of  our  modern  horse,  Equus. 

During  its  early  history,  the  horse  roamed  over  both  North 
America  and  Eurasia  across  the  land  bridge  now  flooded  by  the 
Behring  Sea  and  Straits.  The  destruction  of  this  bridge 
eventually  prevented  any  further  exchange  of  types,  and  by  the 
time  Columbus  discovered  America  horses  had  disappeared 
from  this  continent.  Palaeontologists  tell  us  that  they  became 
extinct  about  25,000  years  before  the  arrival  of  Columbus. 
Why  they  disappeared  from  this  ideal  prairie  home  cannot  be 
explained.  Fortunately  for  mankind,  the  horse  thrived  on  the 
Asiatic  side  of  the  bridge  and  even  today  wild  species  are  found 
on  that  continent. 

What  changes  have  other  mammals  experienced  before  they 
attained  their  present  forms?  All  mammalian  history  starts 
with  the  same  animal,  the  very  primitive,  unspecialized,  rat¬ 
sized  type  of  the  Mesozoic  era,  which  yielded  its  place  to  the 
Phenacodus  type  of  the  early  Eocene.  These  rapidly  diverged 
into  herbivorous  and  carnivorous  types  and  this  tendency  to 
diverge  increased  so  rapidly  that  by  the  Pliocene  period,  horses, 
cats,  bears,  beavers,  deer,  cattle,  and  elephants  were  clearly 
distinguishable. 

During  the  Oligocene  period  there  arose  an  animal 
(Moeritherium)  which  had  definite  characteristics  of  the 
elephant  type.  It  possessed  a  short  flexible  snout  and  small 
protruding  front  tusks.  A  later  form  (Palaeomastodon) 
showed  an  elongated  lower  jaw  and  chin,  more  pronounced 
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Fig.  5-20.  Miocene  grasslands  supported  many  types  of  mammals  including : 
1 — Diceratherium,  a  rhinoceros ;  2 — Oxydactylus,  a  slender  camel ;  3 — Parahip- 
pus,  a  three-toed  horse ;  4 — Moropus,  a  tall  claw-footed  animal ;  5 — Diniohyrus, 
a  giant  pig;  6 — a  primitive  carnivore;  7 — Trilophodon,  ancestor  of  elephant. 


tusks,  and  a  short  proboscis.  In  some  descendants,  both  the 
lower  jaw  and  the  proboscis  lengthened,  but  in  the  later 
Mastodons  the  lower  jaw  receded  while  the  proboscis  became 
extended  into  the  modern  “trunk”.  Additional  cross-ridges  or 
cusps  are  noticeable  on  its  grinding  teeth.  These  mammals 
migrated  from  Egypt  into  Asia  and  across  the  Behring  land 
bridge  to  North  America.  Here  they  persisted  until  their 
numbers  were  reduced  during  the  great  Glacial  Age  which 
blanketed  their  remains  in  many  northern  bogs.  Later 
descendants,  the  Hairy  Mammoths,  roamed  the  prairies  close 
to  the  southern  edges  of  the  great  ice  sheets  while  the  more 
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massive  Imperial  Mammoths  wandered  over  the  dry  south¬ 
eastern  plains.  The  word  mammoth  comes  from  the  Russian 
mammut  or  mantu  ,  meaning  “buried”.  Earliest  discoverers 
of  their  fossil  remains  thought  that  they  were  huge  moles. 

True  elephants  are  descended  from  a  separate  Asiatic  line, 
distinguishable  from  the  Mastodons  by  the  narrower  valley 
between  the  tooth-ridges. 
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Fig.  5-21.  Mastodons  and  Mammoths. 
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Fig.  5-22.  During  Permian  times  land  masses  connected  Asia,  Africa  and 
South  America.  This  land  mass  was  named  Gondwana  Land  by  geologists. 


Camels  had  their  origin  in  North  America  during  the  Eocene 
period.  From  this  continent  they  migrated  southward  to  South 
America  and  northward  across  the  Behring  land-bridge  to  Asia. 
The  route  taken  is  clearly  indicated  by  a  fairly  complete  set  of 
fossils.  Surprisingly  enough,  their  type  has  not  changed  as 
drastically  as  that  of  either  the  horse  or  the  elephant.  The 
noticeable  adaptations  of  modern  camels  are  the  acquisition  of 
the  hump  of  fat  and  the  ability  to  store  water,  adaptations 
which  enable  them  to  exist  under  desert  conditions.  Cushions 
on  their  feet  permit  them  to  walk  on  soft  sand  and  prevent 
soreness  from  sand  abrasion.  Their  double  eyelids  have  inner 
transparent  fdms  which  can  be  closed  during  sandstorms  with¬ 
out  obscuring  the  animal’s  vision. 

Included  among  the  modern  camels  are  the  two-humped 
Bactrian  camel  of  Central  Asia  and  the  single-humped  Drome¬ 
dary  of  Arabia.  The  last  two  surviving  species  of  South 
America,  the  guanaco  (huanaco)  and  vicuna,  do  not  have 
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Courtesy  New  York  Zoological  Society 

Fig.  5-23.  Australia  is  described  as  a  living  museum. 

Key.  A  Black  swamp-wallaby  with  young  in  pouch,  B — Koala  with  young  on 
hack,  G  Kangaroo  with  young  in  pouch,  1)— Tasmanian  Devil,  E— Flying 
I’halanger,  b  side-view  of  Platypus,  finger  indicating  its  size. 
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humps  and  closely  resemble  the  older  strains.  When  domesti¬ 
cated,  these  are  known  as  the  llama  and  alpaca. 

Monkeys  and  their  allies  (Primates)  also  have  a  history 
extending  from  Eocene  days.  Fossils  indicate  that  they  devel¬ 
oped  from  an  insect-eating  type.  Present  day  lemurs  of  the 
Philippines  and  East  Indies  have  many  points  in  common  with 
these  fossils.  From  the  lemur-like  ancestors  in  North  America 
there  arose  an  ape-like  creature  whose  fossils  are  found  in  the 
Miocene  rocks  of  India.  During  this  period,  the  mountains 
of  Central  Asia  rose  to  chill  the  air  and  kill  the  forests.  Follow¬ 
ing  this  upheaval,  monkeys  of  two  distinct  strains  appeared,  a 
group  that  continued  to  live  in  trees  and  another  more  pro¬ 
gressive  type  that  began  to  walk  upright.  Modern  Primates  are 
representative  of  the  primitive  group  and  include  lemurs, 
marmosets,  and  American  monkeys.  Baboons  are  intermediate 
in  type,  whereas  the  Simians  are  man-like  apes.  Included  in 
this  latter  group  are  the  gibbons,  orang-outang,  gorilla,  and 
chimpanzee. 

On  the  other  side  of  the  picture  there  are  indications  that 
some  living  animals  have  undergone  only  slight  changes  from 
the  distant  past.  Eocene  ancestors  of  modern  armadillos  and 
ant-eaters  were  also  insectivorous  and  resembled  the  present 
type  very  closely.  Rhinoceroses  have  not  changed  much  since 
the  Miocene  period.  Kangaroos  and  other  marsupials  have 
changed  very  little  since  Eocene  days. 

Why  is  Australia  described  as  the  living  museum? 

Geological  evidence  suggests  that  Australia  has  not  always 
been  an  island  continent.  During  Permian  times  it  formed 
part  of  a  large  land  mass  connecting  Southern  Asia,  Africa,  and 
Brazil.  This  land  mass,  named  Gondwana  Land  by  geologists, 
increased  in  area  during  the  Triassic  and  Jurassic  periods.  The 
similarity  of  the  present  plants  and  animals  of  these  regions 
supports  this  belief  and  indicates  that  few  if  any  barriers  to  the 
free  exchange  of  types  existed  during  the  Mesozoic  era. 
Characteristic  ferns  (Glossopteris)  are  found  on  all  these  conti¬ 
nents.  Acacias  are  found  in  both  Africa  and  Australia,  and 
could  not  have  spread  this  distance  under  present  conditions. 
Even  in  those  days,  primitive  mammals  such  as  marsupials  held 
sway.  In  that  area,  they  had  in  large  measure  displaced  the 


200 


SCIENCE  AND  PROGRESS 


egg-laying  mammals,  of  which  only  the  duck-billed  platypus 
remains  today.  1  n 

Only  in  such  an  island  haven,  lacking  ferocious  beasts,  could 
the  tiny  egg-laying  platypus  persist  and  the  unspecialized 
opossum-like  marsupials.  In  this  changeless  realm,  the  platypus 
has  survived  and  the  marsupials  have  developed  types  that  can 
utilize  the  various  foods  available.  Today,  the  most  important 
marsupial  is  the  leaping  kangaroo,  and  rock-loving  wallabies 
aie  plentiful.  Tasmanian  Devils  run  like  dogs  and  are  the 
carnivores  of  Tasmania.  Koalas,  the  inspiration  for  teddy 
bears,  climb  trees  in  search  of  leaves.  Phalangers  soar  from  tree 
to  tree.  A  fossil,  mole-hke  marsupial  has  been  found,  and  quite 
possibly  aquatic  species  existed  formerly. 

Only  a  few  of  the  newer  kinds  of  plants  and  flowers  such  as 
magnolia  fig,  cinnamon,  walnut,  and  birch,  which  arose 
during  the  Cretaceous  period,  made  their  way  to  Australia 
There  the  ancient  Eucalyptus  and  wattles  thrive  in  an  environ¬ 
ment  that  has  not  changed  materially  since  that  island  became 
separated  from  the  mainland. 

Fitting  indeed,  is  Australia  s  title,  “The  Living  Museum” 

Note:  Activities  marked  with  asterisks  should  be  completed  by  all  students. 

Activities 


1.  Collect  fossil  forms  in  your  district.  Compare  these  win, 
types.  Name  them  if  possible.  P  CSe  Wlth  modern 

*2.  Obtain  photographs  of  fossils.  Arrange  them  on  a  large  chart  or 
time  graph  to  indicate  when  they  first  appeared.  ®  art  or 

3  Make  coloured  paintings  (of  size  suitable  for  class  display)  of  vari- 

correct? iiiionnatit)n.an(*  P,MS'  ^  °b‘™ 

Suggestions : 

(a)  Eryops,  one  of  the  first  Amphibia. 

(b)  Coal  forests  with  large  dragon  flies. 

(c)  Brontosaurus  or  Diplodocus  feeding. 

(d)  Plesiosaurs,  icthyosaurs  in  oceans. 

(e)  Dimetrodon,  an  early  reptile. 

(f)  Tyrannosaurus  attacking  a  triceratops. 

(g)  The  jumping  lizards. 

(h)  Reptilian  aviators. 

(i)  Archeopteryx  among  the  Bavarian  forests  and  lacoons 

(j )  hirst  mammal.  b 

(k)  Ancient  mammalian  types. 

(l)  The  treachery  of  tar  pits. 
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4.  If  friends  and  neighbours  can  contribute  fossils  to  a  school  collec¬ 
tion,  arrange  and  name  them,  if  possible.  Indicate  the  period  in  which 
the  various  fossil  animals  lived.  (Rare  forms  may  be  valuable  and  should 
be  sent  to  a  university  or  museum  for  identification  and  record.) 

5.  Secure  a  Geologic  Survey  Map  of  your  district  from  the  Department 
of  Mines,  Ottawa.  Visit  areas  where  fossils  may  be  found.  Note  the 
conditions  under  which  the  fossils  have  been  preserved.  Collect  and 
identify  a  few  specimens. 


B 

1.  Make  an  oral  report  on  the  areas  of  British  Columbia  where  fossils 
have  been  discovered. 

2.  Make  a  report  on  one  of  these: 

(a)  The  finds  of  the  Red  Deer  Valley. 

(b)  The  Belly  River  Fossils. 

(c)  Edmonton  fossils. 

(d)  Calgary’s  “Dinosaur  Park",  St.  George’s  Island  Park. 

3.  Use  some  such  book  as  Coleman  and  Parks,  “Elementary  Geology”, 
and  indicate  on  a  map  the  fossils  found  in  (a)  Canada,  (b)  your  province, 

(c)  your  district. 

C 

(Do  not  write  in  the  blank  spaces) 

1.  The  oldest  rocks  (Azoic)  contain  - fossils. 

2.  Fossils  are  found  almost  exclusively  in - rocks. 

3.  Fleshy  organisms  make  -  fossils. 

4.  Fossils  may  be  of  several  types  (a)  - - (b) - (c) _ — 

(d)  - . 

5.  Fossils  form  most  readily  under  -  conditions. 

6.  Fossils  of  the  most  ancient  organisms  are  found  in  the  - . 

7.  Ancient  fossils  are -  in  structure  than  their  modern  descendants. 

8.  Older  rocks  contain  -  variety  of  life  than  recent  rocks. 

9.  The  chief  factors  in  causing  the  extinction  of  past  forms  likely  were  • 

(a)  - . 

(b)  - . 

(c)  - . 

(d)  - - -. 

(e)  - - . 

(f)  - . 

10.  When  environmental  conditions  do  not  change  appreciably  organ¬ 
isms  - . 

11.  Rapidly  changing  series  of  fossils  indicate  a  -  climate. 

12.  When  land  masses  are  low  and  eroded,  world  climate  then  becomes 

13.  New  mountains  cause  -  climates,  and  — - -  rivers,  streams 

and  lakes. 

14.  Coal-forming  plants  of  the  Carboniferous  period  were  mostly  of  the 
-  type. 
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15.  Plants  first  conquered  the  land  during  the  -  period. 

16.  The  first  terrestrial  animals  appear  to  have  been - . 

17.  The  first  aerial  animals  appear  to  have  been  - . 

18.  Amphibia  were  dominant  from  the  -  to  the  -  periods. 

19.  The  era  of  reptile  ascendancy  is  the  - ,  composed  of  the  three 

periods,  (a)  - - (b)  - ,  (c) - . 

20.  Mammalian  ascendancy  begins  in  the  -  period,  which  started 

with  the  formation  of  - . 


D 


Fig.  5-24.  Right  front  feet  of  five  fossil  mammals. 

The  above  diagrams  represent  the  right  front  feet  of  five  fossil  mam¬ 
mals.  By  using  the  scale  on  page  74  (Chap.  2),  evaluate  the  following 
conclusions,  inferences,  and  statements. 

1.  These  fossil  forms  were  relatives  of  carnivorous  modern  animals  of 

the  dog  and  cat  type.  _  (1) 

2.  Diagram  of  C  represents  the  most  primitive  type.  (2)  - 

3.  Diagrams  B  and  D  represent  the  speediest  runners  in  this  group. 


4.  Diagram  A  shows  the  closest  relative  to  the  modern  deer.  (4) - 

5.  Diagram  C  illustrates  the  fossil  of  this  group  found  in  the  oldest 

rock.  (5)  1 

6.  Rocks  with  the  oldest  of  these  fossil  types  would  be  very  ancient 

in  geologic  time,  going  back  at  least  350,000,000  years.  (6)  - 

7.  Type  A  walked  and  ran  on  relatively  dry  firm  land.  (7) - 

8.  Type  C  lived  in  wet  or  boggy  habitats.  (8)  - 

9  Bones  such  as  No.  14  have  the  same  relative  structures  as  No.  10. 

(9)  - 

10  The  wrist  bones  are  indicated  by  those  numbered  5,  9,  13  and  17. 

(10)  - 
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CARBON  AND  NITROGEN  ARE  ESSENTIAL 
ELEMENTS  IN  THE  STRUCTURE  OF  ALL 
LIVING  THINGS  AND  ENTER  INTO  MANY 
USEFUL  COMPOUNDS 

CHAPTER  6 

CARBON  ENTERS  INTO  MANY  IMPORTANT 

COMPOUNDS 

Why  is  photosynthesis  indispensable  to  industrial  chemistry? 

A  vast  and  ever  increasing  variety  of  substances  containing 
the  element  carbon  are  numbered  among  the  products  of 
modern  industry.  Carbon  compounds  to  the  fantastic  number 
of  half  a  million  are  known.  Though  some  of  these  are  of 
academic  interest  only,  a  tremendous  number  have  found  a 
useful  place  in  our  complex  civilized  society.  With  few 
exceptions,  all  this  galaxy  of  useful  compounds  are  derived, 
directly  or  indirectly,  from  the  products  of  photosynthesis 
in  plants. 

In  the  dim  geologic  past,  strange  prehistoric  plants  drew 
sustenance  from  the  air  and  soil,  absorbed  energy  from  the 
sunlight  of  another  day,  and  manufactured  food,  cellulose,  and 
protoplasm.  The  inexorable  change  of  succeeding  ages  of 
geologic  time  converted  these  plant  products  to  the  deposits 
of  coal  and  petroleum  which  our  industries  exploit  today. 
The  amazing  story  of  the  wealth  of  useful  carbon  compounds 
we  obtain  from  these  two  sources  will  form  a  chapter  of  its  own. 

An  even  greater  modern  miracle  is  the  extraordinary  rise 
of  the  branch  of  chemical  industry  known  as  chemurgy.  Just 
as  the  word  “metallurgy”  means  the  process  of  converting 
natural  ores  to  useful  metallic  substances,  so  “chemurgy”  refers 
to  the  conversion  of  the  natural  products  of  plant  chemistry 
into  useful  chemical  compounds.  Hence,  chemiirgical  indus¬ 
tries  are  those  which  use  the  carbon  compounds  formed  in  the 
metabolism  of  present-day  plants  as  raw  materials  for  the 
manufacture  of  an  unbelievable  array  of  products,  ranging 
from  nail  polish  to  nitroglycerin,  from  golf  balls  to  plastic 
airplanes,  from  breakfast  foods  to  leatherette  and  linoleum. 
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Some  of  these  products — alcohol,  for  instance,  and  paper — 
have  been  known  and  used  for  centuries.  Many  have  arisen 
during  the  brief  hundred  years  of  the  Industrial  Age  in  Europe 

and  America.  Others, 
such  as  penicillin  and 
plexiglass,  were  born 
but  yesterday.  Inevit¬ 
ably,  thousands  of  new 
plant  products  will 
emerge  from  the  labor¬ 
atories  of  today  and 
tomorrow.  Some  con¬ 
ception  of  the  progress 
of  chemurgical  research 
may  be  gained  from 
the  following  partial 
list  of  plants  and  the 
products  we  obtain 
from  them: 

Castor  Plant — lubri¬ 
cants,  brake  fluids, 
paints,  insecticides, 
soaps,  ropes  and  string. 

Maize  —  Starches, 
sugars,  oils,  perfumes, 
fireworks,  window 
shades,  breakfast  foods, 
dextrin,  and  glues. 

Cotton,  Trees  and  other  sources  of  cellulose — Rayon,  high 
explosives,  cellophane,  photographic  film,  nail  polish,  patent 
leather,  lacquers. 

Cotton  Seed — Oils,  fats,  soaps,  and  nitroglycerin. 

Peanuts — Shaving  lotion,  breakfast  foods,  soap,  ink,  wood 
stains,  axle  grease,  dyes,  soft  drinks,  oils,  and  insulating  boards. 

Soybeans — Glycerine,  explosives,  enamels,  paints,  linoleum, 
foundry  cores,  and  protein  plastics  used  for  doorknobs,  levers, 
metal  Substitutes  and  fabrics. 

Coffee  Beans — Plastics,  caffeine  and  furfural*. 


Courtesy  National  Film  Board 


Fig.  6-1.  Canadian  wheat  is  a  potential  source  of 
material  for  our  chemical  industry. 
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Alcohols,  acetone,  vinegar, 


Wheat,  and  Other  Cereals 

explosives  and  plastics. 

Various  Flowers  (with  the  aid  of  honey  bees) — Cosmetics, 
polishes,  cores  for  golf 
balls,  and  briar  pipes. 

An  important  ad¬ 
vantage  enjoyed  by  the 
chemurgical  industries 
is  a  relatively  inexhaus- 
ible  source  of  raw 
materials.  Iron  and 
copper  mines  may  close 
because  the  ore  depos¬ 
its  are  “worked  out”. 

Other  vital  industrial 
materials,  such  as  tin 
and  petroleum,  occur  in 
comparatively  restrict¬ 
ed  areas,  so  that  the 
world’s  supply  may  be 
curtailed  by  short¬ 
sighted  economic  poli¬ 
cies  or  by  war.  On  the 
other  hand,  any  country 
in  which  plants  will 
grow  is  assured  of  a 
perpetual  supply  of 
organic  material,  so 
long  as  it  maintains  a  sane  agricultural  policy  of  conservation 
of  the  soil  and  the  soil’s  fertility. 


Courtesy  Department  of  Trade  and  Commerce,  Ottawa 
Fig.  6-2a.  Conservation  of  our  vast  forests  guaran¬ 
tees  a  source  of  cellulose  for  our  chemical  industry. 


What  are  organic  compounds?  Before  the  beginning  of  the 
nineteenth  century,  scientists  believed  there  was  an  essential 
difference  between  the  chemical  processes  involved  in  the 
metabolism  of  living  organisms  and  the  reactions  carried  out 
by  men  in  laboratories.  A  “vital  force”  or  “life  process”  was 
believed  necessary  to  synthesize  the  “organic”  compounds  of 
living  things.  Hence,  “no  instrument  invented  by  man  could 
imitate  the  compositions  which  are  found  ■  in  the  organic 
machines  of  plants”.  Friedrich  Wohler  destroyed  this  erroneous 
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I'K,.  6  2b.  Corn,  a  raw  material  in  industry,  its  conversion  and  uses. 
Lengths  of  tubes  indicate  relative  yields). 


belief  in  the  year  1828  when  he  synthesized  the  organic  com¬ 
pound  urea,  CO(NH2)2.  Since  that  date,  thousands  of  the 
compounds  found  in  living  things  have  been  synthesized. 

Chemists  have  found  that  these  “organic”  compounds  are 
subject  to  all  the  ordinary  laws  of  chemistry.  The  compounds 
of  carbon,  however,  are  generally  not  very  reactive,  and  their 
reactions  are  often  so  slow  as  to  require  the  aid  of  enzymes  or 
other  catalysts.  Moreover,  the  compounds  of  carbon  show  a 
gi eater  variety  and  complexity  than  those  of  any  other  element. 
For  these  two  reasons,  the  study  of  carbon  compounds  and  their 
reactions  is  still  regarded  as  a  specialized  branch  of  chemistry. 
We  now  use  use  the  term  “organic  compound”  to  mean  simply 
any  compound  of  carbon,  and  “organic  chemistry”  is  the 
chemistry  of  carbon  compounds. 

Why  do  carbon  compounds  outnumber  all  others  20  to  1? 

Compared  with  the  500,000  carbon  compounds,  the  total  of 
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25,000  inorganic  compounds 
of  all  the  other  elements 
shrinks  into  insignificance. 

Why  does  carbon  form  such  a 
multitude  of  compounds?  The 
answer  is  based  on  one  essen¬ 
tial  property  of  the  carbon 
atom.  It  will  be  recalled  that 
the  atom  of  a  metallic  element 
tends  to  have  a  positive  val¬ 
ence.  The  non-metallic  ele¬ 
ments  like  oxygen,  sulphur, 
and  chlorine,  on  the  other 
hand,  generally  form  the  nega¬ 
tive  radicals.  Carbon  is  unique 
among  the  elements  in  being 
equally  ready  to  combine  with 
either  positive  or  negative 
radicals.  Indeed,  with  its 
valence  of  4,  an  individual 
carbon  atom  may  exist  in  com¬ 
bination  with  both  positive 
and  negative  elements  or 
radicals  at  the  same  time.  In 
the  compound  chloroform,  for 
instance,  a  single  carbon  atom  is  combined  with  one  atom  of 
the  metallic  element  hydrogen  and  three  atoms  of  the  non-metal 
chlorine,  the  formula  being  CHC13. 

A  further  consequence  of  the  neutral  valence  of  carbon  is  the 
ability  of  carbon  atoms  to  combine  with  one  another,  forming- 
complex  molecules  which  contain  long  chains  (p.  210)  and  rings 
(p.  209)  of  carbon  atoms.  It  is  this  unique  behaviour  which 
enables  carbon  to  form  great  families  of  related  organic  com¬ 
pounds,  many  of  them  exceedingly  complex,  yet  each  based 
upon  a  relatively  simple  geometric  pattern. 


Courtesy  Corn  Industry  Research  Foundation 

Fig.  6-3a.  Dextrose  slabs — one  of  many 
important  carbon  compounds. 


How  do  structural  formulas  differ  from  empirical  ones? 
The  formulas  H?S04  and  Cr,H  i4  are  empirical  formulas.  They 
give  us  certain  definite  and  valuable  information.  From  its 
empirical  formula  we  can  calculate  the  molecular  weight  of  a 
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METHANE 
H 

H-C-H 

A 

A 


CHLOROFORM 

ci 

Cl  c -Cl 
M 


CARBON  TETRACHLORIDE 

Cl 

Cl  -C-CI 


compound,  its  composition 
by  weight,  and  the  density  of 
its  vapour.1  In  the  case  of  an 
inorganic  compound,  we  can 
often  deduce  from  the  em¬ 
pirical  formula  a  good  deal 
of  information  concerning  its 
chemical  properties. 

An  empirical  formula, 
however,  does  not  indicate 

Fig.  6-3b.  Carbon  is  unique  in  that  it  waY  which  the  atoms 
combines  with  either  positive  or  nega-  are  arranged  in  the  molecule, 
tive  elements.  How  important  this  becomes 

in  organic  chemistry  is  indicated  by  the  following  structural 
formulas: 


H  H 

I  I 

FI  —  C  —  C  —  O  —  H 

I  i 
I 

H  H 

Ethyl  Alcohol 


H  H 

I  I 

FI  —  C  —  O  —  C  —  H 

I  I 

H  H 

Methyl  ether 


Each  of  these  two  compounds  has  the  empirical  formula 
C2HgO,  yet  they  exhibit  quite  different  properties.  Ethyl 
alcohol,  for  instance,  reacts  with  acids  in  much  the  same  way 
as  inorganic  bases  do;  methyl  ether  is  not  affected  by  acids. 
The  boiling  point  of  ethyl  alcohol  is  78°  C.,  that  of  methyl 
ether,  — 23.6°  C.  The  alcohol  dissolves  readily  in  water,  the 
ether  is  practically  insoluble.  They  are,  indeed,  entirely 
different  substances.  Two  such  compounds,  identical  in  empi¬ 
rical  formula  yet  different  in  molecular  structure,  are  called 
isomers. 

It  should  be  noticed  that  in  a  structural  formula  each  carbon 
atom  has  four  “valence  bonds”,  and  each  other  atom  a  number 
of  bonds  equal  to  its  valence.  The  pattern  of  central  carbon 
atoms  forms  the  “skeleton”  of  the  formula,  and  should  generally 
be  written  first. 


What  are  some  important  groups  of  carbon  compounds? 

It  was  mentioned  earlier  (p.  203)  that  carbon  forms  great 

‘The  density  of  any  substance  in  the  gas  state  may  be  calculated  directly  from 
its  molecular  weight.  Vapour  densities  are  used  in  several  important  types 
of  chemical  calculations. 
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families  of  related  compounds,  differing  in  complexity,  yet 
each  based  upon  a  relatively  simple  geometric  pattern.  Some 
of  the  commoner  families  are  classified  in  the  following 
paragraphs: 

(a)  Hydrocarbons  are  the  simplest  organic  compounds.  They  contain 
only  carbon  and  hydrogen.  Petroleum  is  essentially  a  mixture  of  hydro¬ 
carbons  in  which  the  number  of  hydrogen  atoms  is  two  more  than  twice 
the  number  of  carbon  atoms,  so  that  all  may  be  represented  by  the  general 
formula  CnH2n^2.  The  simplest  of  these  is  methane,  CH4  the  gas  whose 

presence  accounts  for  the  dank  smell  of  a  swamp  and  the  characteristic 
odour  of  a  pile  of  coal.  For  one  hydrogen  in  methane,  substitute  a 
methyl  group1  CH.,,  to  form  ethane  CHsCHa  or  C,Hft. 

For  one  hvdrogen  in  ethane,  substitute  a  methyl  group  to  form 
propane,  CH.CHCH*  or  CH3H8. 

For  one  hvdrogen  in  propane,  substitute  a  methyl  group  to  form 
Butane,  CH1CH.CH.CH3,  or  C4H10. 

Other  simple  members  of  this  series  are  pentane,  C5Hi2;  hexane 
GiHu ;  heptane,  CtHi6 ;  and  octane,  C8Hi8. 

Such  a  series  of  related  compounds,  differing  only  in  the  number  of 
methyl  groups  which  have  been  substituted  for  hydrogen  atoms,  is  called 
a  homologous  series,  and  each  individual  compound  is  a  homologue.  Every 
homologous  series  can  be  represented  by  a  general  formula.  Other  com¬ 
mon  homologous  series  of  hydrocarbons  are  the  ethylene  series,  CnH2n, 

and  the  acetylene  series  CnH2n_^_2.  The  members  of  a  homologous  series 

are  similar  in  chemical  properties  and  show  a  regular  gradation  in  such 
physical  properties  as  melting  point  and  solubility. 

The  carbon  atoms  in  the  hydrocarbons  described  thus  far  are  joined  in 
chains  (Table  15).  These  are  classified  as  aliphatic  hydrocarbons.  The 
hydrocarbons  contain  a  pattern  of  six  carbon  atoms  in  a  ring.  Benzene 
and  tolueme  are  aromatic  compounds.  These  two  substances  are  present 
in  coal-tar,  and  are  used  in  the  manufacture  of  dyes,  explosives  and  many 
useful  drugs.  The  structural  formulas  of  benzene  and  toluene  are  : 

cb3 

.  c* 

H  -  C  C  -  H 

II  1 

H- C  C- H 

"  C  * 

1 

H 

Toluene  CcELCH3,  or  C7H8 

1  In  inorganic  chemistry  such  groups  of  atoms  as  NH4,  S04,  and  NO,  known 

radicals,  do  not  exist  alone  but  form  parts  of  various  molecules.  Similarly, 
organic  chemistry  has  its  radicals,  usually  called  “groups”.  The  CH3  group  is 
called  “methyl"  because  it  is  derived  from  the  methane  molecule  by  detaching 
one  hydrogen  atom.  A  new  compound  is  thus  formed  by  attaching  some  other 
atom  to  the  methyl  group  in  place  of  the  hydrogen  which  has  been  taken 
away.  CH3C1,  for  example,  is  methyl  chloride. 
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Benzene,  CcH0 
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Table  No.  15 

Chain  Formulas  of  Aliphatic  Compounds 


Name 


Empirical  Formula  Structural  Formula 


Methane 


Ethane 


CH, 


GH„ 


H 

I 

H  —  C  —  H 

I 

H 

H  H 

i  I 

H— C— C— H 


Propane 

c3h. 

H  H 

H  H  H 

1  1  1 

H— C— C— C— H 

1  I  1 

Butane 

C4H10 

1 

H  H  H 

H  PI  H  H 

till 

H  —  C  —  G—C  —  C  —  H 

1  1  1  1 

Methyl  alcohol 

CHaOH 

H  H  H  H 

H 

1 

H— C— 0— H 

1 

Ethyl  alcohol 

CJIr,OPI 

l 

H 

H  H 

H  —  C  —  C  —  0  —  H 
|  I 

Butyl  alcohol 

C4H0OH 

ii  ii 

H  H  H  H 

1  1  1  1 

H  —  C—  C  —  C  —  C  —  0  —  H 

1  1  1  1 

Butyric  acid 

CaH.COOH 

H  H  H  H 

H  H  II  O 

1  1  1  II 

H  —  C  —  C  —  C  —  C  —  0  —  H 

H  H  H 
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(b)  Alcohols  have  a  hydroxyl 
group,  OH,  in  place  of  one  hydro¬ 
gen  atom  of  an  aliphatic  hydrocar¬ 
bon.  The  lighter  ones  are  liquids, 
soluble  in  water,  but  the  heavier 
ones  become  increasingly  waxlike 
and  insoluble.  The  alcohols  are 
named  from  the  corresponding 
hydrocarbons. 

CHi,  methane  - —  CHaOH  methyl 
alcohol,  or  methanol. 

C2Ho,  ethane  —  C2HgOH  ethyl 
alcohol,  or  ethanol. 

C3Hs,  propane  —  C3H7OH,  pro¬ 
pyl  alcohol,  or  propanol. 

(c)  Organic  acids  have  the  car¬ 
boxyl  group,  COOH,  in  place  of 
one  methyl  group  of  a  hydro¬ 
carbon.  Three  common  organic 
acids  are  : 

formic  acid,  HCOOH,  manufac¬ 
tured  by  bees  and  ants  ; 

acetic  acid,  CH3COOH,  the  acid  Fig.  6-3c.  Graphic  formula  of  benzene, 
of  vinegar  ,  A— aldehyde  radical,  B — alcohol  radical, 

Butyiic  acid,  C3H7COOH,  q — methvl  radical,  D — carboxyl  radical, 

formed  when  butter  turns 
rancid. 

The  structure  of  the  carboxyl  group  is  shown  in  the  structural  formula 
for  butyric  acid,  which  has  been  included  in  Table  15.  These  compounds 
are  classed  as  weak  acids  because  any  compound  containing  the  carboxyl 
group,  if  it  dissolves  in  water  at  all,  will  form  a  few  hydrogen  ions  in 
solution. 

(d)  Aldehydes  have  the  radical  CHO  in  place  of  the  carboxyl  group  of 
the  corresponding  acid. 

HCHO,  formaldehyde,  used  in  the  control  of  wheat  smut. 

CHaCHO,  acetaldehyde. 

C3H7CHO,  butyric  aldehyde. 

(e)  Ketones  have  a  CO  group  connecting  two  other  organic  radicals  : 

CHa 

\ 

c— -o 

I 

CHa 

Acetone,  a  useful  solvent  (page  231). 

(f)  Ethers  consist  of  two  organic  radicals  joined  by  an  oxygen  atom  : 

CHa— O— CHa  GH— ' O— GHs 

Methyl  ether  Ethyl  ether,  our  commonest  surgical 

anaesthetic. 
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(g)  Esters  are  the  organic  counterparts  of  the  inorganic  salts.  The 
general  reaction  by  which  esters  are  formed  is  as  follows : 

Alcohol  +  organic  acid  — >  ester  +  water. 

It  can  be  seen  that  this  reaction  is  analogous  to  neutralization  in  inorganic 
chemistry.  There  is  this  difference,  however,  that  like  most  organic 
reactions  this  one  is  slow  and  must  be  assisted  by  supplying  heat  or  a 
dehydrating  agent,  or  both. 

All  vegetable  and  animal  fats  and  oils  are  esters.  Many  of  the  esters 
have  marked  fragrances.  The  scents  of  flowers  and  the  “bouquet”  in  the 
flavour  of  such  fruits  as  apples  and  pears  are  due  to  the  presence  of  esters. 
The  pungent  odour  of  nail  polish  and  other  lacquers  is  caused  by  the  ester 
amyl  acetate,  used  as  a  quick-drying  solvent.  The  structural  formula  of 
this  useful  solvent,  familiarly  known  as  “banana  oil”,  illustrates  the  charac¬ 
teristic  structure  of  the  esters. 
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group 

amyl  group 

from  acetic  acid 

from 

a  my 

1  alcohol. 

(h)  Carbohydrates  are  more  or  less  complex  compounds  of 
carbon,  hydrogen,  and  oxygen.  Generally  the  hydrogen  and 
oxygen  are  present  in  the  same  ratio  as  in  water,  that  is,  two 
atoms  of  hydrogen  to  each  oxygen  atom.  The  general  term 
carbohydrate  includes  all  the  sugars  and  starches,  and  also  the 
cellulose  of  which  the  rigid  framework  of  plant  tissue  is 
composed. 

What  are  the  types  of  sugars?  The  simplest  sugars  are 
grouped  under  the  general  name  monosaccharides.  Although 
these  may  have  as  few  as  three  carbon  atoms  to  the  molecule, 
the  most  important  monosaccharides  are  the  liexose  sugars,  all 
of  which  have  the  empirical  formula  Cr,H120(i.  Corn  syrup  is 
a  solution  of  the  liexose  sugar  glucose,  which  is  also  sometimes 
referred  to  as  dextrose.  Most  fruits  owe  their  sweetness  to  the 
presence  of  the  hexose  sugar  which  is  variously  referred  to  as 
fructose  or  levulose. 

When  green  plants  utilize  carbon  dioxide  and  water  in 
photosynthesis,  the  immediate  product  is  generally  one  of  the 
hexose  sugars.  Subsequently,  two  molecules  of  these  simple 
sugars  may  be  joined  together  to  form  a  more  complex  sugar- 
called  a  disaccharide.  The  sugar  cane  and  the  sugar  beet  con¬ 
tain  the  disaccharide  sucrose.  Two  other  important  disacchar¬ 
ides  are  lactose  (milk  sugar)  and  maltose  (barley  sugar). 


Courtesy  National  Film  Board. 


Fig.  6-4a.  Harvesting  sugar  beets ;  they  have  been  loosened  by  the  tractor. 

The  disaccharides  have  the  formula  C12H22011,  indicating 
that  their  synthesis  from  the  monosaccharides  involves  the  loss 
of  a  molecule  of  water.  When  a  disaccharide  is  used  as  food, 
it  must  be  broken  down  into  its  component  monosaccharides 
before  it  can  be  assimilated.  Since  this  process  involves  the 
addition  of  water,  it  is  called  hydrolysis.  During  digestion,  this 
hydrolysis  is  brought  about  by  the  action  of  the  enzymes, 
sucrase,  lactase  and  maltase.  Since  the  monosaccharides  do  not 
require  digestion,  doctors  have  developed  a  technique  of  feed¬ 
ing  solutions  of  these  simple  sugars  directly  into  the  veins  of 
patients  who  have  undergone  stomach  operations  or  who  are 
in  a  very  weak  condition. 

The  hydrolysis  of  disaccharides  may  be  induced  by  boiling 
them  with  an  acid,  such  as  hydrochloric  acid.  Sucrose,  treated 
in  this  way,  yields  a  mixture  of  glucose  and  fructose,  called 
invert  sugar.  The  name  indicates  that  the  more  complex 
disaccharide  has  been  inverted,  or  turned  back,  into  the  simpler 
monosaccharides  from  which  it  was  originally  formed.  Honey 
is  also  a  mixture  of  these  two  monosaccharides,  although  it 
contains  a  higher  percentage  of  the  very  sweet  fructose  and  may 
also  contain  a  little  unhydrolysed  sucrose.  It  is  an  interestino 
fact  that  during  poor  honey  seasons  apiarists  often  feed  their 
bees  cane  sugar.  The  bees  are  evidently  able  to  hydrolyse  the 
cane  sugar  and  produce  honey  from  it. 

The  process  by  which  plants  build  disaccharides  from  mono¬ 
saccharides  may  be  carried  further,  resulting  in  the  formation 
of  polysaccharides.  These  include  cellulose,  the  various  kinds 
of  starch,  and  the  dextrins  which  are  related  to  starch  but  are 
simpler  in  molecular  structure  and  easier  to  digest.  The 
formula  given  to  the  polysaccharides  is  (C6H10O5)x.  As  both 
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Fig. 


Courtesy  Cuban  Tourist  Commission 
6-4b.  Harvesting  sugar  cane. 
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the  formula  and  the 
name  imply,  chemists 
are  unable  to  tell  us 
just  how  many  of  the 
simple  hexose  units  are 
contained  in  the  mole¬ 
cule  of  a  polysacchar¬ 
ide.  We  do  know,  how¬ 
ever,  that  starch  may 
be  hydrolysed,  or  in¬ 
verted,  into  glucose  by 
heating  it  under  pres¬ 
sure  with  a  strong  acid. 
German  chemists  have 
even  developed  a  simi¬ 
lar  process  for  convert¬ 
ing  the  cellulose  of 
wood  to  glucose. 

Three  simple  chemi¬ 
cal  tests  prove  useful 
for  distinguishing  between  the 
types  of  carbohydrates.  The 
monosaccharides  produce  black 
metallic  silver  when  added  to 
an  ammoniated  silver  nitrate 
solution,  and  orange-red  cup¬ 
rous  oxide  when  treated  with 
Fehling’s  solution.  The  disac¬ 
charides  do  not  affect  these 
reagents.  Starch  may  be 
detected  by  testing  with  iodine. 
An  ink-blue  colour  indicates 
the  presence  of  starch. 


How 


Although 


Fig.  6 


is  sucrose  refined? 
sugar  beets,  the 
sugar  maple,  and  sorghum 
furnish  commercially  impor¬ 
tant  amounts  of  sucrose,  by 
4c.  Our  Chief  sources  of  sugar,  far  the  largest  source  is  the 
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sugar  cane.  Seventy-five 
per  cent  of  the  sugar 
used  in  Canada  is  cane 
sugar.  The  sugar-bear¬ 
ing  juice  is  removed  by 
crushing  the  sliced  cane 
between  large  rollers. 

Certain  organic  im¬ 
purities  in  the  sugar 
solution  are  decomposed 
by  heating.  Since  heat¬ 
ing  in  the  presence  of 
any  acid  would  result  in 
inversion  of  the  sucrose, 
lime  is  added  to  keep 
the  solution  basic.  The 
excess  lime  is  later  pre¬ 
cipitated  as  insoluble 
calcium  carbonate  by 
bubbling  carbon  diox¬ 
ide  through  the  solution. 

At  this  stage  the  syrup 
has  an  undesirable  dark 
colour  because  it  con¬ 
tains  impurities.  Some 
of  these  are  solid  parti¬ 
cles  in  suspension  while 
others  are  in  the  col¬ 
loidal  state.  The  col¬ 
loidal  impurities  may  be 
removed  from  the  solu¬ 
tion  by  adding  finely 
divided  bone-black,  a 
form  of  charcoal  made 
by  charring  animal 
bones.  The  bone-black 
and  the  other  solid  im¬ 
purities  may  both  be 
removed  by  filtering  the 


I 


Fig.  6-4d.  The  fibre  remaining  after  the  juices  have 
been  squeezed  from  the  sugar  cane  is  converted  into 
building  material. 


Courtesy  Celotex  Corporation 


Fig.  6-4e.  Cane  fibre  insulation  board  combines 
structural  strength  with  insulating  efficiency. 
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Fig.  6-5.  Many  processes  are  employed  to  produce  granulated 
sugar  from  sugar  beets. 

syrup  through  a  fine  sancl  known  as  diatomaceous 
earth  or  kieselguhr. 

Crystalline  sugar  is  finally  obtained  from  the 
syrup  by  evaporating  and  centrifuging.  The  evap¬ 
oration  is  carried  out  under  reduced  pressure  in 
vacuum  pans  so  that  the  temperature  may  be  kept 
low  enough  to  avoid  charring  the  sugar.  The 
centrifuging  separates  the  sugar  crystals  from  the 
uncrystallized  liquid,  which  may  be  sold  as  syrup 
or  molasses,  depending  on  the  degree  of  purifica¬ 
tion  which  has  preceded  the  crystallization. 


Courtesy  National  Film  Board 
Fig.  6-6.  Every  sugar  beet  factory  lias  its  own 
chemical  factory. 
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How  are  starches  obtained  commercially?  Starch  is  obtained 
from  corn,  wheat,  rice,  and  other  grains,  from  the  tubers  of 
i  potatoes,  arrowroot  and  cassava  (tapioca),  and  from  the  central 
stem  of  sago.  In  occurs  in  the  cells  of  these  plants  in  charac¬ 
teristic  granules  of  varying  sizes,  shapes  and  markings  and  the 
'  origin  of  a  sample  of  starch  may  be  determined  by  microscopic 
inspection.  The  starch  granules  are  released  from  the  cells  by 
i  crushing,  then  floated  away  by  cold  water  into  long  flat  troughs 
where  the  insoluble  starch  settles.  The  water  is  drained  away 
i  and  the  starch  collected,  washed,  and  dried. 

When  starch  is  heated  to  180°  C.  it  is  converted  into  a 
;  simpler  polysaccharide,  dextrin.  Dextrin  glue  is  a  valuable 
adhesive.  It  is  used  in  some  of  the  so-called  “washable”  Kaslo- 
mines  and  in  making  laminated  paper  and  cardboard  products. 


Of  what  is  wood  com¬ 
posed?  The  cell  walls 
of  woody  plants  are 
made  up  of  layers  of 
cellulose  and  lignin.  The 
cellulose,  as  we  have 
seen,  is  a  complex  poly- 
;  saccharide.  Separated 
from  the  rest  of  the 
i  wood,  it  is  the  fibrous 
product  of  our  pulp 
mills.  Generally  it  con¬ 
stitutes  about  50  per 
cent  of  the  weight  of  the 
wood.  The  lignin  is  a 
complex  mixture  of  or¬ 
ganic  substances  making 
up  about  22  per  cent  of 
the  weight  of  the  wood. 
It  is  evident  that  it 
should  be  possible  to 
recover  many  useful  by¬ 
products  from  the  lignin 
but  at  present  it  is 
almost  universally  dis¬ 
carded  as  waste. 


Courtesy  Case  Mfg.  Company 

Fig.  6-7.  An  important  source  of  starch. 


218 


SCIENCE  AND  PROGRESS 


The  remaining  part  of  the  wood  is  composed  of  small 
quantities  of  a  great  variety  of  minerals,  resins,  turpentine,  and 
proteins.  At  present  our  pulp  mills  discard  these  materials 
along  with  the  lignin.  Here  is  a  promising  field  for  future 
chemurgical  research. 

How  is  paper  manufactured?  Modern  methods  of  making 
wood  pulp  are  of  two  main  types — the  mechanical  or  “ground- 
wood”  process  and  the  chemical  processes.  Although  a  variety 
of  chemical  methods  have  been  used,  the  most  important  are 
the  sulphite  process  and  the  sulphate,  or  “kraft”  process. 
Newsprint  is  the  name  given  to  the  cheap  unglazed  paper  used 
for  newspapers  and  the  “pulp”  magazines.  Mechanical  pulp 
is  the  chief  constituent  of  this  type  of  paper. 

The  first  step  in  the  manufacture  of  newsprint  is  to  cut  the 
wood  into  large  blocks.  These  are  then  shredded  into  pulp 
by  the  mechanical  action  of  large  grindstones  in  the  presence 
of  steam.  The  mixture  of  wood  fibre  and  water  which  leaves 
the  grinder  room  has  the  consistency  of  a  thin  porridge.  It  is 
put  through  metal  screens  to  remove  dirt,  bark,  and  imperfectly 
shredded  wood. 

Since  mechanical  shredding  produces  very  short  fibres,  paper 
made  from  groundwood  pulp  alone  would  not  have  strength 
enough  to  be  useful.  From  12  to  20  per  cent  of  sulphite  pulp 
is  therefore  mixed  with  the  groundwood  to  provide  a  strength¬ 
ening  network  of  longer  fibres. 

Both  groundwood  and  sulphite  pulps  have  a  light  brown 
colour  which  is  not  considered  desirable  in  newsprint.  The 
pulp  is  therefore  bleached  with  chlorine.  In  some  plants  the 
chlorine  is  added  in  the  form  of  bleaching  powder  or  chloride 
of  lime;  in  others,  liquid  chlorine  and  lime  are  added 
separately. 

T  he  conversion  of  the  bleached  pulp  to  paper  is  accomplished 
by  means  of  the  Fourdrinier  machine,  a  mechanism  so  unusual 


Fig.  6-8.  Diagram  of  Fourdrinier  machine. 
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Fig.  6-9.  Pulp  and  paper  production. 
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that  it  is  sometimes  referred  to  as  “the  Fourdrinier  freak”,  yet 
so  efficient  that  a  single  machine  may  turn  out  more  than  150 
tons  of  newsprint  per  day.  There  are  four  steps  in  the  opera¬ 
tion  of  this  machine.  The  pulp  is  poured  on  an  endless  screen 
of  woven  copper  threads  which  drains  away  the  water  and 
forms  a  loose  matting  of  pulp  fibres.  This  matting  is  pressed 
between  heavy  rollers  and  then  carried  over  a  succession  of 
steam-heated  drying  drums.  Finally,  a  smooth  finish  is  put  on 
the  paper  by  passing  it  through  a  series  of  rollers.  The  process 
of  putting  a  smooth  surface  on  paper  by  friction  is  called 
“calendering”,  and  the  vertical  series  of  rollers  which  accom¬ 
plishes  this  is  the  calender  stack.  The  entire  operation  is 
continuous  and  produces  a  finished  paper  sheet  some  eight 
yards  wide  at  a  rate  of  1400  feet  per  minute  for  24  hours 
each  day. 

Because  the  mechanical  pulp  process  does  not  remove  the 
lignin  from  the  cellulose  fibres,  paper  made  from  it  turns  yellow 
rather  quickly.  Finer  papers  are  therefore  made  from  chemical 
pulp,  usually  the  “sulphite”  variety.  In  the  sulphite  process 
the  lignin  is  removed  from  the  cellulose  fibres  by  dissolving  it 
in  a  solution  of  calcium  bisulphite,  Ca  (HS03)2.  The  high 
temperature  required  for  the  process  is  maintained  by  cooking 
the  wood  chips  and  sulphite  solution  together  with  steam  under 
pressure.  Although  this  is  the  most  expensive  of  the  wood  pulp 
processes,  it  results  in  a  very  complete  separation  of  the  lignin 
and  resins  and  produces  pure  cellulose  fibres. 

Where  strength  is  the  prime  consideration,  as  in  the  manu¬ 
facture  of  wrapping  paper,  sodium  sulphate,  Na2SO,,  is  used  as 
the  solvent  for  the  unwanted  lignin  and  resins.  This  reagent 
does  not  produce  as  pure  a  cellulose  as  does  a  sulphite  solution, 
but  it  leaves  the  cellulose  in  the  long-fibre  form  required  for  a 
strong  paper.  The  name  “kraft”  applied  to  the  sulphate 
process  is  derived  from  the  German  word  for  strength. 

In  what  other  ways  is  cellulose  used?  An  increasing  amount 
of  the  pure  cellulose  produced  by  the  sulphite  pulp  process  is 
being  used,  not  for  the  manufacture  of  paper,  but  in  the 
synthesis  of  newer  cellulose  products.  Cellulose  from  other 
sources,  such  as  cotton  fibres,  competes  with  wood  pulp  as  a 
raw  material  in  this  field. 
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that  it  is  sometimes  referred  to  as  “the  Fourdrinier  freak”,  yet 
so  efficient  that  a  single  machine  may  turn  out  more  than  150 
tons  of  newsprint  per  day.  There  are  four  steps  in  the  opera¬ 
tion  of  this  machine.  The  pulp  is  poured  on  an  endless  screen 
°f  woven  copper  threads  which  drains  away  the  water  and 
forms  a  loose  matting  of  pulp  fibres.  This  matting  is  pressed 
between  heavy  rollers  and  then  carried  over  a  succession  of 
steam-heated  drying  drums.  Finally,  a  smooth  finish  is  put  on 
the  paper  by  passing  it  through  a  series  of  rollers.  The  process 
of  putting  a  smooth  surface  on  paper  by  friction  is  called 
calendering  ,  and  the  vertical  series  of  rollers  which  accom¬ 
plishes  this  is  the  calender  stack.  The  entire  operation  is 
continuous  and  produces  a  finished  paper  sheet  some  eight 
yards  wide  at  a  rate  of  1400  feet  per  minute  for  24  hours 
each  day. 

Because  the  mechanical  pulp  process  does  not  remove  the 
lignin  from  the  cellulose  fibres,  paper  made  from  it  turns  yellow 
rather  quickly.  Finer  papers  are  therefore  made  from  chemical 
pulp,  usually  the  sulphite  ’  variety.  In  the  sulphite  process 
the  lignin  is  removed  from  the  cellulose  fibres  by  dissolving  it 
in  a  solution  of  calcium  bisulphite,  Ca  (HS03)2.  The  high 
temperature  required  for  the  process  is  maintained  by  cooking 
the  wood  chips  and  sulphite  solution  together  with  steam  under 
pressure.  Although  this  is  the  most  expensive  of  the  wood  pulp 
processes,  it  results  in  a  very  complete  separation  of  the  lignin 
and  resins  and  produces  pure  cellulose  fibres. 

Where  strength  is  the  prime  consideration,  as  in  the  manu¬ 
facture  of  wrapping  paper,  sodium  sulphate,  Na3SO„  is  used  as 
the  solvent  for  the  unwanted  lignin  and  resins.  This  reagent 
does  not  produce  as  pure  a  cellulose  as  does  a  sulphite  solution, 
but  it  leaves  the  cellulose  in  the  long-fibre  form  required  for  a 
strong  paper.  The  name  “kraft”  applied  to  the  sulphate 
process  is  derived  from  the  German  word  for  strength 
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In  what  other  ways  is  cellulose  used?  An  increasing  amount 
of  the  pure  cellulose  produced  by  the  sulphite  pulp  process  is 
being  used,  not  for  the  manufacture  of  paper,  but  in  the 
synthesis  of  newer  cellulose  products.  Cellulose  from  other 
sources,  such  as  cotton  fibres,  competes  with  wood  pulp  as  a 
raw  material  in  this  field. 
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Fig.  6-10.  Stages  in  the  production  of  rayon. 
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thread  of  colourless  cellulose.  To  preserve  their  transparency 
and  give  them  strength  and  elasticity,  the  threads  must  be 
drawn  under  tension.  Several  of  these  fine  threads  are  finally 
spun  into  one,  dyed  and  spooled. 

Celanese  is  an  artificial  silk  made  by  a  somewhat  similar 
process.  Cellulose  is  first  converted  to  cellulose  acetate  and 
then  dissolved  in  acetone.  The  solution  is  forced  through  jets, 
and  evaporation  of' the  solvent  leaves  a  thread  of  cellulose 
acetate. 

More  recent  additions  to  the  list  of  synthetic  fibres  are  the 
plastics  nylon,  fortisan  and  vinyon,  and  the  synthetic  wool 
lanitol,  made  from  milk  casein. 

Several  factors  have  enabled  the  synthetic  fibres  to  compete 
successfully  with  natural  silk,  cotton,  and  wool.  In  some  cases 
the  synthetic  fibre  can  be  produced  more  cheaply  than  its 
natural  counterpart.  By  controlling  the  length  of  fibre  pro¬ 
duced  in  the  synthetic  processes,  a  more  uniform  quality  of 
product  may  be  guaranteed.  In  most  cases  the  synthetic  fabrics 
are  more  easily  washed,  since  dirt  cannot  become  trapped  inside 
the  fibre.  Perhaps  most  important  of  all,  the  supply  of  the 
synthetics  is  not  dependent  upon  geography,  because  the  raw 


Fig.  6-1  lb.  Natural  and  artificial  fibres:  1 — wool,  2 — cotton, 
3 — linen,  4 — -silk,  5 — rayon. 
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Fig.  6-12.  Destructive  distillation  of  wood. 


materials  for  their  manufacture  are  cellulose  fibres  in  the  case 
of  some,  coal,  air  and  water  for  the  others. 

What  is  obtained  from  the  destructive  distillation  of  wood? 

It  is  common  knowledge  that  if  wood  is  heated  to  a  high 
enough  temperature  it  bursts  into  flame.  If  the  heating  is  done 
in  a  closed  retort  or  oven,  however,  so  that  oxygen  is  not  avail¬ 
able,  the  wood  decomposes  without  burning.  The  greater  part 
of  the  carbon  which  was  contained  in  the  cellulose,  lignin,  and 
proteins  of  the  wood  remains  in  the  retort  as  charcoal.  If  the 
escaping  vapours  are  cooled,  some  of  them  condense  to  form 
the  brown,  viscous  liquid  mixture  termed  pyroligneous  acid. 
The  vapour  which  does  not  condense  consists  largely  of  hydro¬ 
carbons,  particularly  ethylene.  These  gases  are  commonly  used 
for  heating  the  retort,  although  modern  chemical  research 
shows  that  some  of  them  could  be  used  in  the  manufacture  of 
synthetic  rubber. 

The  tarry  pyroligneous  acid  is  the  most  important  product 
of  the  decomposition  of  the  wood.  It  is  separated  by  fractional 
distillation  into  several  important  liquid  compounds.  The 
most  notable  of  these  are  methanol  (wood  alcohol),  acetone, 
and  acetic  acid. 

How  are  alcohols  manufactured  and  used?  The  simplest  of 
the  alcohols  is  methanol,  CH3OH,  whose  manufacture  from 
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Fig.  6-13.  Fractionating 
graph  for  tarry  pyro¬ 
ligneous  mixture  ob¬ 
tained  from  wood  or  coal. 


wood  has  just  been  described.  Far  greater  quanti¬ 
ties  of  it  are  now  obtained  by  a  new  synthetic 
process.  Coke  is  treated  with  steam  at  a  high 
temperature: 

C  -f-  HoO  — >  CO  +  H2 

The  resulting  mixture  of  carbon  monoxide  and 
hydrogen,  known  as  water  gas,  can  be  made  to 
combine  by  using  as  a  catalyst  a  mixture  of  oxides 
of  copper,  zinc  and  chromium. 

CO  +  2H2  -»  CH3OH 

Methyl  alcohol  is  an  excellent  solvent  for  organic 
materials  and  is  widely  used  in  the  making  of 
shellac  and  varnishes. 

More  useful  than  methanol  is  the  next  member 
of  the  same  homologous  series,  ethanol  (C2H5OH), 
commonly  referred  to  as  grain  alcohol.  Although 
it  can  be  synthesized,  it  is  generally  prepared  by 
the  ancient  method  of  fermentation  of  a  sugar 
solution.  The  agent  which  causes  fermentation  is 
the  unicellular  yeast  plant.  Yeast  secretes  two 
enzymes,  diastase,  which  hydrolyses  starch  into 
hexose  sugars,  and  invertase,  which  has  the  same 
effect  on  the  disaccharides.  The  hexose  sugars  are 
then  converted  to  alcohol  by  the  action  of  the 
third  yeast  enzyme,  zymase. 

The  fermented  solution  is  usually  not  more  than 
12  per  cent  ethanol,  and  traces  of  aldehydes,  esters, 
and  amyl  alcohol,  or  fusel  oil,  are  present.  These 
impurities  and  most  of  the  water  are  therefore 
removed  by  fractional  distillation.  The  most  con¬ 
centrated  alcohol  which  can  be  produced  by 
distillation  is  95  per  cent  alcohol  and  5  per  cent 
water,  and  this  is  the  product  usually  sold  as  indus¬ 
trial  alcohol.  Absolute  alcohol  is  obtained  when 
the  last  trace  of  water  is  removed  from  industrial 
alcohol  by  boiling  with  quicklime. 

The  use  of  grain  alcohol  as  the  active  ingredient 
of  intoxicating  liquors  is  older  than  recorded 
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Fig.  6-14.  The  story  of  industrial  alcohol 
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history.  Far  more  important  today,  however,  is  the  fact  that, 
next  to  water,  it  is  our  most  useful  solvent.  It  will  dissolve  a 
great  number  of  organic  compounds  which  are  insoluble  in 
water,  including  dyes,  perfumes,  flavours,  resins,  paints,  hydro¬ 
carbons,  and  organic  acids.  Many  of  these  substances  are  sold 
as  solutions  in  alcohol.  The  alcoholic  solution  of  a  medicinal 
compound  is  called  a  tincture.  A  great  many  organic  sub¬ 
stances  are  purified  by  crystallizing  them  from  alcohol  solution. 
In  one  way  or  another,  ethanol  enters  into  the  manufacture  of 
more  than  four  thousand  other  substances  in  the  medical  field 
alone.  In  the  year  1937,  two  hundred  million  gallons  of 
industrial  alcohol  were  produced  in  the  United  States. 

Some  of  the  more  complex  alcohols  are  increasing  in 
importance.  Butyl  alcohol  is  a  raw  material  in  the  production 
of  some  synthetic  rubbers.  Amyl  alcohol  is  used  in  the  prepara¬ 
tion  of  lacquers.  Ethylene  glycol,  C2H4(OH)2,  which  is  classed 
as  a  dibasic  alcohol  because  of  its  two  hydroxyl  groups,  is  the 
chief  ingredient  of  the  better  types  of  anti-freeze  for  automobile 
radiators  and  is  also  used  in  the  growing  synthetic  rubber 
industry.  The  tribasic  alcohol  glycerine,  C3H,(OH)3,  is  treated 
with  nitric  and  sulphuric  acids  to  make  the  well-known 
explosive  nitroglycerine.  Both  glycerine  and  ethylene  glycol 
also  find  some  use  in  hydraulic  brakes  and  in  the  hydraulically 
operated  controls  of  heavy  aircraft. 

How  are  vinegar  and  pure  acetic  acid  made?  A  variety  of 
bacteria  present  at  all  times  in  the  air  form  a  sludge  of  rope-like 
threads  known  as  “mother  of  vinegar”  when  introduced  into  a 
solution  containing  ethyl  alcohol.  These  bacteria  produce  an 
enzyme  which  converts  the  alcohol  to  acetic  acid.  When  the 
concentration  of  acid  in  the  solution  has  reached  about  5  or  10 
per  cent,  the  action  stops.  The  resulting  solution  of  acetic  acid 
is  called  vinegar.  Large  quantities  of  vinegar  are  used  in 
pickling,  and  since  it  is  a  mild  acid  it  also  finds  considerable 
use  as  a  household  cleanser. 

The  acetic  acid  of  vinegar  may  be  precipitated  in  solid  form 
by  introducing  lime,  which  converts  it  to  the  insoluble  com¬ 
pound  calcium  acetate.  Treatment  of  the  calcium  acetate  with 
sulphuric  acid  then  produces  pure  acetic  acid.  As  was 
mentioned  earlier,  pure  acetic  acid  is  also  obtained  in  the 
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destructive  distillation  of 
wood.  However,  most  of  our 
industrial  acetic  acid  is  now 
obtained  by  a  synthetic  method 
starting  with  the  hydrocarbon, 
acetylene.  The  process  in¬ 
volves  two  steps,  for  which  the 
equations  follow: 

C2H2  +  h2o  CH3CHO 

(acetaldehyde) 

2  CH3CHO-f  02— >2  CHgCOOH 

(acetic  acid) 

Catalysts  are  required  for  both 
these  reactions. 

Pure  acetic  acid  has  a  freez¬ 
ing  point  of  18°  C.  which  is 
very  close  to  room  tempera¬ 
ture.  Thus  it  often  appears  as 
a  clear  liquid  containing  large, 
ice-like  crystals  of  the  solid 
acid.  For  this  reason  it  is 
commonly  called  glacial  acetic 
acid. 

Acetic  acid  is  employed 
wherever  a  weak  acid  is 
needed.  The  esters  formed  by 
its  reaction  with  acids  are  also 
useful.  The  “banana  oil”  base 
of  quick-drying  lacquers  is  a 
mixture  of  ethyl,  butyl,  and 
amyl  acetates.  The  manufac¬ 
ture  of  a  typical  lacquer  in¬ 
volves  dissolving  or  suspend¬ 
ing  a  pigment  of  the  desired 
colour  in  a  pyroxylin  (p.  223), 
and  then  dissolving  the  whole 
in  a  mixture  of  acetates.  Nail 
polish  is  a  lacquer  of  this  kind. 
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Fig.  6-1 0.  Acids  are  formed  in  many  places 
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What  other  organic  acids  are  interesting  or  important? 

The  simplest  of  the  organic  acids  is  formic  acid,  HCOOH. 
It  produces  a  painful  swelling  when  injected  under  the  skin  by 
the  hypodermic  needle  carried  by  a  bee  or  wasp.  Ants  and 
scorpions  also  secrete  formic  acid.  The  flavour  of  butter  is  due, 
at  least  partly,  to  the  presence  of  butyric  acid,  C3H:COOH. 
Decomposition  of  the  butyrate  fats  in  butter  and  cheese  by 
bacterial  action  releases  some  butyric  acid  and  turns  the  food 
rancid.  Considerable  amounts  of  this  acid  occur  in  Limburg-er 

o 

cheese.  The  pure  acid  has  a  powerful  and  offensive  smell. 

The  vegetable  and  animal  oils  and  fats  are  esters  formed 
from  the  tribasic  alcohol  glycerine  and  a  variety  of  organic 
acids.  Three  of  these  acids  are  palmitic  acid,  oleic  acid,  and 
stearic  acid.  Glyceryl  palmitate  (or  palmitin)  predominates  in 
soft  fats,  glyceryl  oleate  (or  olein)  in  liquid  oils,  and  glyceryl 
stearate  (or  stearin)  in  beef  fat  and  other  hard  fats. 

The  flavours  of  some  fruits  are  partly  due  to  organic  acids. 
The  tartaric  acid  which  gives  grapes  their  astringent  acidity  is 
used  in  many  varieties  of  baking  powder.  Citric  acid  is  re¬ 
sponsible  for  the  sharp  flavour  of  oranges,  lemons,  and  the 
other  citrus  fruits.  Oxalic  acid  accounts  for  the  acidity  of 
rhubarb.  Because  oxalic  acid  is  reasonably  soluble  in  water 

and  fairly  strong,  and  can  be 
obtained  in  a  very  pure  crystal¬ 
line  form,  it  finds  considerable 
use  in  the  chemical  analyst’s 
laboratory. 

What  organic  solvents  are  used 
industrially?  The  use  of  meth¬ 
anol,  ethanol,  and  the  acetate 
esters  as  solvents  has  already  been 
described.  Numerous  other 
organic  liquids  are  similarly 
employed. 

Ethyl  ether  (C2HB)20,  better 
known  as  an  anaesthetic,  is  used 
as  a  solvent  for  pyroxylins,  resins, 
ively  in  operating  rooms  such  as  this.  alkaloids,  fats,  and  organic  stains. 


Photo  by  Campbell's  Studio 
Fir.  Fthcr  lias  heen  used  extens- 


CARBON  COMPOUNDS 


231 


Acetone,  one  of  the  pro¬ 
ducts  of  the  distillation  of 
wood,  dissolves  fats,  resins, 
and  hydrocarbons.  Its  chief 
industrial  importance  is  as 
a  solvent  for  acetylene  gas. 
Large  quantities  of  acetyl¬ 
ene  dissolve  in  acetone  in 
steel  tanks  under  pressure. 
When  the  pressure  is  re¬ 
leased  the  acetylene  is 
liberated  for  use  in  oxy- 
acetylene  torches. 

Carbon  disulphide,  CS2, 
is  made  by  direct  synthesis 
of  the  two  elements  in  an 
electric  furnace.  It  is  one 
of  the  few  liquids  which 
will  dissolve  sulphur. 
Much  more  important  is 
its  ability  to  dissolve  cellu¬ 
lose,  utilized  in  the  viscose 
rayon  process. 

Carbon  tetrachloride, 
CC14,  is  made  by  a  reaction 
between  carbon  disulphide 
and  chlorine: 


Courtesy  Western  Canada  Insuranee  Underwriters’  Association 


Fig.  6-17.  When  fire  extinguishers  are  provided, 
disasters  such  as  this  are  less  common. 


CS2  +  3CL  -»  S2C12  +  CC14. 


Both  products  of  the  reaction  are  liquids  and  must  be  separated 
by  distillation.  In  addition  to  its  use  as  a  fire  extinguisher, 
carbon  tetrachloride  is  one  of  the  safe,  non-inflammable  clean¬ 
ing  solvents.  Rubber  cement  for  patching  tires  is  a  solution 
of  rubber  in  carbon  disulphide. 

It  is  interesting  to  note  in  passing  that  the  intoxicating  action 
of  ethyl  alcohol  and  the  anaesthetic  properties  of  ethyl  ether 
and  chloroform  seem  to  be  results  of  the  ability  of  these  liquids 
to  dissolve  the  protective  coating  of  fat  and  remove  it  from  the 
nerve  tissues. 
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Of  what  use  is  formaldehyde?  Formaldehyde,  HCHO,  is 
made  by  oxidising  methyl  alcohol  under  the  influence  of  a 
suitable  catalyst: 

2  CH3OH  +  02  ->  2  HCHO  +  2HaO. 


It  is  used  extensively  as  a  preservative  and  disinfectant.  A  40 
per  cent  solution  of  formaldehyde  used  for  these  purposes  is 
called  formalin.  It  is  useful  in  the  control  of  wheat  smut, 
although  newer  fungicides  are  displacing  it. 

The  most  interesting  property  of  formaldehyde  at  the  present 
time  is  its  ability  to  combine  with  phenol  (carbolic  acid)  in  the 

manufacture  of  bakelite, 
the  first  of  the  plastics  to 
assume  wide  commercial 
importance.  The  product 
of  the  combination  of 
phenol  and  formaldehyde 
is  a  substance  which  is  able 
to  polymerize:  that  is,  large 
numbers  of  molecules  of 
this  substance  combine 
with  each  other  to  form 
the  complex  bakelite  mole¬ 
cule.  Bakelite  is  thus  a 
polymer  of  phenol  and 
formaldehyde.  Most  elec¬ 
trical  fittings  are  made  of 
bakelite  and  it  is  also 
extensively  used  in  making 
handles,  phonograph  re¬ 
cords,  and  buttons.  Bake¬ 
lite  and  a  similar  polymer 
called  redmanol  form  val¬ 
uable  lacquers  for  metal 
surfaces  when  dissolved  in 
suitable  solvents. 


Courtesy  Du  Pont 

Fig.  6-18.  Paint  brush  with  natural  bristle, 
left,  and  the  one  with  new  tapered  nylon  bristle, 
right,  have  been  used  the  same  length  of  time. 


What  other  plastics  ar 
important?  We  appear  t 
be  entering  what  might  b 
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Plastics  are  occupying  an  increasingly  important  place  in  modern  society. 
A  Jew  of  the  many  uses  of  plastics  arc  shown  here. 


Courtesy  The  Society  of  the  Plastics  Industry,  Inc. 
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described  as  the  Age  of 
Plastics.  Plastics  may  be 
moulded  into  sheets,  rods 
or  tubes,  and  sawed,  turned 
and  machined  into  almost 
any  shape.  We  thus  find* 
plastics  being  used  to  make 
everything  from  buttons 
and  doorknobs  to  aero¬ 
planes  and  automobile 
bodies.  Nylon  and  forti- 
san  are  plastics  which  can 
be  drawn  into  fine  threads 
and  woven  into  fabrics  at 
least  as  useful  as  silk,  cot¬ 
ton,  and  wool.  Pliofilm 
and  synthetic  rubbers  are 
plastics  which  promise  to 
make  us  independent  of 
the  tropical  rubber  planta¬ 
tions.  Plastacele  is  prov¬ 
ing  to  be  a  suitable  substi¬ 
tute  for  wood  and  sheet 
metals. 


Courtesy  C-I-L  Oval 

Fig.  6-19.  Everything  in  this  picture,  except 
the  girl,  is  plastic. 


Some  plastics  may  be  moulded  when  heated  and  set  when 
cooled.  These  thermoplastic  compounds  can  be  repeatedly 
softened  and  reset.  The  thermosetting  plastics  soften  when 
first  heated  and  harden  permanently  and  irreversibly  upon 
further  heating. 

Plastics  fall  into  four  general  categories: 

1.  Animal  plastics  include  casein  compounds  extracted  from 
milk.  Among  the  oldest  of  the  plastics,  these  are  used  for 
bonding  wood,  making  buttons,  and  in  preparing  washable 
kalsomines. 


2.  Vegetable  plastics  include  the  cellulose  derivatives  and 
rayon.  From  the  soybean  have  been  developed  plastics  that 
seem  to  have  endless  uses.  A  promising  new  plastic  industry 
in  Brazil  makes  use  of  that  country’s  excess  crop  of  coffee  beans. 
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3.  Phenol  plastics  are  represented  by  bakelite  and  redmanol, 
described  in  the  preceding  section. 

4.  Gas  and  air  plastics  are  derivatives  of  the  compound  urea. 
Among  this  group  is  lucite,  the  plastic  which  makes  excellent 
dental  and  surgical  lights  because  of  its  ability  to  “pipe”  light 
around  corners.  Small  lucite  road  markers  reflect  the  head¬ 
light’s  beam  from  over  a  mile  away.  Lucite  and  its  companion 
plexiglass,  more  transparent  and  less  fragile  than  glass,  are 
moulded  into  cockpits,  astro-domes1,  gun-turrets,  and  bomber 
noses  for  aircraft.  Other  plastics  of  this  group  often  have  gay 
and  beautiful  colours,  and  find  much  favour  in  the  form  of 
costume  jewelry,  ornaments,  handles,  cabinets,  furniture,  bath¬ 
tubs,  and  wall  panelling. 

Nylon  is  also  an  air-and-gas  plastic.  Uses  for  this  versatile 
substance  have  ranged  from  gossamer  stockings  and  mosquito 
screens  to  powerful  tow-ropes  for  gliders. 


^  >  1  A 

ties  similar  to  those  of 
the  natural  plastic,  rub- 
■  her.  Their  development 
"  was  greatly  accelerated 
by  the  war  against 
M Japan. 


How  may  elastomers 
be  snythesized?  Elasto¬ 
mers  are  synthetic  poly¬ 
mers  which  have  proper- 


Natural  rubber  is  ob¬ 
tained  from  the  sap  of 
the  hevea,  or  rubber 
tree.  From  incisions 
into  the  cortex  of  the 
tree  flows  a  colloidal 
mixture  of  rubber  and 


Courtesy  Wartime  Information  Board  Water  Called  latex.  The 


Fig.  6-20.  Three  Canadian  
a  ’chute  on  the  ground. 


acetic  acid.  Since  latex 


iAir  navigation  may  involve  taking  observations  of  the  stars.  A  transparent 
dome  on  the  upper  surface  of  an  aircraft  from  which  the  navigator  makes 
such  observations  is  called  the  astro-dome. 
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is  a  negatively  charged  colloid,  it  may  also  be  coagulated  by  the 
passage  of  an  electric  current  through  it.  The  rubber  collects 
on  the  anode,  which  may  be  so  formed  as  to  mould  the  rubber 
in  such  useful  shapes  as  hot  water  bottles  or  caps. 

Raw  rubber  becomes  soft  and  sticky  in  warm  weather  and 
to  prevent  this  it  is  vulcanized  by  heating  it  to  150°  with 
sulphur.  A  sulphur  content  of  about  .3  per  cent  produces  the 
tough,  pliable  rubber  of  which  tires  are  made.  Hard  rubber, 
or  vulcanite,  is  produced  by  increasing  the  sulphur  content  to 
30  per  cent.  Its  durability  is  also  improved  by  the  addition  of 
carbon  black  and  zinc  oxide. 

Various  plants  of  the  temperate  zone  also  produce  rubber. 
These  include  milkweed,  the  Russian  dandelion,  and  the  sun¬ 
flower.  The  necessity  of  extracting  the  rubber  with  acetone 
and  chloroform  has  so  far  prevented  these  plants  from  becom¬ 
ing  an  enonomical  commercial  source  of  rubber. 

When  the  Japanese  seized  the  huge  rubber  plantations  of 
the  Malay  peninsula  and  the  East  Indies,  we  were  forced  to 
redouble  our  interest  and  efforts  in  the  production  of  elasto¬ 
mers,  or  synthetic  rubbers. 

Although  Michael  Faraday 
had  determined  the  empiri¬ 
cal  formula  of  rubber  as 
early  as  1826,  another  Eng¬ 
lish  chemist,  Sir  William 
Tilden,  appears  to  have 
made  the  first  successful 
attempt  to  study  the  struc¬ 
ture  of  the  rubber  molecule. 

About  the  year  1890  he 
found  that  isoprene,  C5HS, 
could  be  polymerized  into  a 
rubbery  substance  by  using 
sodium  metal  as  a  catalyst. 

By  1910,  German  scientists 
had  made  a  few  experi¬ 
mental  automobile  tires  from 
a  polymer  of  dimethyl  buta¬ 
diene. 

Thiokol  is  an  elastomer 
developed  in  the  United 
States  in  1931  by  combining 
ethylene  chloride,  C2H4CI2, 
with  sodium  polysulphide. 

It  is  not  suitable  for  tires, 
because  it  lacks  strength  and 
cannot  withstand  heat.  It  is 


Courtesy  Du  Pont 


Fig.  6-21.  Synthetic  rubber  manufacture  —  final 
milling  operation  on  neoprene. 
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very  useful  in  artificial  leathers  and  in 
any  article  in  contact  with  petroleum. 

Also  in  1931,  the  Dupont  company 
announced  the  development  of  neo¬ 
prene.  A  polymer  of  acetylene,  C2H2, 
was  chlorinated  by  the  action  of 
hydrochloric  acid  to  form  chloroprene, 
and  this  in  turn  was  polymerized  to 
neoprene.  This  elastomer  makes  good 
tires  and  is  superior  to  natural  rubber 
in  resistance  to  the  destructive  effect 
of  petroleum  oils,  but  it  is  costly. 

A  hydrocarbon  called  butene  is  the 
source  of  the  cheapest  rubber  substi¬ 
tute  at  present.  Unfortunately,  in 
tire  service  this  elastomer  breaks  down 
from  internal  heat  when  driven  at 
speeds  in  excess  of  35  or  40  miles  per 
hour. 

Most  promising  of  the  elastomers 
appear  to  be  the  butadiene  products, 
which  include  buna  S,  buna  N,  Per- 
bunan,  Hycar,  Ameripol,  and  Chemi- 
gum.  Butadiene  has  the  empirical 
formula  C(H«  and  is  represented 
structurally  as 

H  H 


I  I  I  I 

H  H  H  H 

Its  polymers  make  excellent  tires. 
They  are  tough,  heat-resistant,  elastic, 
and  flexible.  The  butadiene  itself  can 
be  derived  from  ethyl  alcohol,  from 
coal  and  limestone,  from  natural  gas, 
or  most  cheaply  from  petroleum.  The 
present  price  of  25c  per  pound  for 
butadiene  rubbers  compares  favourably 
with  an  average  price  of  about  13c  for 
natural  rubber.  New  projects  whose 
object  is  to  make  these  elastomers  for 
10c  a  pound  will,  if  successful,  render 
11s  entirely  independent  of  the  tropical 
rubber  plantations. 

Fro.  6-22.  Synthetic  rubber  manufacture: 
1— chemigum  compressed  into  cakes  for 
shipping,  2— spiral  metal  rings  protect 
bombers  against  skidding,  3 — testing  time 
for  bomber  tire  (4-foot  diameter  and 
built  on  nylon  cord — DuPont). 
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What  organic  oils  are  used 
in  industry?  Both  plants  and 
animals  manufacture  oils  and 
fats  as  energy  storehouses. 
Plants  more  frequently  secrete 
the  liquid  oils  while  animals 
form  the  solid  fats.  The  only 
real  distinction  between  oils 
and  fats  is  a  difference  in  melt¬ 
ing  points.  Those  which  have 
such  low  melting  points  that 
they  are  liquid  at  ordinary 
temperatures  are  classed  as  oils, 
those  with  higher  melting 
points  are  fats. 


Stearic  acid  +  glycerol  — >  glyceryl  stearate  +  water 
C17H35COOH  or  “stearin” 

Palmitic  acid  +  glycerol  — >  glyceryl  palmitate  +  water 
CjsBsiCOOH  or  “palmitin” 

Oleic  acid  +  glycerol  — >  glyceryl  oleate  +  water 
CitH»COOH  or  “olein”. 


Fats  and  oils  always  consist  chiefly  of  mixtures  of  these  three  esters  in 
various  proportions,  the  hard  fats  containing  more  stearin,  the  oils  a 
larger  proportion  of  olein.  Many  similar  compounds  are  found  in  smaller 
quantities.  Butter  fat,  for  instance,  is  about  75  per  cent  palmitin  and  olein, 
but  contains  a  little  stearin  and  small  amounts  of  the  glyceryl  esters  of 
butyric,  caproic,  caprylic,  lauric,  and  myristic  acids.  Glyceryl  linoleate 
is  an  important  constituent  of  linseed,  sunflower,  and  coconut  oils  : 

Linoleic  acid  +  glycerol  — >  glvcervl  linoleate  +  water 

C«H*COOH 


Some  of  the  fatty  acids,  such  as  stearic  and  palmitic  acids, 
contain  a  relatively  high  proportion  of  hydrogen.  These  are 
referred  to  as  saturated  compounds,  and  oils  or  fats  consisting 


Courtesy  Dominion  Rubber  Company 

)-23.  Rubber  is  used  in  the  manufac- 
>f  friction  belts. 


All  oils  and  fats  are  esters.  It 
will  be  recalled  that  an  ester  is 
formed  when  an  alcohol  combines 
with  an  organic  acid.  All  the  fatty 
esters  are  derived  from  the  tribasic 
alcohol  glycerol,  CsHsiOHh.  Since 
in  chemical  terminology  wTe  employ 
the  ending  -ol  to  denote  an  alcohol, 
chemists  prefer  the  name  glycerol 
for  this  compound,  but  the  older 
name  glycerine  is  more  common. 
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Courtesy  Chemical  Industries  Magazine 

Fig.  6-24.  Machine  for  hydrogenating  oils. 


chiefly  of  stearin  and 
palmitin  are  saturated 
fats.  The  unsaturated 
oils,  containing  such 
acids  as  oleic  and  lin- 
oleic,  are  capable  of 
absorbing  extra  hydro¬ 
gen,  and  are  generally 
more  reactive  and  con¬ 
sequently  of  greater  in¬ 
terest  to  the  industrial 
chemist. 

The  unsaturated  oils 
readily  absorb  odours. 
Lard,  which  is  high  in 
olein,  is  used  in  the 
manufacture  of  per¬ 
fume.  Layers  of  flowers 
are  placed  over  trays  of 
pure  lard.  When  the 
absorption  is  complete 
the  perfume  is  dissolved 
away  from  the  lard  by 
ethyl  alcohol. 

Linseed,  tung,  and 
sunflower  seed  oils  are 
used  in  paints  as  “car¬ 
riers”.  When  the  paint 
dri.es,  the  unsaturated 
oil  combines  with 
oxygen  to  form  a  tough  leathery  film  entrapping  the  pigments. 
The  Russians  make  extensive  use  of  sunflower  seed  oil  in  auto¬ 
mobile  lacquers.  Herring  and  pilchard  oils  are  also  good 
drying  oils. 


About  the  turn  of  the  present  century,  Sabatier  and 
Senderens  discovered  that  unsaturated  oils  could  be  made  to 
combine  directly  with  hydrogen  by  using  finely  divided  nickel 
as  a  catalyst.  By  this  hydrogenation  process  cotton  seed  and 
coconut  oils  are  converted  into  the  familiar  white  shortenings 
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which  we  buy  under  .  such  names  as  Crisco  and  Jewel 
Shortening.  Perhaps  more  interesting  is  the  production  of 
similar  snow-white,  odorless  fats  by  hydrogenation  of  the 
odoriferous  fish  oils.  Hydrogenation  of  sunflower  seed  oil 
yields  a  fat  which  bears  a  rather  close  resemblance  to  butter. 

In  1 866  Frederick  Walton  patented  a  process  for  making  a 
floor  covering  which  he  called  linoleum.  In  this  process,  cork 
powder,  partly  oxidized  linseed  oil,  and  finely  ground  pigments 
are  pressed  and  calendered  (p.  220)  to  a  backing  of  woven  jute 
burlap.  Further  oxidation  of  the  oil  hardens  the  mixture. 
Patterns  are  either  incorporated  as  inlaid  blocks  or  applied 
later  to  the  surface. 


How  are  soaps  made?  Our  great-grandmothers  of  pioneer 
days  saved  every  scrap  of  excess  fat  from  the  kitchen  and  stored 
it  in  an  iron  kettle.  When  the  kettle  was  full  they  rendered,  or 
melted,  the  fat  to  remove  all  solid  impurities.  While  the  fat 
was  accumulating,  they  also  saved  all  their  wood  ashes  in  a 
watertight  barrel.  On  soap  making  day,  the  ashes  would  be 
soaked  in  water  and 
the  extract  drawn  off. 

This  solution  con¬ 
tained  a  strong  base, 
potassium  hydroxide. 

When  the  potash  solu¬ 
tion  was  slowly  stirred 
into  melted  fat  and  the 
mixture  gently  heated, 
a  curdy  substance  soon 
began  to  form  on  top. 

This  substance  was 
skimmed  off  and 
cooled,  and  proved  to 
be  soap.  Left  in  the 
kettle  was  a  liquid 
which  today  we  would 
consider  as  valuable  as 
the  soap,  but  which 
great-grandma  threw  Courtesy  Proctor  and  Gamble 

away.  Fig.  6-25.  Soap  kettle  house. 
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Nowadays  this  sim¬ 
ple  soap-making  pro¬ 
cess  is  duplicated  on  a 
large  scale  in  factories. 
Huge  Id ut  quite  exact 
amounts  of  fats  or  oils 
and  lye  are  measured 
and  heated  gently  for 
several  days  in  tre¬ 
mendous  ten-car-load 
kettles.  Finally  salt  is 
added  to  ensure  a  com¬ 
plete  reaction.  From 

Fig.  6-26a.  Ribbons  of  ivory  Bate.  the  bott0m  °*  tbe  kettle 

a  mixture  of  lye,  salt, 

and  glycerine  is  drawn  away.  Distillation  of  this  liquor 
produces  about  ten  pounds  of  glycerine  for  every  hundred 
pounds  of  fat  used.  Although  glycerine  is  now  obtained  in 
larger  quantities  in  the  refining  of  petroleum,  it  is  still  an 
extremely  valuable  by-product  of  the  soap  manufacturers. 
Alter  removal  of  the  liquor,  the  molten  soap  is  poured  into 
large  moulds,  cooled,  sliced  into  bars,  stamped,  and  wrapped 
for  market. 


Soaps  of  various  qualities  are  obtained  by  varying  the 
particular  mixture  of  oils.  The  properties  of  the  product 
depend  also  on  the  particular  base  used.  Lye,  which  consists 
mainly  of  sodium  hydroxide,  produces  hard  soap,  while  potas¬ 
sium  hydroxide  forms  a  jelly-like  soft  soap.  It  is  interesting 
to  note  that  although  the  pioneer  housewife  did  not  know 
enough  chemistry  to  be  familiar  with  sodium  and  potassium  as 
such,  she  did  know  that  the  addition  of  salt  to  her  mixture  of 
wood  potash  and  fat  served  to  harden  the  soap. 

A  newer  modification  of  the  soap  process  is  now  in  use  in 
Russia.  The  oil,  usually  sunflower  seed  oil,  is  first  frozen.  This 
separates  the  glycerine  from  the  fatty  acids.  The  acids  are  then 
combined  directly  with  lye. 

In  the  making  of  soap  flakes,  molten  soap  is  poured  over  a 
rotating  drum.  Knives  peel  the  hardened  soap  off  the  drum  in 
the  form  of  ribbons  which  break  into  flakes.  Powdered  soap 
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is  manufactured  by 
forcing  liquid  soap 
under  pressure  through 
nozzle-like  jets. 

The  cleaning  action 
of  soap  is  a  combina¬ 
tion  of  three  processes. 

Because  a  soap  solution 
is  somewhat  alkaline, 
it  combines  with  fat  or 
grease  and  dissolves  it 
in  the  form  of  a  tem¬ 
porary  soap.  Much  of 
the  soap  is  present  in 
water  as  a  colloidal  net¬ 
work  of  fine  threads. 

This  network  traps  the 
insoluble  dirt  particles 
and  holds  them  in 
suspension.  Finally, 
dissolved  soap  enables 
the  water  to  gain  freer 
access  to  the  dirt  by 
lowering  its  surface 
tension. 

New  detergents  or 

cleaners,  recently  de-  „  „  ,  ,  ,  . 

veloped,  include  the  ^IG‘  °  ^ower  use^  ^or  production  of  soap  powder. 

salts  of  sulphonated1  alcohols.  These  have  two  advantages  over 
soap.  They  form  a  satisfactory  lather  in  cold  water,  and  they 
are  unaffected  by  the  dissolved  calcium  salts  which  cause  hard¬ 
ness  in  water.  As  sea  water  contains  a  good  deal  of  calcium, 
these  costlier  detergents  are  very  welcome  on  small  boats. 

*Note:  Activities  marked  with  asterisks  should  be  completed  by  all  students. 


1 A  sulphonated  compound  is  one  in  which  the  SOaH  group  takes  the  place  of 
a  n  c  rogen  atom  in  a  molecule.  1  bus  CaHo'O — S03H  is  the  sulphonated  com¬ 
pound  derived  from  ethyl  alcohol. 
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Activities 

A 

1.  Problem — To  invert  sugar  and  hydrolyze  starch. 

Test  sucrose  with  Fehling’s  solution.  Test  glucose  or  fructose  with 
Fehling’s  solution.  Invert  some  sucrose  by  adding  two  or  three  drops  of 
HC1  and  boiling.  Test  again  with  the  indicator.  Repeat,  using  some  other 
acid  in  place  of  the  HC1.  Repeat  the  entire  procedure,  using  starch  instead 
of  sucrose.  (Benedict’s  solution  may  be  used  instead  of  Fehling’s  solution.) 

2.  Problem — To  examine  yeast  plants. 

Prepare  slides  of  yeast  plants  and  examine  them  under  the  microscope. 
Make  drawings  of  what  you  see.  Ferment  sugar  solutions  with  yeast  in 
inverted  test-tubes.  See  what  products  you  can  identify. 

3.  Problem — To  show  the  adsorbing  power  of  bone-black. 

Arrange  a  filter  consisting  of  bone-black  in  a  glass  funnel.  Pour 
through  it  a  solution  of  brown  or  demerrara  sugar.  Compare  the  filtered 
solution  with  the  original.  Contrast  this  result  with  the  result  obtained 
by  filtering  a  similar  solution  through  a  paper  filter. 

4.  Problem — To  collect  starch. 

Separate  starch  from  potatoes  by  macerating,  squeezing  the  pulp  in  a 
small  cloth  bag,  and  collecting  the  ooze  in  a  test-tube.  Allow  the  suspen¬ 
sion  to  settle,  decant  the  liquid,  and  wash  the  residue.  Examine  a  few 
grains  microscopically.  Stain  with  iodine  and  examine  again. 

5.  Problem — To  distil  wood. 

Distil  wood  by  heating  it  in  a  combustion  tube  closed  at  one  end  and 
having  a  delivery  tube  at  the  other.  Collect  the  pyroligneous  acid  in  a 
flask.  Wash  the  gas,  first  in  dilute  H2SCh  to  remove  ammonia,  then  in 
NaOH  to  remove  HaS.  Ignite  a  jet  of  the  washed  gas. 

6.  Problem — To  compare  various  solvents. 

Test  the  ability  of  water,  methanol,  ethanol,  ether,  chloroform,  acetone, 
and  carbon  tetrachloride  to  dissolve  a  variety  of  substances,  such  as  sugar, 
salt,  petroleum,  grease,  animal  or  vegetable  fat,  pitch,  and  powdered 
sulphur. 

7.  Problem — To  make  ethyl  acetate. 

Mix  proper  proportions  of  absolute  ethyl  alcohol  and  glacial  acetic  acid. 
•Calculate  the  proportions  by  writing  the  equation.  Compare  the  odour 
of  the  product  with  that  of  banana  oil,  nail  polish,  or  lacquer. 

8.  Problem — To  examine  various  fibres. 

Obtain  threads  of  wool,  silk,  cotton,  wool,  and  rayon  or  nylon.  Test 
each  in  the  following  way: 

(a)  Treat  with  a  fairly  concentrated  NaOH  solution. 

(b)  Dip  in  dilute  nitric  acid  solution,  then  in  ammonia,  noticing  colour 
changes. 

(c)  Examine  individual  fibres  microscopically. 

What  applications  of  your  results  could  you  suggest? 

9.  Problem— To  make  rayon. 

In  an  eight-ounce  capped  bottle,  digest  some  absorbent  cotton  in  a  very 
concentrated  lye  solution  for  several  days.  When  the  mixture  is  dull 
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cream  in  colour,  pour  off  and  press  out  the  excess  lye.  Add  enough  carbon 
disulphide  to  cover  and  set  aside  to  digest. 

Caution:  Carbon  disulphide  is  somewhat  poisonous  and  highly  inflam¬ 
mable.  Avoid  inhaling  much  of  it  and  keep  it  away  from  any  open  flame. 
When  the  mixture  has  a  rich  orange-brown  colour,  dilute  some  of  it  to  the 
consistency  of  a  thin  syrup.  Make  a  glass  tip  of  minute  aperture.  Attach 
to  it  about  18  inches  of  rubber  tubing.  By  suction,  fill  the  tubing  with  the 
syrup.  Allow  gravity  to  force  the  syrup  through  the  tip  into  a  bath  of 
sodium  bisulphite. 

When  the.  demonstration  is  complete  it  is  interesting  to  set  the  unused 
syrup  aside  in  a  tightly  sealed  bottle  for  several  months,  to  see  what 
changes  occur. 

10.  Problem — To  make  bakelite. 

Put  100  gm.  of  phenol  in  a  flask  and  melt  the  phenol  by  immersing  the 
flask  in  hot  water.  Add  50  cc.  of  40  per  cent  formaldehyde  solution.  Add 
as  a  catalyst  one  gm.  of  sodium  hydroxide  dissolved  in  3  cc.  of  water. 
Heat  to  a  gentle  boil  for  about  20  minutes,  or  until  the  mixture  thickens. 
Pour  into  moulds.  Cure  for  4  hours  at  60°  C.,  then  for  another  4  hours 
at  70°  C.,  to  complete  the  polymerization.  Longer  curing  does  no  harm. 

11.  Problem — To  make  soap. 

Melt  about  80  gm.  of  lard,  cotton-seed  oil,  or  beef  fat.  Dissolve  20  gm. 
of  lye  in  40  cc.  of  water.  Pour  the  hot  fat  into  the  lye  solution,  a  little  at 
a  time,  stirring  constantly,  and  keeping  the  temperature  below  the  boiling 
point.  Heat  for  half  an  hour,  then  cool.  Remove  the  cake  of  soap  and 
test  its  action  in  water.  Distil  the  remaining  liquor  away  from  the  lye 
residue  and  test  the  distillate  for  taste  and  feel. 

12.  Problem — To  make  finger  nail  polish. 

Dissolve  pyroxylin  in  butyl  alcohol,  acetone,  and  ether.  Colour  with 
safranin  or  any  soluble  aniline  dye. 

*13.  Problem — To  compare  the  strengths  of  organic  and  inorganic  acids. 
Make  up  solutions  of  sulphuric,  hydrochloric,  acetic,  citric,  oxalic,  and 
carbolic  acids.  Each  solution  should  contain  one-tenth  molecular  weight 
in  100  cc.  of  water.  Test  the  conductivity  of  each  solution  in  turn  by 
putting  it  into  a  cell  equipped  with  two  copper  electrodes  connected  in 
series  with  a  6-volt  battery  and  an  ammeter.  Compare  the  currents  carried 
by  the  various  solutions. 

14.  Problem — To  compare  the  fibres  in  various  types  of  paper.  Test 
samples  of  newsprint,  bond  paper,  and  wrapping  paper  in  the  following 
way.  _  Shred  the  paper  finely,  cover  it  with  hot  water  in  a  beaker,  and 
pulp  it  thoroughly  by  beating  vigorously.  An  egg  beater  does  a  satisfac¬ 
tory  job.  Mount  a  few  fibres  on  a  slide  and  examine  under  a  magnifying 
glass  or  microscope. 

15.  Problem — To  make  cellulose  nitrate. 

Put  30  cc.  of  concentrated  nitric  acid  into  a  dry  beaker.  Place  the  beaker 
in  a  cooling  bath,  then  cautiously,  with  constant  stirring,  add  40  cc.  of 
concentrated  sulphuric  acid.  When  the  mixture  is  cold,  add  shred  by  shred, 
2  gm.  of  absorbent  cotton.  Cover  the  beaker  and  let  it  stand  for  fifteen 
minutes.  With  a  glass  rod,  lift  out  the  cotton  and  drop  it  into  a  large 
beaker  of  water.  Wash  it  until  there  is  no  reaction  when  blue  litmus  is 
pressed  against  it.  Press  out  as  much  of  the  water  as  possible  between 
filter  papers,  shred  the  product  and  let  it  dry  thoroughly. 
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Place  the  product  and  some  untreated  cotton  side  by  side  on  an  asbestos 
sheet,  ignite  them,  and  compare  the  rates  of  combustion. 

Warning:  Every  shred  of  the  cellulose  nitrate  must  be  burned.  If  left 
lying  about  it  constitutes  a  serious  fire  hazard. 

B 

1.  How  is  bone-black  prepared  for  sugar  refining?  After  18  hours’ 
use  it  needs  to  be  removed  and  re-activated.  How  is  the  re-activating 
accomplished  ? 

2.  Make  a  report  on  the  first  operations  in  which  ether  and  chloro¬ 
form  were  used  as  anaesthetics.  Your  encyclopedia  contains  some 
information.  Ask  your  librarian  for  books  on  discoveries  in  medicine. 

3.  Arrange  a  visit  to  one  of  the  following,  and  report  on  the  processes 
observed  there : 

(a)  a  sugar  refinery 

(b)  a  pulp  or  paper  mill 

(c)  a  roofing  or  wall-board  plant 

(d)  a  plastics  plant 

(e)  a  soap-making  plant 

4.  Explain  the  reaction  which  takes  place  between  ordinary  soap  and 
hard  water.  (Consult  a  chemistry  text.) 

5.  What  is  meant  by  the  statement  that  “the  enzymes  are  keys  that 
open  the  doors  to  industrial  chemurgy”?  Give  several  illustrations. 

'6.  Define  and  illustrate  : 

(a)  isomer 

(b)  polymer 

7.  Using  specific  examples,  write  equations  to  show  the  similarity 
between  the  formation  of  a  salt  (p.  341),  an  ester,  and  a  soap. 

8.  What  information  is  conveyed  by  a  structural  formula,  but  not  by 
an  empirical  one? 

9.  Make  a  list  of  all  the  chemurgical  products  that  might  conceivably 
go  into  the  manufacture  of  an  automobile. 

C 

(Do  not  write  answers  in  this  book) 

1.  The  raw  materials  for  all  our  chemurgical  industries  depend  funda¬ 
mentally  on  the  process  of  — — — ,  in  which  the  gas  -  combines  with 

water  to  form - . 

2.  The  term  “organic”  compound  is  now  considered  to  mean  - . 

3.  Carbon  forms  a  great  variety  of  compounds  because  : 

(a)  - . 

(b)  - . 

(c)  - . 

4.  Hydrocarbons  contain  the  elements - and - only,  while 

carbohydrates  contain  - , - and - . 

5.  A  series  of  related  organic  compounds  which  differ  only  in  the 

number  of  — CH2  groups  in  their  molecules  is  called  a - . 

6.  Aromatic  compounds  contain  a  pattern  ot  -  carbon  atoms  in 

the  form  of  a - . 
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7.  What  type  of  compound  is  generally  referred  to  by  each  of  the 
following  endings  ? 

(a)  -ol - . 

(b)  -ose  - . 

(c)  -ase  - - . 

8.  The  general  term  carbohydrates  includes  - ,  -  and - . 

9.  In  the  process  of  inversion,  a  -  is  converted  to  - . 

10.  Starch  is  detected  by  the  -  colour  produced  when  -  is 

added  to  it. 

11.  What  is  the  purpose  of  each  of  the  following  in  sugar  refining? 

(a)  lime  - — . 

(b)  vacuum  pans  - . 

(c)  bone-black - . 

(d)  kieselguhr - . 

(e)  the  centrifuge  - . 

12.  Wood  is  about  50  percent  -  and  22  percent  - . 

13.  Chemical  pulp  is  usually  made  by  digesting  wood  chips  with  - 

and  either  - -  or - . 

14.  Pyroxylins  are  made  by  treating - with  a  mixture  of  - 

and  - . 

15.  Two  solvents  used  in  making  synthetic  fibres  from  cellulose  are 

• -  and  - . 

16.  Destructive  distillation  first  separates  wood  into  the  two  main 

products  - -  and  — - . 

17.  By  fractional  distillation, - , - and - are  obtained  from 

pyroligneous  acid. 

18.  From  carbon  monoxide  and  hydrogen  we  synthesize  the  useful 

solvent - . 

19.  Large  amounts  op  crude  molasses,  which  is  a  by-product  in  the 

manufacture  of  sugar,  are  used  for  the  preparation  of  industrial - . 

20.  “Mother  of  vinegar’’  consists  of  - -  which  act  on  -  to  pro¬ 
duce  - . 

21.  Bakelite  is  formed  from - and  -  by  a  -  process. 

22.  The  most  promising  elastomers  at  present  are  derived  from  - . 

23.  Rubber  is  vulcanized  by  heating  with - and  toughened  by 

adding - and  - - . 

24.  Soap  helps  water  remove  dirt  because : 

(a)  it  forms  a  solution  which  is  mildly  - . 

(b)  some  of  the  soap  is  in  the -  state. 

(c)  soap  reduces  the  -  of  water. 

25.  Fats  and  oils  belong  to  the  class  of  compounds  called - .  All 

are  derived  from  the  same  tribasic  alcohol,  — - ,  combined  with  a  variety 

of  different  - . 

D 

1.  Devise  a  laboratory  procedure  to  produce  a  sheet  of  cellophane  by 
either  the  viscose  or  the  acetate  process. 

2.  Make  a  full  study  of  the  process  for  the  manufacture  of  linoleum, 
and  make  a  small  sheet  of  it  in  the  laboratory. 
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3.  Suggest  a  chemurgical  industry  that  might  profitably  be  established 
in  your  community  to  use  local  agricultural  or  forest  products.  Report  on 
the  problems  involved  in  such  a  venture,  in  terms  of  raw  materials,  power 
supply,  markets,  etc. 

4.  (a)  Make  a  collection  of  plastic  articles  and  advertisements  of  new 

plastics  and  their  uses. 

(b)  List  as  many  instances  as  you  can  in  which  plastics  may  be 
used  in  place  of  metals. 

(c)  Suggest  some  uses  for  which  plastics  are  unlikely  ever  to  com¬ 
pete  with  metals. 

5.  A  student  tests  some  potato  starch  with  Fehling’s  solution  and  finds 
that  it  contains  no  monosaccharides.  He  then  boils  the  starch  with  hydro¬ 
chloric  acid  for  several  hours.  He  tests  the  resulting  solution  with 
Fehling's  solution  and  obtains  a  positive  result.  He  concludes  that  the 
hydrolysis  of  starch  would  be  a  suitable  commercial  method  of  making 
glucose. 

Criticize  his  reasoning. 


CHAPTER  7 


NITROGEN  ENTERS  INTO  A  CYCLE  OF  CHEMICAL 
CHANGES  WITH  OTHER  ELEMENTS  FORMING 
NUMEROUS  IMPORTANT  COMPOUNDS 

How  Important  is  Nitrogen? 

As  nitrogen  comprises  about  78  per  cent  of  the  volume  of 
the  air,  we  must  attribute  to  it  a  major  share  in  the  phenomena 
of  winds  and  weather.  Similarly,  it  is  the  major  agent  in 
maintaining  flight.  More  than  three-quarters  of  the  normal 
atmospheric  pressure  of  14.7  pounds  per  square  inch  is  created 
by  nitrogen  gas. 

Nitrogen  is  an  essential  component  of  the  proteins 


Fjc.  7-1.  Dried  codfish  industry,  Digby,  N.  S.,  a  supply  of  animal  protein. 
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contained  in  protoplasm,  the  carrier  of  life.  Of  the  total 
weight  of  the  human  body,  about  three  per  cent  is  nitrogen. 
For  adequate  maintenance  of  our  protoplasm,  the  weight  of 
protein  in  our  diet  should  approximate  one-sixth  the  weight 
of  carbohydrates.  The  ultimate  source  of  supply  of  proteins 
for  all  animals,  including  man,  is  the  protein  content  of  plants. 
The  plants,  in  their  turn,  in  order  to  maintain  their  protein 
content,  must  obtain  from  the  soil  an  adequate  supply  of 
nitrogen  in  the  form  of  soluble  nitrates. 

Industrially,  nitrogen  compounds  are  of  paramount  im¬ 
portance  in  the  manufacture  of  explosives,  fertilizers  and 

photographic  supplies. 
Considerable  amounts 
of  nitrogen  compounds 
are  used  by  a  multi¬ 
tude  of  other  indus¬ 
tries,  notably  those 
which  manufacture 
dyes,  plastics,  synthetic 
textiles,  medical  sup¬ 
plies  and  household 
cleaners. 

Because  the  nitrates 
of  all  the  metals  are 
soluble,  these  com¬ 
pounds  are  of  consider¬ 
able  use  in  the  chem¬ 
ist’s  laboratory.  A  num¬ 
ber  of  the  metals, 
whose  compounds  are 
noted  for  their  insolu- 
bility,  cannot  be 
brought  into  solution 
except  in  the  form  of 
nitrates. 

What  are  our  chief 
sources  of  nitrogen 
compounds?  The  guano 
wastes  of  fish-eating 
birds,  or  of  bats  con- 


Photo  by  Pacific  and  Atlantic 
Fig.  7-2.  Fish-eating  birds  are  numerous  on  the 
Guano  Islands. 


NITROGEN 


249 

n 


gregating  in  caves,  constitute  an  important  source  of 
organic  nitrogen  compounds.  Chile  saltpetre,  or 
sodium  nitrate,  occurs  in  large  deposits  in  the  desert 
regions  of  Chile  and  Peru,  and  a  certain  amount  of 
Bengal  saltpetre,  or  potassium  nitrate,  is  obtained 
from  the  dry  regions  of  India.  It  is  obvious,  how¬ 
ever,  that  the  150,000  tons  of  the  free  element, 
atmospheric  nitrogen,  which  presses  down  upon  each 
acre  of  ground,  is  a  much  more  logical  source  of 
supply. 

Molecular  nitrogen,  N2,  can  be  separated  from  the 
air  by  fractional  distillation  of  liquid  air.  The 
boiling  point  of  nitrogen  is  — 196°  C.  The  rare  gases 
such  as  helium  and  neon  boil  away  at  temperatures 
below  this  point.  The  temperature  is  then  allowed 
to  rise  until  the  nitrogen  boils  off,  leaving  in  liquid 
form  the  oxygen  which  is  another  valuable  product 
of  this  procedure.  The  free  nitrogen  produced  in 
this  way  has  very  few  uses.  It  is  of  value  to  us  chiefly 
after  it  has  combined  with  other  elements  to  form 
compounds. 
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What  is  the  nitrogen  problem?  “The  fixation  of 
nitrogen  is  vital  to  the  progress  of  civilized  humanity 
and,  unless  we  can  class  it  among  the  certainties  to 
come,  the  great  Caucasian  race  will  cease  to  be  fore¬ 
most  in  the  world,  and  will  be  squeezed  out  by  the 
races  to  whom  wheaten  bread  is  not  the  staff  of  life.” 
So  spoke  Sir  William  Crookes  gloomily  in  1898.  He 
went  on  to  show  that,  after  a  few  decades,  the  deposits 
of  nitrate  fertilizer  in  Chile  would  be  exhausted  and 
the  world  would  then  be  confronted  with  famine  for 
lack  of  adequate  nitrate  supplies.  Only  by  synthesis 
of  nitrates  from  the  atmospheric  nitrogen  could 
Crookes  see  any  hope,  and  in  his  time  there  was  no 
evidence  that  this  could  be  done.  Later  research 
showed  that  the  Chilean  deposits  were  very  much 
more  extensive  than  Crookes  had  been  informed, 
enough  for  one  or  two  centuries.  Nevertheless,  his 
main  idea  was  correct;  the  world’s  rapidly  increasing 

Fig.  7- 3a.  Distillation  of  air. 
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population  would  eventually  face  starvation.  With  this  dire 
prospect  as  a  stimulus,  chemists  set  to  work  to  find  ways  of 
making  nitrate  fertilizers  from  the  air.  The  heartbreak  of  the 

problem  was  the  first  step,  that 
of  making  the  free  element 
combine  with  some  other. 

What  is  meant  by  the  fixa¬ 
tion  of  nitrogen?  Molecular 
nitrogen  is  a  very  lazy  element 
that  combines  only  slowly  and 
refractorily  with  a  few  ele¬ 
ments.  The  strategy  of  induc¬ 
ing  free  nitrogen  to  unite  with 
other  elements  is  known  as 
fixation.  So  inactive  is  nitro¬ 
gen  that  most  metals  will  not 
react  with  it.  This  fact  is 
utilized  when  nitrogen  is  used 
as  a  protective  gas  around  the 
filament  of  tungsten  in  the 


Fig.  7-3b.  Liquefaction  of  air. 

Key:  A — air  intake,  B — compressor,  C — 
coolinpr  coil.  D — water,  E — outer  expansion 
coil,  F — liquid  air,  G — expansion  valve,  R — 
return  pipe,  V — valves  of  compressor  pump. 


cheaper  lamp  bulbs.  A  few  of  the  active  light  metals,  such  as 
magnesium,  calcium  and  lithium,  will  fix  nitrogen  fairly 
easily,  but  none  of  the  compounds  so  formed  can  be  converted 
cheaply  into  industrial  chemicals.  Industrial  demands  require 
that  nitrogen  be  combined,  not  with  a  metal,  but  with  either 
hydrogen  or  oxygen.  Once  nitrogen  has  been  fixed  to  one  of 
these  two  elements,  an  astonishing  range  of  compounds  can 
be  derived. 


Photo  by  Nat.  Film  Board,  courtesy  Can.  Geographical  Journal 

Fig.  7-3c.  Plant  of  Alberta  Nitrogen  Products,  Limited. 
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After  nitrogen  has  been 
fixed,  it  often  escapes 
from  its  molecular  prison 
with  explosive  violence. 
Dulong,  who  first  formed 
the  touchy  nitrogen  chlo¬ 
ride  molecule,  NC13,  dis¬ 
covered  this  when  the 
product  decomposed  with¬ 
out  warning,  costing  him 
an  eye  and  three  fingers. 
Today  we  utilize  this  in¬ 
stability  of  some  nitrogen 
compounds  in  explosives. 


How  is  nitrogen  fixed 
by  the  Haber  process? 

During  the  early  years  of 
the  present  century,  the 
Germans  expended  much 
effort  in  trying  to  make 
themselves  independent 
of  the  Chilean  supply  of 
nitrates.  By  1913,  a 
German  chemist,  Fritz 
Haber,  succeeded  in  caus¬ 
ing  free  nitrogen  to  com¬ 
bine  with  hydrogen  to 
form  ammonia.  He 
mixed  three  volumes  of 
hydrogen  and  one  of  nitrogen,  both  very  pure,  and  brought  the 
mixture  into  contact  with  a  catalyst  of  powdered  iron.  The 
reaction  was  carried  out  under  the  high  pressure  of  200  atmo¬ 
spheres  (200X14.7  lb.  per  sq.  in.),  and  at  a  temperature  of 
500°  C.  The  ammonia  yielded  from  this  process  varied  from 
eight  to  fourteen  per  cent  of  the  theoretically  possible  amount, 
yet  in  the  fixation  of  so  sluggish  an  element  as  nitrogen  even 
this  degree  of  success  was  a  great  victory.  It  was  enough,  more¬ 
over,  to  make  the  process  commercially  practical. 


Fig.  7- 3d. 
analysis. 


Apparatus  used  in  automatic  gas 


Photo  by  Nat.  Film  Board,  courtesy  Can.  Geographical  Journal 


N2  +  3H2  —  2  NH3  +  24,200  cal. 
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As  the  reaction  is  a  reversible  one,  the  chemist  must  regulate 
the  conditions  carefully  to  ensure  a  profitable  yield  of  ammonia. 
Inspection  of  the  ecpiation  and  its  coefficients  reveals  first  that 

a  mixture  of  one  volume 
of  nitrogen  and  three  of 
hydrogen  will  bring  about 
the  most  efficient  reaction. 
It  shows  further  that  these 
four  volumes  of  reacting 
gases  combine  to  form  only 
two  volumes  of  ammonia. 
,,  „  ,  -  ■  i  In  such  cases  of  volume 

RE™f^*T,'ON  CLw.,k,.,  SOFTENER  PROCESS  reduction,  chemists  have 

k‘‘"1  'Tlf  ^*'.7...  found  that  high  pressure 
Fig.  7-4.  Diagram  of  Haber  process.  increases  the  yield.  By  em¬ 
ploying  a  pressure  of  900 
atmospheres,  the  newer  variation  of  Haber’s  method  known  as 
the  Claude  process  increases  the  yield  of  ammonia  from  the 
original  14  per  cent  to  40  per  cent. 
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The  equation  also  indicates  that  the  reaction  between 
nitrogen  and  hydrogen  gives  up  heat,  while  the  reverse 
reaction,  the  decomposition  of  ammonia,  absorbs  heat.  A  high 
temperature  will  therefore  favour  the  undesirable  decomposi¬ 
tion.  On  the  other  hand,  some  heat  energy  must  be  supplied 

to  “activate”  the  comparatively 
sluggish  nitrogen  and  hydro¬ 
gen  molecules.  A  compromise 
of  500°  C.  has  been  found  to 
give  the  best  results. 

Ammonia  synthesis  offers 
several  difficulties.  Unless  the 
gases  used  are  very  pure,  the 
catalyst  soon  becomes  “pois¬ 
oned”  with  a  consequent  de¬ 
crease  in  yield.  Again,  the 
tremendous  pressure  required 
for  the  process  causes  the 
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pipes  as  if  they  were  porous.  Even  the  most  impervious  metals 
permit  an  appreciable  leakage.  Cheap  supplies  of  gases  also 
constitute  a  problem.  Pure  nitrogen  is  usually  obtained  from 
liquid  air.  The  purest  hydrogen  is  obtained  by  electrolysis, 
but  a  cheaper  method  uses  water  and  coal  as  the  source  of 
hydrogen.  Water  gas  is  made  in  the  first  step  by  injecting 
steam  into  white  hot  coal: 

C  +  H.O  — >  CO  +  EE. 

The  carbon  monoxide  is  further  oxidized  to  carbon  dioxide  by 
a  second  reaction  with  steam,  this  time  under  the  influence  of 
a  catalyst: 

CO  +  EEO  ->  C02  +  H2. 

The  carbon  dioxide  is  removed  by  dissolving  it  under  pressure 
in  water,  and  forms  a  marketable  by-product. 

It  has  been  said  that  the  Haber  process  was  the  deciding 
factor  leading  to  Germany’s  attempt  at  world  conquest  in  1914. 
It  had  made  the  German  explosives  industry  independent  of 
supplies  of  nitrates  from 
Chile  which  could  be  cut 
off  by  a  British  naval 
blockade.  It  now  pro¬ 
duces  about  three-quarters 
of  all  the  nitrogen  com¬ 
pounds  used  in  industry 
throughout  the  world,  and 
seems  to  be  a  satisfactory 
and  permanent  solution  to 
the  problem  stated  by  Sir 
William  Crookes. 

What  is  ammonia?  Am¬ 
monia,  NH3,  is  a  colourless 
gas  about  two-thirds  as 
heavy  as  air.  It  is  easily 
recognized  by  its  pungent 
odour  and  is  somewhat 
poisonous.  It  is  formed 
during  the  decomposition 
of  animal  wastes.  Barns 
and  chicken  roosts  should 


Courtesy  National  Film  Board 


Fig.  7-6a.  Gas  masks  and  heav}'  gloves  protect 
the  workers  against  the  dangerous  effects  of 
ammonia  gas. 
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Fig.  7-6b.  Diagram  of  ammonia  refrigeration  plant. 

A — compressor,  B — reduction  valve,  C — hot  compressed  gases,  D — cooling 
spray  of  water,  E — condenser  coils  with  large  surface,  F — liquefied  ammonia, 
G — catchpot  and  drain  eliminating  heat  from  cold  storage  room,  H — expansion 
Valve,  I — large  expansion  coil,  J— brine  (low  freezing  point),  K — pumping 
brine  to  cold  storage  room,  L — brine  returning  with  heat  from  cold  storage 
room,  Vi — inlet  valve  of  compressor,  Vo — outlet  valve  of  compressor. 

be  well  ventilated  to  remove  the  ammonia  before  it  becomes 
harmful.  In  past  decades  ammonia  was  produced  by  the 
destructive  distillation  of  feathers,  skins,  hoofs,  and  horns. 
Reminiscent  of  this  obsolete  method  is  the  name  “spirits  of 
hartshorn”  still  used  by  druggists. 

Ammonia  is  the  most  soluble  of  all  gases.  At  room  tempera¬ 
ture  water  will  dissolve  700  times  its  own  volume  of  ammonia, 
while  at  0°  C.  the  figure  becomes  1200.  An  interesting  demon¬ 
stration  of  the  great  solubility  of  ammonia  is  the  ammonia 
fountain,  described  among  the  activities  at  the  end  of  this 
chapter. 

At  — 35.5°  C.  ammonia  condenses  to  a  colourless  liquid,  and 
at  —78°  it  freezes  to  a  solid  resembling  packed  snow.  As  an 
article  of  commerce  it  is  shipped  as  a  liquid  in  steel  cylinders. 
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How  is  ammonia  prepared?  By  far  the  greatest  commercial 
source  of  ammonia  is  the  Haber  process  which  has  already  been 
described.  Commercially  important  amounts  are  obtained  as 
a  by-product  in  the  destructive  distillation  of  coal  and  in  the 
refining  of  petroleum. 

There  are  two  convenient  methods  for  the  preparation  of 
ammonia  in  the  laboratory.  Because  the  solubility  of  gases 
decreases  as  the  temperature  is  raised,  copious  quantities  of 
ammonia  gas  are  released  when  ammonium  hydroxide  solution 
is  boiled.  Alternatively,  a  dry  ammonium  salt  may  be  heated 
with  a  suitable  base. 

2NH4C1  +  Ca(OH)2  2NH3  +  CaCL  +  2H20 
In  both  cases  the  ammonia  must  be  freed  of  its  water  vapour  by 
passing  it  through  a  drying  tower  containing  either  quicklime 
or  lye,  or  a  mixture  of 
the  two. 


Why  is  ammonia  used  as 
a  refrigerant?  Dry  ammo¬ 
nia  is  used  extensively  in 
refrigeration  and  in  the 
manufacture  of  ice  because 
of  the  ease  with  which  it 
may  be  liquefied  In 
refrigerating  plants  am¬ 
monia  is  circulated  within 
a  closed  system  of  pipes. 
The  gas  is  first  compressed 
by  a  pump,  and  then 
directed  through  a  con¬ 
denser  coil  where  a  spray 
of  cold  water  or  a  fan  re¬ 
moves  the  heat  evolved 
during  compression  and 
liquefies  the  ammonia. 
The  liquid  passes  through 
an  expansion  valve  into  a 
larger  pipe  where  the 
pressure  is  lower.  Release 
of  the  pressure  allows  the 


Photo  by  Campbell' s  Studio 

Fig.  7-7a.  An  ice  plant.  The  large  cans  are 
full  of  ice. 
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Courtesy  Maple  Leaf  Gardens 


Fig.  7-7 b.  A  corner  of  Maple  Leaf  Gardens  during  a  game  between  Leafs  and 
Canadiens.  A  refrigeration  plant  provides  the  ice. 

ammonia  to  vapourize.  In  accordance  with  the  principle  that 
energy  is  absorbed  in  the  evaporation  of  a  liquid,  the  vaporiz¬ 
ing  ammonia  extracts  heat  from  the  coil  and  its  surroundings. 
The  ammonia  is  withdrawn  from  the  refrigerating  coil  by  the 
pump  and  compressed  to  start  the  cycle  again. 

Surrounding  the  refrigerating  coil  is  a  brine  solution  of  salt 
or  calcium  chloride,  which  has  its  temperature  reduced  below 
the  freezing  point  of  water.  In  a  cold  storage  plant  this  cold 
brine  is  pumped  to  chill  each  of  the  storage  rooms.  In  an  ice 
plant,  large  cans  of  fresh  water  are  surrounded  by  the  brine 
pipes.  In  skating  arenas,  the  cold  brine  passes  through  a 
network  of  pipes  under  the  ice  sheet. 

Home  refrigerators  operate  in  the  same  way,  but  the 
refrigerant  is  either  sulphur  dioxide,  methyl  chloride,  or  the 
newer  “Freon”,  dichlor-diflouro-methane,  CC12F2.  Cooling 
units  of  air-conditioning  plants  are  also  similar. 

Ammonia  plants  may  be  adapted  for  use  in  the  preservation 
of  perishable  produce  by  quick-freezing.  Quick-freezing 
methods  are  intended  to  prevent  rupturing  of  the  cells  of  the 
foods  by  freezing  them  so  quickly  that  the  ice  crystals  formed 
are  very  small.  The  freezing  may  be  done  by  means  of  a  direct 
air  blast  from  ammonia  expansion  coils,  or  by  dipping  the 
foods  in  freezing  solutions  of  sugar  or  salt. 

Of  what  use  is  ammonium  hydroxide?  When  ammonia 
dissolves  in  water  a  small  amount  of  it  reacts  with  the  water, 
forming  ammonium  hydroxide. 


NITROGEN 


257 


NH3  +  H2O^NH4OH 

ammonia  ammonium  hydroxide 

The  resulting  solution  has  the  properties  of  a  base:  that  is,  it 
turns  red  litmus  blue,  it  feels  soapy,  and  it  neutralizes  acids, 
with  the  formation  of  ammonium  salts.  The  household  name 
of  this  solution  is  ammonia  water. 

The  ammonium  hydroxide,  NITOH,  never  exists  free  from 
water.  If  one  attempts  to  separate  it  from  the  water  by  distilla¬ 
tion,  the  ammonium  hydroxide  decomposes  and  ammonia  gas 
is  produced.  This  reaction  illustrates  the  difference  between 
ammonia,  NH3,  which  is  a  gaseous  compound,  and  ammonium, 
NH,„  which  exists  only  as  a  radical  combined  with  some  other 
radical  in  an  ammonium  salt,  or  in  solution  as  the  ammonium 
ion  NH4+. 

Ammonium  hydroxide  is  a  weak  base,  being  only  about  1 
per  cent  dissociated. 

NH4OH  —  NH.J+  +  OH-. 

Its  mildness  makes  it  a  useful  cleanser  for  dissolving  grease  and 
removing  dirt  without  harm  to  hands  or  fabrics.  As  a  mild 
base  it  has  many  uses  in  chemical  industry  and  research. 

What  ammonium  derivatives  are  important?  Several 
ammonium  salts  are  important  (Table  No.  16).  They  are 
generally  made  by  a  reaction  between  solutions  of  ammonium 


Name 


Ammonium 

sulphate 

Ammonium 

chloride 

(Sal  ammoniac) 

Ammonium 

nitrate 

Ammonium 

bicarbonate 

Ammonium 

calcium 

phosphate 


Table  No.  16 


Ammonium  Salts 


Ammonia 

Plus 

Formula 

Uses 

FLSCh 

(NHi)<  SOi 

Fertilizer 

HC1 

NH4C1 

Electrolyte  in 
dry  cells ; 

HNO;) 

NH4NO3 

Soldering  flux. 
Fertilizer ; 

Explosives. 

HaCOa 

NH4HCO0 

Leavening  in  baking 

soda  crackers. 

HaPOi 

and 

lime 

(NHi)4Ca(POi)2 

Fertilizer. 
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hydroxide  and  the  respective  acids.  The  salts,  which  are  all 
quite  soluble,  are  obtained  in  crystalline  form  by  evaporating 
the  water.  In  the  formation  of  these  salts,  the  ammonium 
radical,  NH4,  behaves  like  a  metal.  In  other  words,  it  acts  as 
the  positive  ion  of  its  soluble  salts. 

Ammonium  salts  are  identified  by  heating  them  with  a  strong 
base.  If  the  vapour  smells  like  ammonia  and  turns  moist  litmus 
paper  blue,  the  salt  is  identified  as  an  ammonium  compound. 

In  addition  to  the  salts  which  are  used  in  fertilizers  and 


Courtesy  Experimental  Farms  Service 


Fig.  7-8a.  Experiments  determine  the  fertilizer  requirements  of  various  soils. 

Key:  11-check,  17— N,  18—  P,  19— K,  20— NP,  21— NIC,  22— PIC,  23— NPIC, 
24— check.  These  oats  responded  best  to  applications  of  fertilizers  containing 
nitrogen. 
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explosives,  several  other  derivatives  of  ammonia  have  consider¬ 
able  importance.  One  of  the  cheapest  sources  of  nitric  acid, 
and  therefore  also  of  nitrates,  is  the  catalytic  oxidation  of 
ammonia  by  the  Ostwald  process.  Ammonia  is  also  a  raw 
material  in  the  synthesis  of  urea,  CO(NH2)2.  Urea  is  a  useful 
fertilizer  and  is  also  the  base  from  which  many  of  the  thermo¬ 
setting  plastics  are  polymerized. 

Of  what  importance  is  nitrogen  in 
maintaining  soil  fertility?  A  defi¬ 
ciency  of  nitrogen  in  available  form 
prevents  the  normal  development  of 
plants.  The  leaves  have  a  yellowish 
colour,  flowering  occurs  too  early, 
and  seed  production  is  reduced  in 
proportion  to  the  leaf  failure.  Plants 
with  enough  available  nitrogen  start 
quickly  and  produce  strong  stems 
and  dark  green  leaves.  Healthy, 
vigorous  early  growth  also  wards  off, 
to  a  remarkable  degree,  the  attacks 
of  pests  and  fungus  diseases. 

On  the  other  hand,  an  oversupply 
of  nitrogen  compounds,  besides 
being  wasteful,  tends  to  cause  late 
maturity  and  poor  seed  develop¬ 
ment.  By  producing  unduly  succu¬ 
lent  tissues,  it  may  also  cause  greater 
susceptibility  to  disease. 

A  shortage  of  fixed  nitrogen  may 
also  interfere  with  the  plant’s  utilization  of  other  nutrients  in 
the  soil.  Nearly  a  century  ago,  Justus  von  Liebig  discovered 
that  the  thriftiness  and  productivity  of  plants  is  limited  by  the 
least  abundant  nutrient  present.  The  excesses  of  the  other 
nutrients  are  unused  or  wasted  until  the  deficiency  of  the  one 
is  remedied.  This  fact  is  known  as  Liebig’s  Law  of  the 
Minimum  (Fig.  7-8b). 

What  part  do  nitrogen  fixing  plants  play  in  the  nitrogen 
cycle?  Green  plants  are  unable  to  avail  themselves  directly  of 
the  immense  supply  of  atmospheric  nitrogen.  What  nitrogen 


Fig.  7-8b.  Key :  Pot  5 — complete 
fertilizer ;  Pot  6 — no  nitrogen,  Pot  7 
— no  phosphorus,  Pot  8 — no  potassium. 
The  importance  of  N,  P,  and  K  is 
apparent. 
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Fig.  7-9.  Nitrogen  cycle. 
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they  need  they  must  absorb  from  the  soil  as  nitrates.  These 
they  transform  into  amino  acids  and  proteins.  Only  green 
plants  have  the  ability  to  synthesize  amino  acids,  and  animals 
depend  on  plant  supplies  of  these  compounds  for  the  building 
of  their  own  proteins. 

Plants  and  animals  return  nitrogen  compounds  to  the  soil 
in  two  ways.  Animal  activity  tears  down  proteins,  and  the 
consequent  uric  excretions  form  a  usable  nitrogen  supply  for 
plants.  Death  and  decay  of  both  animals  and  plants  release 
additional  amounts  of  nitrogenous  substances  to  the  soil. 

This  continuous  process  of  absorption  of  fixed  nitrogen  from 
the  soil  and  return  of  nitrogen  compounds  to  the  soil  consti¬ 
tutes  the  nitrogen  cycle.  Unfortunately,  several  factors  tend  to 
make  the  return  of  nitrogen  to  the  soil  incomplete.  Dentrify- 
ing  bacteria  and  decay  fungi  act  on  organic  refuse  to  release 
ammonia  and  free  nitrogen  into  the  air.  This  loss  is  especially 
serious  in  water-soaked  areas.  Animals  also  release  some 
ammonia  into  the  atmosphere.  The  entire  animal  return  of 
nitrogenous  material  to  the  soil  does  not  exceed  25  per  cent  of 
the  fixed  nitrogen  they  consume. 

The  resulting  deficiency  of  soil  nitrogen  is  normally  rectified 
by  the  action  of  those  varieties  of  soil  bacteria  which  are  able 
to  fix  nitrogen.  Some  nitrogen-fixing  bacteria  live  independ¬ 
ently  in  the  soil.  Other  species  live  symbiotically  in  the  rootlets 
of  leguminous  plants  (clover,  alfalfa,  peas,  and  beans)  and  of 
some  trees  (alders  and  beeches).  The  bacteria  irritate  the 
rootlets  and  cause  them  to  form  small  warty  nodules  in  which 
the  bacteria  exist. 

These  bacteria  oxidize  nitrogen  and  ammonia  to  nitrites. 
A  large  quantity  of  nitrites  in  the  soil  would  be  injurious  to 
plants,  but  other  soil  bacteria  immediately  oxidize  these  com¬ 
pounds  further,  producing  nitrates.  The  normal  annual  pro¬ 
duction  of  the  soil  bacteria  is  about  25  pounds  of  fixed  nitrogen 
per  acre,  enough  to  preserve  the  balance  of  the  nitrogen  cycle 
if  the  animal  population  is  not  too  dense. 

Whenever  soil  temperatures  fall  below  45°  F.,  the  bacterial 
fixation  of  nitrogen  is  seriously  reduced.  To  start  garden  and 
crop  plants  early  in  the  spring,  it  may  be  necessary  to  supply 
nitrogen  fertilizers  that  can  be  readily  absorbed. 
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Courtesy  Central  Experimental  Farm,  Ottawa 


Fin.  .7-10.  Alfalfa,  with  an  average  yield  of  3.47  tons  per  acre  at  Ottawa, 
provided  much  valuable  vegetable  protein. 

What  part  does  lightning  play  in  nitrogen  fixation?  When 
lightning  flashes  between  cloud  and  ground,  its  great  heat 
causes  nitrogen  and  oxygen  of  the  air  to  unite  into  nitric 
oxide,  NO. 

N2  +  02  ->  2NO. 

Almost  immediately  this  compound  unites  with  more  oxygen 
to  form  the  brown  gas  nitrogen  dioxide,  NO-.. 

This  dissolves  in  water  with  the  formation  of  nitric  acid. 

3N02  +  H20  2HN03  +  NO. 

Rain  and  lightning  supply  to  the  soil  nearly  two  pounds  of 
fixed  nitrogen  per  acre  each  year,  far  too  little  for  commercial 
crops,  yet  sufficient  to  provide  considerable  assistance  to  plants. 
Over  the  entire  surface  of  the  earth,  this  source  of  fixed 
nitrogen  amounts  to  more  than  two  hundred  million  tons,  fifty 
times  as  much  as  our  whole  commercial  output. 

This  natural  process  is  almost  duplicated  by  the  Birkeland-Eyde  process 
applied  in  Norwaj',  where  electric  energy  is  cheap  and  plentiful.  Air  is  passed 
through  the  gap  of  an  electric  arc  whose  discharge  is  fanned  out  to  a  diameter 
of  several  feet  by  large  magnets.  A  little  of  the  nitrogen  and  oxygen  combine 
to  form  nitric  oxide.  This  substance  picks  up  extra  oxygen  and  then  dis¬ 
solves  to  form  nitric  acid  in  accordance  with  the  equations  written  above. 
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What  oxides  of  nitrogen  are  important?  We  have  mentioned 
the  role  played  by  nitric  oxide  (NO)  and  nitrogen  dioxide 
(N02)  in  the  Birkeland-Eyde  nitric  acid  process.  The  same  two 
gases  act  as  carriers  of  oxygen  in  the  chamber  method  of  making 
sulphuric  acid  (page  330).  Nitrogen  dioxide  is  usually  present 
as  a  brown  gas  above  the  nitric  acid  in  bottles  left  in  the 
sunlight.  It  is  pungent  and  painful  when  inhaled,  and  is 
poisonous.  Its  odour  can  usually  be  detected  in  the  neighbour¬ 
hood  of  electric  sparks. 

Nitrous  oxide,  N20,  was  the  second  anaesthetic  to  be 
discovered.  In  1844,  Dr.  Horace  Wells  of  Hartford,  Connec¬ 
ticut,  anaesthetized  himself  with  this  gas  before  having  a  tooth 
extracted.  Today  this  gas  is  still  the  chief  complete  anaes¬ 
thetic  used  in  dentistry.  Its  peculiar  intoxicating  effect  on 
some  persons  has  led  to  its  popular  name,  “laughing  gas”. 

Nitrogen  has  two  other  oxides,  nitrogen  trioxide,  N203,  and 
nitrogen  pentoxide,  N205.  These  are  unstable  substances  of 
no  particular  importance. 

How  is  nitric  acid  made?  The  usual  laboratory  method  of 
making  nitric  acid  relies  upon  the  reaction  between  concen¬ 
trated  sulphuric  acid  and  the  cheapest  of  the  nitrate  salts, 
sodium  nitrate. 

H2S04  +  NaNOs  NaHSCT  +  HNO,. 

sulphuric  sodium  sodium  nitric 

acid  nitrate  bisulphate  acid 

The  reaction  mixture  is  placed  in  a  retort  and  carefully  heated. 
Since  the  boiling  point  of  sulphuric  acid  (336°  C.)  is  much 
higher  than  the  boiling  point  of  nitric  acid  (86°  C.),  the  latter 
acid  “boils  off”  and  can  be  condensed  in  the  neck  of  the  retort. 

Until  recent  years  the  major  industrial  method  of  making 
nitric  acid  was  a  distillation  process  precisely  the  same  as  the 
laboratory  method.  Much  more  important  now  is  a  process  of 
oxidizing  ammonia,  devised  by  a  German  chemist,  Wilhelm 
Ostwald,  just  before  the  first  World  War.  A  mixture  of 
ammonia  and  air  is  passed  through  a  fine  mesh  platinum  gauze 
at  a  temperature  of  750°  C.  The  ammonia  is  oxidized  to  nitric 
oxide.  The  conversion  of  this  substance  to  nitric  acid  has 
already  been  mentioned  (page  259). 
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4NHS  +  502  4NO  +  6ITO. 

ammonia  nitric  oxide 

2NO  +  02  2N 02. 

nitric  oxide  nitrogen  dioxide 

4N02  +  2H20  +  Oa  4HN03. 

nitrogen  dioxide  nitric  acid 

The  product  may  be  sold  as  nitric  acid,  or  converted  into 
nitrates  and  other  industrial  products. 

What  properties  of  nitric  acid  make  it  a  major  acid  of 
industry?  Nitric  acid  owes  its  commercial  importance  to  the 
fact  that  it  is  very  active  chemically  and  not  costly.  Its  great 
variety  of  uses  depend  chiefly  on  three  of  its  characteristics: 

First,  it  is  a  strong  acid.  It  reacts  readily  with  bases  to  form 
nitrates,  many  of  which  are  in  great  demand. 

Ca(OH)2  +  2HNOa  -*  Ca(N08)«  +  2H2C>. 

calcium  nitric  calcium  water 

hydroxide  acid  nitrate 

More  often  its  salts  are  formed  by  double  decomposition 
reactions  with  other  salts. 

CaCO  j  +  2HN03  ->  Ca(sN03)2  +  H20  +  C02t . 

calcium  nitric  calcium  water  carbon 

carbonate  acid  nitrate  dioxide 

Secondly,  nitric  acid  is  a  strong  oxidizing  agent.  This  is 
indicated  by  the  fact  that  it  tends  to  degenerate,  particularly 
in  sunlight,  with  the  evolution  of  oxygen. 

4HNOa  -»  2H20  +  4N02  +02. 

nitric  water  nitrogen  oxygen 

acid  dioxide 

The  oxidizing  power  of  nitric  acid  is  also  illustrated  by  its 
action  on  excelsior,  cotton  and  turpentine,  which  burst  into 
flame  spontaneously  when  treated  with  the  concentrated  acid. 
Because  it  is  an  oxidizing  agent,  nitric  acid  does  not  react  with 
the  metals  in  the  same  way  as  do  the  other  strong  acids.  It  is 
the  only  acid  that  is  able  to  dissolve  silver,  a  property  utilized 
in  making  photographic  films. 

In  the  third  place,  nitric  acid  reacts  with  many  organic 
compounds  to  produce  a  wide  range  of  dyes,  drugs,  explosives, 
and  other  useful  compounds.  The  reactions  of  nitric  acid  with 
organic  compounds  are  of  two  types.  The  acid  may  supply  a 
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hydrogen  atom  and  an 
oxygen  atom  which  com¬ 
bine  with  a  hydrogen 
atom  from  the  organic 
compound  to  form 
water.  The  result  is  the 
formation  of  a  nitro 
compound  containing 
the  group  NO,.  The 
manufacture  of  T.N.T. 
is  an  example  of  this 
type  of  reaction. 

C7H8  +  3HNO3 

toluene 

C7H5(N02)3  +  3H20. 

tri-nitro-toluene 

In  the  second  type  of  reaction,  water  is  again  formed,  but  this 
time  the  acid  supplies  only  a  hydrogen  atom,  and  the  product 
is  an  organic  nitrate.  The  making  of  nitroglycerine  illustrates 
this  type: 

C3H5(OH)3  +  3HN03  ->  C3H5(N03)3  +  3H20. 

glycerol  nitric  nitro-  water 

acid  glycerine 

Nitroglycerine  is  thus  not  a  true  nitro  compound  and  is  more 
correctly  named  glyceryl  trinitrate. 

Upon  the  skin,  concentrated  nitric  acid  is  corrosive  and  may 
produce  a  painful  burn.  Both  concentrated  and  dilute  acids 
cause  any  protein  material  including  skin,  fingernails,  hair, 
wood,  silk,  or  feathers  to  turn  yellow.  The  colour  is  intensified 
when  the  acid  is  neutralized  with  ammonia.  This  fact  is  used 
as  a  test  for  proteins. 

What  nitrates  are  most  valuable?  Of  the  salts  of  nitric  acid, 
the  two  saltpetres  are  the  most  abundant  and  useful.  Sodium 
nitrate,  or  Chile  saltpetre  is  obtained  from  deposits  derived 
from  bird  guano  in  the  arid  regions  of  Chile  and  Peru.  The 
ore,  called  caliche,  has  a  nitrate  content  of  17  to  50  per  cent. 
The  soft  rock  is  first  blasted  to  break  it  into  pieces  of  portable 
size  and  subsequently  ground  fine.  The  nitrate  is  leached  out 
with  hot  water.  As  the  water  cools,  the  sodium  nitrate,  whose 
solubility  drops  sharply  with  falling  temperature,  crystallizes 
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Courtesy  Eastman 


Fig.  7-11.  Purified  cellulose  fibres  going  through  the 
“beater”  preparatory  to  fabrication.  This  fibre  is 
used  to  produce  photographic  paper. 
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Courtesy  Chilean  Nitrate  Educational  Bureau 


from  the  solution.  Iodine 
is  an  important  by-pro¬ 
duct  of  this  procedure. 
Sodium  nitrate  is  one  of 
the  finest  nitrogen  ferti¬ 
lizers.  It  also  still  finds 
some  use  as  a  source  of 
nitric  acid. 


Potassium  nitrate,  or 
Bengal  saltpetre,  is  gath¬ 
ered  from  the  outskirts  of 
Indian  cities  where  the 


organic  remains  of  ani¬ 
mals  have  decomposed. 
It  is  too  costly  to  use  for 
the  preparation  of  nitric 
acid,  but  it  is  an  essen¬ 
tial  in  gunpowder.  The 
cheaper  sodium  nitrate 
cannot  be  used  for  this 
purpose  because  it  is  a  deliquescent  substance.  This  means 
that  it  gradually  absorbs  moisture  from  the  air,  and  when 
exposed  to  the  air  a  sodium  nitrate  powder  could  not  be  kept 
dry.  Potassium  nitrate  does  not  deliquesce.  Saltpetre  has  long 
been  used  to  maintain  the  red  colour  of  cured  meats. 


Fig.  7-12a,  Mining  caliche  in  Chili.  Nitrates  were 
used  in  the  explosives  employed  to  loosen  the 
caliche. 


Ammonium  nitrate  is  an  explosive  substance  which  has  the 
advantage  that  it  leaves  no  residue.  It  is  mixed  with  other 
explosives  to  modify  their  particular  characteristics.  Amatol, 
for  example,  is  a  high  explosive  mixture  of  T.N.T.  and 
ammonium  nitrate,  used  to  fill  bombs. 


Silver  nitrate  is  the  most  useful  compound  of  silver.  As  it  is 
a  powerful  oxidizing  agent,  it  has  found  considerable  use  as 
an  antiseptic  and  disinfectant.  Much  larger  quantities,  how¬ 
ever,  are  employed  in  making  the  light-active  emulsion  in 
photographic  films. 

Salts  of  some  of  the  metals,  when  included  in  an  inflammable 
or  explosive  mixture,  impart  characteristic  colours  to  the  flame. 
Barium  nitrate  is  used  in  the  preparation  of  green  signal  flares 
and  strontium  nitrate  in  red  ones.  The  same  compounds  are 
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used,  of  course,  in  the 
Roman  candles,  Greek 
fire,  and  coloured  rockets 
of  pyrotechnic  displays. 

How  is  nitric  acid  used 
in  the  making  of  explos¬ 
ives?  An  explosion  is  an 
almost  instantaneous 
chemical  reaction  that 
releases  large  quantities 
of  gases  which  are  im¬ 
mensely  expanded  by  the 
heat  of  the  reaction.  The 
greater  the  volume  of  gas 
and  the  more  rapidly  it  is 
released,  the  more  violent 
the  explosion.  Explosives 
may  be  gases,  liquids  or 
solids,  and  may  be  pure 

substances  or  mixtures.  High  explosives  detonate  almost 
instantly.  Hence  they  are  valuable  for  filling  shells,  but  cannot 
be  used  alone  in  guns  and  rifles  to  propel  the  shells  or  bullets. 
Propellants  must  be  slower  in  action,  lest  they  split  the  gun. 


Fig.  7-12b.  Electric  shovel  loads  caliche  (nitrate 
ore)  at  mine. 


Gunpowder,  or  black  powder,  whose  development  in  the 
thirteenth  century  was  responsible  for  the  end  of  feudalism, 
chivalry  and  castles,  is  a  mixture  which,  by  weight,  is  15  per 
cent  charcoal,  10  per  cent  sulphur,  and  75  per  cent  potassium 
nitrate.  Its  manufacture  illustrates  two  important  principles 
of  chemistry.  First,  the  ingredients  are  ground  (separately!)  to 
a  fine  powder  because  a  fine  state  of  subdivision  of  solid 
reactants  promotes  a  more  rapid  reaction.  Secondly,  the 
proportions  by  weight  of  the  three  ingredients  are  in  accord¬ 
ance  _  with  the  weights  indicated  by  the  equation  for  the 
reaction. 


4KN03  -J-  4C  -f-  S  — »  4C02  -|-  SOa  +  2N2  -j-  2K20. 

This  attention  to  proper  proportions  again  serves  to  increase 
the  rapidity  of  the  reaction.  Black  powder  is  used  in  blasting 
powders  and  propellants  and  as  the  priming  charge  in  firino 
smokeless  powders. 


Courtesy  Du  Pont 

Fig.  7-13.  Unloading  packages  of  dynamite. 


Nitroglycerine,  or  gly¬ 
ceryl  trinitrate,  was  dis¬ 
covered  in  1846  by  the 
Italian  chemist  Sobrero 
but  not  manufactured 
with  any  degree  of  safety 
until  sixteen  years  later, 
when  the  Swedish  scien¬ 
tist  Alfred  Nobel  devised 
a  practical  method.  It  is 
made  by  treating  glycer¬ 
ine  with  concentrated 
nitric  acid.  Some  concen¬ 
trated  sulphuric  acid  is 
present  to  serve  as  a 
dehydrating  agent,  com¬ 
bining  with  the  water 
which  would  otherwise 
dilute  the  nitric  acid  to  the  point  where  the  reaction  would 

stoP-  C3H5(OH)3  +  3HNO:i  C:3H0(NO3)3  +  3HX>. 


glycerol  nitric  glyceryl  water 

acid  trinitrate 

Nobel  learned  that  the  dangerous  liquid  could  be  safely 
handled  if  it  were  absorbed  by  infusorial  earth,  a  fine  sand 
made  up  of  the  shells  of  tiny  unicellular  animals.  This 
material  will  absorb  nitroglycerine  to  the  extent  of  40  to  75 
per  cent  of  its  own  volume.  The  product  is  called  dynamite. 
Wood  pulp  is  also  used  as  an  absorbent  in  dynamite. 

Nitrocellulose,  or  gun-cotton,  was  discovered  by  Schonbein 
in  the  same  year  as  nitroglycerine  was  first  prepared.  Pure 
cellulose  from  cotton  or  wood-pulp  is  nitrated  by  a  mixture  of 
nitric  and  sulphuric  acids.  The  cellulose  nitrate  is  dissolved 
in  ether,  forming  a  gummy  mass  which  is  pressed  and  cut  into 
particles.  These  are  usually  perforated  to  promote  more  rapid 
detonation. 

Dissolving  nitrocellulose  in  nitroglycerine  makes  the  exceed¬ 
ingly  powerful  explosive  blasting  gelatine.  The  military 
explosive  cordite  is  produced  by  mixing  gun-cotton  and  nitro¬ 
glycerine  with  vaseline,  dissolving  the  mixture  in  acetone  and 
evaporating  the  excess  liquid. 
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T.N.T.,  or  tri-nitro-toluene,  (p.  265),  is  produced  by  the  triple 
nitration  of  the  hydrocarbon  toluene,  C7H8.  Its  structural 
formula  shows  is  to  be  an 
aromatic  compound  of  the  ben-  SMALL  ARMS  AMMUNITION  — Complete  Rounds 


zene  series. 

Some  other  explosives  are  more 
powerful  than  T.N.T.,  but  few 

t 

„c 

NO2  .  C  C  -  NC>2 

I  I  • 

H  -  C  C  .  H 

s  C  ' 

no2 

can  compete  with  it  in  safety 
and  ease  of  handling.  It  can  be 
melted  and  poured  without 
danger,  and  can  withstand  con¬ 
siderable  jarring. 

Picrid  Acid  is  a  yellow  crystal¬ 
line  solid  formed  by  the  triple 
nitration  of  phenol,  C6H5OH. 
It  is  thus  quite  closely  related, 
chemically,  to  T.N.T.  It  is 
variously  known  as  melanite  in 
France,  shimose  in  Japan,  and 
lyddite  in  the  British  Navy.  It 
can  be  handled  relatively  safely, 
but  is  not  stored  in  shells  for 
long  periods  because  it  tends  to 
react  with  the  metal  of  the  shell 
casing,  forming  unstable  metal¬ 
lic  picrates.  In  addition  to  its 
use  as  an  explosive,  picric  acid 
is  employed  as  a  bright  yellow 
dye  for  silks  and  wools.  It  has 
also  been  used  as  a  disinfectant 
and  germicide,  particularly  in 
the  treatment  of  mild  burns. 


(For  rifles,  machine  guns  and  aircraft) 


PRIMER  ^ 

BRASS  CARTRIDGE  CASE 
PROPELLING  CHARGE  — 

BULLET  - - - 

CUPRO  NICKEL  JACKET  - 

LEAD  CORE  - 

FIBRE  TIP  - 


TRACER 


CUPRO  NICKEL  JACKET - 

TRACER  COMPOUND  - 

LEAD  TIP  - 


INCENDIARY 


INCENDIARY  COMPOUND  -1 

CUPRO  NICKEL  JACKET - 

LEAD  TIP  - - 


ARMOUR  PIERCING 


CUPRO  NICKEL  JACKET - 

HARDENED  STEEL  CORE - 

LEAD  LINING  - - 

Courtesy  C-I-L  Oval 

Fig.  7-14.  Four  types  of  ammunition 
which  use  military  explosives. 
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Nitramon,  or  “RDX,”  is  a  relatively  new  explosive  which  has 
been  hailed  as  the  greatest  advance  in  this  field  during  the 
period  between  Nobel’s  discovery  of  dynamite  and  the  produc¬ 
tion  of  the  atom  bomb.  It  is  outstanding  for  its  combination 
of  power  in  action  and  safety  in  handling. 

Although  we  are  inclined  to  regard  explosives  as  being 
primarily  military  materials,  yet  even  in  peacetime  75  per  cent 
of  our  industrial  nitric  acid  goes  into  the  manufacture  of 
explosives.  They  save  untold  man-hours  of  labour  in  such 
peaceful  occupations  as  clearing  land,  building  roads,  cutting 
ditches,  quarrying,  mining,  and  breaking  ice  or  log  jams. 


What  other  industries  use  nitric  acid?  It  has  been  mentioned 
that  the  explosives  industry  takes  three-quarters  of  our  com¬ 
mercial  supply  of  nitric  acid  and  that  large  quantities  are  also 
used  in  the  manufacture  of  photographic  supplies.  Fertilizers 
draw  heavily  upon  the  nitric  acid  supply,  and  increasing 
amounts  are  employed  in  making  a  wide  variety  of  the  newer 
chemurgical  products  including  plastics,  rayon,  artificial 


Fig.  7-15.  16,000  pounds  of  dynamite 
used  to  cut  a  ditch  442  feet  long  and 
8  feet  deep  threw  rock,  water  and 
dirt  300  feet  high. 


leather,  and  the  pyroxylin  pro¬ 
ducts  such  as  collodion  and 
lacquers. 

What  industrial  uses  are  made 
of  proteins?  Chemurgical  indus¬ 
tries  which  use  proteins  as  raw 
materials  for  the  manufacture  of 
a  variety  of  products  are  assum¬ 
ing  an  increasing  importance. 
One  of  the  most  useful  proteins 
in  this  respect  is  the  milk  pro¬ 
duct,  casein.  This  substance, 
which  is  the  main  constituent  of 
cheese,  may  also  be  converted 
into  several  synthetic  products. 
Oldest  in  the  list  of  casein  pro¬ 
ducts  are  glues  and  cements. 
Casein  glue,  used  in  the  making 
of  laminated  wood  products, 
forms  a  bond  so  strong  that 
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under  severe  tension  the 
wood  fibres  are  torn 
apart  before  the  glue 
gives  way.  Casein  paints 
are  becoming  very  pop¬ 
ular  as  superior  substi¬ 
tutes  for  kalsomine  in 
interior  decorating. 

Polymerized  with  for¬ 
maldehyde,  casein  can 
be  converted  to  a  water¬ 
proofing  filler  for  paper, 
or  to  a  plastic  called 
galalith,  similar  to  celluloid  but  harder  and  non-flammable. 
Recently,  on  an  experimental  scale,  casein  has  been  used  to 
make  a  synthetic  fibre  which  strongly  resembles  a  soft  wool. 

Much  experimental  work  has  been  done  on  the  production 
of  plastics  and  other  synthetic  materials  from  the  protein 
content  of  the  soy  bean.  For  some  years  Henry  Ford  has 
promoted  research  in  the  possible  use  of  soy  bean  products  by 
the  automotive  industry.  There  is  little  reason  to  doubt  that 
plant  and  animal  proteins  may  eventually  rival  cellulose  as  raw 
materials  for  the  manufacture  of  chemical  synthetics. 


Courtesy  Du  Pont 


Fig.  7-16.  A  relatively  new  use  for  explosives. 
Cross-sectional  view  of  two  explosive  rivets.  One, 
left,  is  ready  for  firing,  with  shank  cut  away  show¬ 
ing  position  of  charge.  Right,  the  result  of  firing 
the  charge. 


Activities 

A 


*1.  Problem — To  prepare  ammo¬ 
nia  and  test  its  properties. 

Mix  2  parts  by  weight  of  dry 
ammonium  chloride  with  3  parts  of 
dry  calcium  hydroxide  in  a  flask 
fitted  with  a  delivery  tube.  Heat 
gently.  Pass  the  gas  which  comes 
off  through  a  drying  tube  contain¬ 
ing  sticks  or  pellets  of  sodium 
hydroxide,  and  collect  it  in  bottles 
by  downward  displacement  of  air. 

Put  a  little  water  into  a  bottle  of 
the  gas  and  shake  it  thoroughly. 
Test  the  solution  with  litmus. 

Bubble  the  gas  through  a  little 
dilute  sulphuric  acid  in  a  test-tube 
until  the  solution  is  no  longer  acidic. 

Fig.  7-17.  Apparatus  used  to  prepare 
ammonia. 
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Pour  a  little  of  the  solution  on  a  watch  glass  and 
allow  it  to  evaporate. 

Ignite  a  jet  of  the  gas  as  it  is  produced. 

2.  Problem — To  make  an  ammonia  fountain  and 
demonstrate  the  solubility  of  ammonia. 

Prepare  a  large  flask  with  a  tight  fitting  two-hole 
stopper  (Fig.  7-18).  Into  one  hole  insert  a  straight 
glass  tube  about  10  inches  long,  and  into  the  other  an 
eye-dropper  containing  water.  For  a  successful 
demonstration,  all  joints  must  be  as  nearly  air-tight 
as  possible.  Fill  the  flask  with  dry  ammonia  gas, 
insert  the  stopper,  and  invert  the  flask  with  the  glass 
tube  dipping  into  a  beaker  of  water  to  which  a  few 
drops  of  red  litmus  or  colourless  phenolphthalein 
solution  have  been  added.  With  the  eye-dropper 
squirt  a  little  water  into  the  flask.  Observe  and 
explain  the  result. 

3.  Problem — To  prepare  nitric  acid. 

Put  a  small  amount  of  crystalline  sodium  nitrate 

into  a  retort  and  cover  it  with  concentrated  sulphuric 
acid.  Insert  the  mouth  of  the  retort  into  a  flask 
which  is  sitting  in  a  cooling  bath.  Heat  the  retort 
gently  (Fig.  7-19). 

When  you  have  collected  a  few  cc.  of  product,  compare  its  action  on 
pellets  of  copper  with  that  of  the  laboratory  concentrated  nitric  acid. 

Explain  the  colour  of  your  product. 

4.  Problem — To  study  the  oxidizing  power  of  nitric  acid. 

Into  each  of  three  test-tubes  pour  3  or  4  cc.  of  dilute  hydrochloric  acid. 
Into  one,  drop  a  little  granulated  zinc,  into  a  second  a  few  pellets  of 
copper,  into  the  third  a  similar  quantity  of  silver. 

Identify  any  gas  which  is  given  off. 


Fig.  7-18.  Appara¬ 
tus  used  to  make  an 
ammonia  fountain. 
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Fig. 
to  prepare 


Courtesy  Du  Pont 
7-19.  Apparatus  used 
nitric  acid. 


Repeat  the  experiment  twice,  once  using 
dilute  nitric  acid  and  once  using  concentrated 
nitric  acid.  Again  identify  any  gases  given  off. 

Write  equations  for  all  the  reactions. 

5.  Problem — To  make  a  nitrate. 

To  10  cc.  of  dilute  nitric  acid  in  an  evapo¬ 
rating  dish  add  a  dilute  solution  of  potassium 
hydroxide,  drop  by  drop,  until  the  solution 
gives  a  neutral  reaction  with  litmus  paper. 
Recover  the  solid  product  by  evaporating  the 
solution  gently  to  dryness.  To  purify  the 
product,  dissolve  it  in  as  little  boiling  water 
as  possible,  then  let  it  cool  slowly. 

6.  Problem — To  examine  nitrifying  nod¬ 
ules  on  the  roots  of  legumes. 

Prepare  very  thin  sections  of  the  nodules 
on  the  roots  of  pea,  bean,  clover,  or  vetch 
plants.  Mount  on  slides  and  examine  under 
the  microscope. 
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7.  Problem — To  make  gunpowder. 

In  three  separate  mortars,  grind  the  three  ingredients  to  finely 
powdered  form.  The  ingredients  are  one  gram  of  sulphur,  \l/2  grams  of 
charcoal  and  7J/4  grams  of  potassium  nitrate.  Mix  the  powdered  ingre¬ 
dients  thoroughly  on  a  metal  sheet.  Never  grind  the  three  ingredients 
together  or  mix  them  in  a  confined  space,  lest  they  ignite  and  cause  a 
painful  burn. 

Separate1  the  mixture  into  three  piles.  Into  one  mix  gram  of  barium 
nitrate,  into  a  second  gram  of  strontium  nitrate.  Ignite  each  pile.  Make 
sure  that  all  the  gunpowder  is  burned.  Do  not  try  to  keep  this  substance, 
for  accidents  are  not  pleasant. 

8.  Problem — To  make  collodion. 

Prepare  a  mixture  of  equal  parts  of  absolute  ethyl  alcohol  and  ether. 
Dissolve  in  it  enough  pyroxylin  to  make  a  thin  syrupy  liquid.  Apply  a 
little  of  this  solution  to  your  finger  with  a  brush  and  allow  to  dry. 

*9.  Problem — To  perform  a  test  for  proteins. 

To  a  sample  of  egg  albumin  add  a  few  drops  of  dilute  nitric  acid. 
Neutralize  the  acid  with  ammonium  hydroxide.  Record  all  colour  changes. 
Put  a  drop  of  dilute  nitric  acid  on  your  skin  or  fingernail.  After  a  few 
moments  wash  it  off  and  put  ammonium  hydroxide  on  the  same  spot. 

*10.  Problem — To  demonstrate  the  meaning  of  deliquescence. 

On  four  watch  glasses  place  dry  samples  of  potassium  nitrate,  sodium 
nitrate,  sodium  thiosulphate  and  sodium  hydroxide.  Leave  the  samples 
uncovered  for  about  an  hour,  then  examine  them.  Which  of  the  substances 
are  deliquescent? 

*11*  Problem — To  demonstrate  the  effect  of  light  on  silver  compounds. 

To  solutions  of  silver  nitrate  in  two  test-tubes  add  hydrochloric  acid 
until  precipitation  is  complete.  Let  one  test-tube  stand  in  the  sunlight  for 
half  an  hour  while  the  other  is  kept  in  total  darkness.  Compare  their 
colours.  What  has  caused  the  difference?  How  is  this  principle  applied 
in  photography? 

B 

1.  Visit  a  refrigerating  plant  and  identify  the  stages  mentioned  in  the 
text.  Examine  a  home  refrigerator  to  locate  all  the  phases  of  refrigeration. 
Draw  a  diagram  and  explain  the  operation  of  this  device. 

2.  Why  do  skilful  agriculturists  grow  legumes  and  use  them  as  green 
manures  ? 

3.  When  nitric  acid  is  distilled  from  nitrates,  why  is  the  product  not 
contaminated  with  sulphuric  acid? 

4.  Name  three  metals  which  will  dissolve  in  nitric  acid  but  not  in 
hrydrochloric.  Name  one  which  will  not  dissolve  in  either  acid. 

5.  Prepare  a  report  on  explosives  used  in  the  Second  World  War  as 
propellants,  bomb  fillings  and  shell  fillings. 

6.  What  part  did  fixed  nitrogen  play  for  Germany  in  the  First  World 
War? 

7.  Report  briefly  on  the  life  and  accomplishments  of  Alfred  Nobel. 
Your  encyclopedia  has  a  good  article  on  Nobel. 

8.  Read  the  article  entitled  “The  Nitrate  Industry  in  Chile”  in  Cana¬ 
dian  Geographical  Journal,  Vol.  XVIII,  No.  2,  Feb.,  1939. 
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C 

(Do  not  write  answers  in  this  book). 

1.  To  be  commercially  useful,  a  fixation  method  must  combine  nitrogen 

with  either  - — — -  or - . 

2.  The  chief  gaseous  compound  of  nitrogen  is  - ,  the  most  impor¬ 
tant  acid  of  nitrogen  is - ,  and  its  two  most  important  salts  are 

and  - . 

3.  High  temperatures  are  often  useful  because  they  -  reactions, 

but  in  the -  process  too  high  a  temperature  reduces  the  yield  by 

causing  the  product  to - . 

4.  When  gaseous  reagents  combine,  with  a  loss  of  volume,  the  reaction 

is  accelerated  by - . 

5.  In  nature,  nitrogen  is  fixed  by -  in  the  soil  or  in  nodules  on  the 

roots  of  - ,  and  also  by  -  in  the  atmosphere. 

6.  Nitrates  are  essential  to  the  growth  of  - .  Modern  heavy 

cropping  of  the  soil  disturbs  the  - -  cycle,  so  that  losses  must  be 

compensated  by  the  addition  of  — — — . 

7.  During  the  refrigerating  cycle : 

(a)  the  compression  of  ammonia  causes  -  to  be  released. 

(b)  the  cooling  of  compressed  ammonia  causes - . 

(c)  the  expansion  of  ammonia  causes  — - - . 

(d)  heat  is  brought  to  the  refrigerating  coils  from  the  storage  rooms 

by  - • 

8.  Most  of  the  uses  of  ammonium  hydroxide  depend  on  the  fact  that 

its  solution  is  mildly  - . 

9.  Ammonia  is  important  in  the  plastics  industry  because  it  is  a  raw 

material  in  the  synthesis  of  - . 

10.  Nitric  acid  is  active  in  three  ways: 

(a)  as  a  strong  - — — — . 

(b)  as  a  powerful - agent. 

(c)  as  a - agfent  with  organic  compounds. 

11.  With  proteins,  nitric  acid  produces  a  -  colour,  which  is  intensi¬ 
fied  by  the  addition  of - . 

12.  Thorough  powdering  and  mixing  of  solid  reagents  -  their 

reaction. 

13.  An  explosion  usually  converts  solids  or  liquids  into  - ,  which 

are  further  expanded  by  the  release  of  - . 

14.  A  high  explosive  is  so  called  because  of  the  -  of  its  reaction. 

15.  Summarize  the  properties  and  uses  of  ammonia. 

16.  Summarize  the  properties  and  uses  of  nitric  acid. 

17.  Write  formulae  for: 

(a)  ammonia - . 

(b)  ammonium  hydroxide  - . 

(c)  ammonium  sulphate - . 

(d)  nitric  acid  - . 

(e)  nitrogen  dioxide - . 

(f)  laughing  gas  - . 

18.  Name  ten  articles  made  from  nitro-cellulose. 
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1.  “Humanity  would  be  better  off  if  Nobel  and  others  had  never 
discovered  high  explosives”.  Write  a  paragraph  discussing  this  statement. 

2.  Why  are  natural  deposits  of  nitrogen  compounds  found  only  in  such 
regions  as  the  Atacama  desert  of  South  America  and  the  arid  parts  of 
India? 

3.  Ammonium  sulphate  fertilizer  is  a  product  of  the  coal  gas  plant  of 
the  B.C.  Power  and  Gas  Co.,  and  also  of  the  Consolidated  Mining  and 
Smelting  Company’s  smelter  at  Trail,  B.  C.  In  each  case,  what  by-product 
is  being  utilized,  and  what  other  substance  must  be  imported  or  manufac¬ 
tured  to  go  with  it? 

4.  CO  +  2H2  _>  CHsOH  +  24,000  cal. 

Assuming  that  at  the  reaction  temperature  all  three  substances  in  this 
reaction  are  gases,  predict  from  the  equation : 

(a)  for  a  maximum  yield  of  methanol  should  the  temperature  be  very 
high? 

(b)  for  a  maximum  yield  of  methanol  should  the  pressure  be  high 
or  low? 

5.  To  a  solution  of  silver  nitrate  add  a  little  hydrochloric  acid.  Filter 
out  the  white  solid.  Pour  through  the  filter  paper,  several  times  if 
necessary,  10  cc.  of  dilute  ammonium  hydroxide.  What  do  you  observe? 

To  a  solution  of  mercurous  nitrate  add  a  little  hydrochloric  acid.  Filter 
out  the  white  solid.  Pour  through  the  filter  paper  10  cc.  of  dilute  ammo¬ 
nium  hydroxide.  What  do  you  observe? 

How  can  ammonium  hydroxide  be  used  to  distinguish  between  a  com¬ 
pound  of  silver  and  one  of  mercury? 

Dissolve  a  few  crystals  of  copper  sulphate  in  10  cc.  of  water.  Add  a  few 
drops  of  concentrated  ammonium  hydroxide.  What  do  you  observe? 
How  may  ammonium  hydroxide  be  used  to  identify  a  copper  compound? 

♦Note:  Activities  marked  with  asterisks  should  be  completed  by  all  students. 
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NON-METALLIC  SUBSTANCES  ARE  VITAL  RAW 
MATERIALS  OF  INDUSTRY 


CHAPTER  8 

i  i 

NATURAL  DEPOSITS  OF  CARBON  AND  CARBON 

COMPOUNDS  ARE  OF  MAJOR  IMPORTANCE 

In  what  forms  does  carbon  occur  naturally?  Many  sub¬ 
stances  derived  from  carbon  deposits  in  the  earth’s  crust  affect 
our  lives  in  an  astonishing  variety  of  ways.  If  we  examine 
our  clothing,  for  instance,  we  will  find  that  our  shirts,  socks, 
ties,  and  print  dresses  are  coloured  with  aniline  dyes  produced 
from  coal.  Hair  clasps,  watch  straps,  and  buckles  may  be  made 
from  plastics  derived  from  phenol,  which  is  another  coal-tar 
product.  We  write  with  plastic  fountain  pens  or  with  pencils 
whose  “lead”  is  made  chiefly  of  graphite,  a  crystalline  form  of 
carbon.  Most  of  our  buildings  are  heated  with  either  coal  or 
a  petroleum  fuel  oil.  Some  of  us  walk  to  school,  but  others 
ride  bicycles  whose  chains  are  lubricated  with  petroleum  oils 
or  graphite.  Some  travel  in  automobiles  or  school  buses 
powered  by  gasoline  produced  from  petroleum.  They  ride  on 
synthetic  rubber  tires  derived  from  both  coal  and  petroleum 
and  travel  on  roads  paved  with  the  asphalt  residue  from  an  oil 
refinery.  Some  breakfasts  were  cooked  this  morning  on  coal 
ranges,  some  on  stoves  burning  either  coal  gas  or  natural  gas 
from  petroleum  deposits.  It  is  likely  that  someone  among  us 
is  wearing  clothes  just  back  from  the  cleaners,  where  spots  were 
removed  by  a  “solvent”  produced  from  petroleum  or  by  carbon 
tetrachloride  manufactured  from  coke.  Did  a  couple  of  the 
students  have  headaches  this  morning  as  a  result  of  too  much 
homework  last  night?  Perhaps  they  are  feeling  better  now  as 
the  result  of  the  action  of  aspirin  tablets  whose  active 
ingredients  are  coal-tar  products. 

Our  greatest  source  of  carbon  and  its  compounds,  other  than 
growing  plants,  is  coal,  which  may  be  used  directly  as  a  fuel 
or  converted  into  coke,  coal  gas,  and  a  variety  of  by-products. 
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Courtesy  Elk  River  Colliery . 


4^  JWn-T?°rta  ?°'r.9  an4-  No'  10  mlnes-  2— Portal  No.  4  mine,  3— No.  5  seam  (prospect), 
4  Hoist  house,  5—  Retarding  conveyor,  6— Rotary  dump,  7— Belt  conveyors,  8— Storage  bin 
to  C’re.PaCratr  Pant’  10~Loading  sallery,  11— Supply  incline,  12— Narrow  gauge  railway 
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Fig.  8-2.  Coal  is  received  from  tunnel  on  conveyor  belt. 

nite  contains  about  25  per  cent. 


Coal  contains  a  num¬ 
ber  of  substances  other 
than  elemental  carbon, 
and  the  types  of  coal 
are  classified  according 
to  the  amounts  of 
uncombined  carbon 
which  they  contain. 
That  which  has  a  free 
carbon  content  of  more 
than  80  per  cent  is  the 
hard  anthracite  coal. 
The  softer  bituminous 
coal  contains  less  un¬ 
combined  carbon,  ap¬ 
proximately  60  per 
cent,  and  the  very  soft, 
brownish  coloured  lig- 


Second  in  importance  to  coal  as  a  source  of  carbon  com¬ 
pounds  is  petroleum.  It  is  largely  a  mixture  of  hydrocarbons 
of  the  aliphatic  or  straight-chain  series.  The  fact  that  both 
carbon  and  hydrogen  combine  readily  with  oxygen  with  the 
evolution  of  a  large  quantity  of  heat  accounts  for  the  great 

usefulness  of  petroleum 
products  as  fuels. 

Both  coal  and  coke 
are  amorphous  forms 
of  carbon;  that  is,  car¬ 
bon  which  shows  no 
definite  crystalline 
shape.  Two  forms  of 
crystalline  carbon  occur 
naturally  in  small 
amounts.  Graphite 
consists  of  flat  crystals 
which  slide  over  each 
other  with  very  little 

Fig.  8-3.  Drilling  for  petroleum  in  Turner  Valley.  friction,  and  are  there- 

Burning  natural  gas  provides  light  during  the  night.  fore  used  for  lubricat- 
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ing  purposes.  Diamonds  are  fairly  perfect  carbon  crystals. 
Although  colourless  diamonds  are  highly  prized  as  gem  stones, 
those  which  are  coloured  by  traces  of  metallic  oxides  are  still 
very  useful  because  of  their  hardness.  They  are  used  in  the 
cutting  edges  of  “diamond  drills”  for  rock  boring,  in  glass 
cutters,  and  as  bearings  in  fine  watches. 

It  is  supposed  that  all  these  natural  forms  of  carbon  came 
originally  from  the  carbon  content  of  prehistoric  plants.  These 
plants  are  believed  to  have  decomposed  in  an  unusual  way 
because  decay  bacteria  did  not  have  access  to  them,  and  subse¬ 
quent  geological  changes  converted  the  decomposition  products 
to  coal  or  oil  by  subjecting  them  to  great  heat  and  enormous 
pressures.  A  similar  unusual  decomposition  process  which 
occurs  in  some  low-lying  swampy  areas  produces  peat,  which 
bears  some  resemblance  to  the  soft  lignite  coal. 

How  is  the  heating  value  of  a  fuel  determined? 

Although  new  uses  of  coal  and  petroleum  products  are  constantly  being 
discovered,  these  two  substances  still  owe  their  chief  importance  to  their  use 
as  fuels.  Since  the  cost  of  fuel  is  often  a  major  item  of  expense  in  industrial 
plants  it  is  necessary  to  be  able  to  determine  and  compare  the  heating  values 
of  various  fuels.  The  apparatus  used  for  this  purpose  is  the  bomb  calori¬ 
meter.  The  determination  of  the  heating  value  of  a  sample  of  coal  will  be 
described  as  an  example. 

The  sample  of  coal  is  first  ground  to  a  fine  powder, _  then  carefully  weighed 
and  mixed  with  enough  sodium  peroxide  to  oxidize  it  completely  to  carbon 
dioxide.  The  amount  of  peroxide  needed  is  calculated  from  the  equation  for 
the  reaction: 

C  +  2Na2  O2  -»  C02  +  2Na2  O 
12  156  44  124 

Because  the  fuel  is  never  pure  carbon,  a  mixture  of  12  parts  of  coal  to  156 
parts  by  weight  of  sodium  peroxide  ensures  the  presence  of  an  excess  of  the 
oxidizing  substance. 

The  highly  explosive  mixture  of  coal  and  peroxide  is  inserted  into  the 
bomb,  a  strong  steel  cylinder  with  a  tightly  fitting  cap.  The  bare  ends  of 
two  insulated  wires  are  placed  a  short  distance  apart  in  the  centre  of  the  charge. 
The  other  two  ends  of  the  wires  are  connected  to  the  terminals  of  a  spark  coil. 

The  bomb  is  placed  beneath  the  surface  of  a  weighed  amount  of  water  in 
a  weighed  container  known  as  a  calorimeter.  The  calorimeter  is  placed  inside 
a  heat-insulated  jacket  with  an  insulating  cover.  Inserted  through  holes  in 
the  cover  are  a  thermometer,  the  two  insulated  wires,  and  a  mechanical  stirrer. 

With  the  stirrer  working,  the  thermometer  is  read  and  the  coil  is  used  to 
produce  a  spark  inside  the  bomb  and  ignite  the  charge.  No  sound  of  explosion 
is  heard,  but  the  temperature  begins  to  rise.  The  thermometer  is  read  at 
frequent  intervals  and  the  maximum  temperature  reached  is  recorded.  If  the 
apparatus  has  been  well  insulated,  it  may  be  assumed  that  all  the  heat  produced 
by  the  burning  of  the  fuel  is  now  contained  in  the  water,  the  calorimeter,  and 
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the  bomb  casing.  Knowing  the  weights  and  the  specific  heats  of  these,  and 
the  temperature  rise  which  has  occurred,  the  chemist  can  calculate  the  number 
of  calories  of  heat  which  the  combustion  of  the  weighed  sample  of  coal  has 
released.  This  heating  value  is  then  expressed  in  British  thermal  units 
per  pound. 

It  may  prove  valuable  at  this  point  to  review  the  principles  of  physics 
involved  in  the  calculation  of  heating  values. 

It  will  be  remembered  that  the  quantity  of  heat  involved  in  raising  the 
temperature  of  any  object  depends  upon  the  amount  of  the  temperature  rise, 
the  mass  of  the  object,  and  its  specific  heat.  If  the  temperature  range  is 
measured  in  Fahrenheit  degrees,  the  mass  in  pounds,  and  the  specific  heat  by 
comparison  with  a  standard  of  1  for  water,  the  quantity  of  heat  is  calculated 
in  British  thermal  units  (B.t.u.)  from  the  equation: 

Q  =  rms 

In  this  equation,  Q  is  the  quantity  of  heat,  r  the  temperature  range,  m  the  mass, 
and  j  the  specific  heat. 

For  water,  j  —  1,  and  the  equation  becomes 
Q  =  rm 

For  any  other  object,  the  product  ms,  mass  X  specific  heat,  is  called  the  water 
equivalent,  since  it  equals  the  mass  of  water  which  would  have  the  same  heat 
capacity. 

In  using  the  bomb  calorimeter,  therefore,  we  first  obtain  the  mass  of  the 
water  and  the  water  equivalents  of  the  bomb,  the  calorimeter,  and  the  stirrer. 
The  sum  of  all  these  may  then  be  substituted  for  “m”  in  the  simple  equation 
Q  =  rm 

to  obtain  the  number  of  B.t.u.  of  heat  produced  by  the  combustion  of  the 
sample  of  coal. 

How  do  coke,  coal  gas  and  oil  compare  with  coal  as  fuels? 

One  ton  of  better  grade  bituminous  coal,  heated  to  1300°  F., 
produces  approximately  1300  pounds  of  coke,  10,000  cubic  feet 
of  coal  gas,  5  pounds  of  ammonia,  and  12  gallons  of  tar.  It 
will  be  observed  at  once  that,  as  a  fuel,  coke  is  inferior  to  coal 
in  one  respect.  The  ash  produced  by  burning  1300  pounds  of 
coke  is  equal  to  the  ash  produced  by  the  combustion  of  one 
ton  of  coal. 

A  high  quality  bituminous  coal  will  average  14,000  B.t.u. 
per  pound,  or  28,000,000  B.t.u.  per  ton.  Coke  yields  approxi¬ 
mately  14,500  B.t.u.  per  pound.  From  the  point  of  view  of  the 
individual  consumer,  therefore,  if  the  prices  of  coke  and  coal 
are  equal,  there  is  little  to  choose  between  them  on  the  score 
of  heating  value  per  dollar.  Coke  suffers  from  the  disadvantage 
already  mentioned,  that  it  produces  more  ash.  On  the  other 
hand,  it  has  several  advantages  over  coal.  It  is  cleaner  to 
handle.  It  burns  more  slowly  and  evenly,  and  thus  gives  a 


COAL  AND  PETROLEUM 


281 


more  easily  controlled 
heat.  In  the  burning 
of  coal,  the  more  vola¬ 
tile  constituents  are 
released  so  rapidly  that 
the  oxygen  supply  is 
often  insufficient  to 
burn  them  completely. 

This  means,  first,  that 
the  full  heating  value 
of  the  coal  is  not  being 
utilized,  and  secondly, 
that  smoke  and  soot  are 
being  produced.  Coke 
from  which  the  vola¬ 
tile  constituents  have 
already  been  removed 
in  the  form  of  coal  gas, 
contains  a  higher  per¬ 
centage  of  elemental 
carbon,  hence  it  burns  slowly  enough  to  ensure  more  nearly 
complete  combustion. 

One  cubic  foot  of  gas  will  yield  approximately  630  B.t.u.  of 
heat.  Hence,  it  takes  about  twenty-two  cubic  feet  of  gas  to 
equal  a  pound  of  coal  in  heating  value.  The  consumer  must 
therefore  compare  the  price  of  twenty-two  cubic  feet  of  gas  in 
his  own  community  with  that  of  a  pound  of  coal.  He  must 
then  decide  whether  or  not  the  cleanliness,  convenience,  and 
easy  control  of  gas  are  worth  the  difference  in  cost. 

Fuel  oil  obtained  from  petroleum  is  the  most  concentrated 
of  all  the  common  fuels.  It  delivers  about  21,000  B.t.u.  per 
pound,  or  160,000  B.t.u.  per  Imperial  gallon.  It  produces  no 
ash  and  is  clean  and  convenient  to  handle.  Devices  for  burn¬ 
ing  it,  however,  are  not  uniformly  successful  in  achieving 
complete  combustion.  As  a  result,  oil  burners  cannot  always 
be  counted  on  to  deliver  the  full  theoretical  heating  value  of 
the  fuel,  and  in  some  cases  they  constitute  a  smoke  nuisance. 

So  far  the  comparison  of  fuels  has  been  considered  from  the 
viewpoint  of  the  individual  consumer.  It  must  also  be  exam¬ 
ined  in  the  light  of  economical  use  of  our  natural  resources 


Fig.  8-4a.  Automatic  coal  stoker.  Key :  1 — Low, 
easy  to  fill ;  2 — Sturdy  motor ;  3 — Coal  control ; 
4 — Impulse  fuel  feed;  5— Oversize  feed  screw; 
6 — High  efficiency  retort;  7— Large  capacity  air 
supply;  8— Automatic  air  control;  9 — Even  air 
distribution. 
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A  ton  of  coal  burned  directly  releases  28,000,000  B.t.u.  of  heat. 
If  the  same  ton  of  coal  is  converted  to  coke  and  coal  gas,  the 
1300  pounds  of  coke  will  have  a  heating  value  of  18,850,000 
B.t.u.,  and  the  10,000  cubic  feet  of  gas  would  contribute 
another  6,300,000  B.t.u.  The  use  of  coke  and  gas  thus  appears 
to  result  in  the  loss  of  nearly  3,000,000  B.t.u.  of  heat  for  each 
ton  of  coal  used  in  their  manufacture.  This  figure  may  be 
reduced  somewhat  in  view  of  the  fact  that  coke  and  gas  are 

burned  more  efficient¬ 
ly  than  coal.  More 
important,  however,  is 
the  fact  that  the  direct 
use  of  coal  means 
the  loss  of  the  12 
gallons  of  tar  which 
can  be  recovered  from 
each  ton.  It  can  be 
argued  with  consider- 
able  logic  that  this  sub¬ 
stance  is  too  valuable 
to  be  wantonly  de¬ 
stroyed,  regardless  of 
considerations  of  cost. 
At  any  rate,  against  the 
loss  of  something  less 
than  3,000,000  B.t.u.  of 
heat  per  ton  of  coal  we 
must  consider  the 
cleaner  handling  of 
coke  and  gas,  their 
more  efficient  combus¬ 
tion,  and  the  consider¬ 
able  value  of  the  many 
by-products  of  the  coke 
oven. 


Courtesy  Delco. 
Fig.  8-4b.  Oil  burner. 

Key:  1 — Fuel  oil  enters  here,  from  storage  tank;  2— is  drawn 
through  the  built-in  oil  conditioner  to  free  it  of  impurities; 

3- — then  enters  the  fuel  pump  which  operates  with  only  two 
moving  parts;  4 — next,  oil  enters  built-in  thin-mix  fuel  con¬ 
trol  which  accurately  regulates  its  flow  and  pressure;  S — oil 
goes  to  burner  nozzle;  here  it  is  passed  through  another  fine 
filter,  atomized  through  the  burner  nozzle  into  a  whirling  cone 
of  almost  microscopic  droplets;  6 — this  whirling  cone  of  fuel- 
oil  “vapor”  is  then  mixed  with  an  oppositely  whirling  cone 
of  air  from  the  air  blower;  7 — the  oil  and  air  mixture,  prop¬ 
erly  proportoned  for  most  economical  combustion,  is  ignited 
by  a  spark  from  these  electrodes;  8 — the  Rotorpower  unit, 
with  blower,  motor  and  pump  mounted  on  an  integrated 
central  shaft;  9 — electrical  transformer,  which  provides  the 
spark  for  igniting  the  oil  and  air  mixture. 


What  is  the  relative  importance  of  gas  fuels?  Two  thousand 
years  ago,  a  few  Chinese  and  Japanese  people  knew  that  natural 
gas,  obtained  from  below  the  ground  and  conducted  to  their 


Photo  by  Pollard,  Courtesy  Imperial  Oil 


Fig.  8-5.  Where  natural  gas  is  prepared  for  use  by  the  consumer.  Madison 
Natural  Gas  Company’s  plant. 

homes  through  bamboo  pipes,  could  be  used  as  a  convenient 
fuel  for  cooking  and  heating.  It  was  not  until  the  year  1792, 
however,  that  Westerners  seriously  considered  the  use  of  gas 
as  a  fuel.  In  that  year  William  Murdock  heated  coal  in  an  iron 
retort  and  piped  the  gases  70  feet  to  his  home  in  Cornwall, 
England.  He  later  received  a  contract  to  install  gas  lighting 
in  James  Watt’s  locomotive  foundry  in  Birmingham.  In  1812, 
Westminster  Bridge  in  London  was  illuminated  by  gas-light. 

Because  laboratory  bunsen  burners  and  domestic  gas  ranges 
produce  a  mixture  of  gas  and  air  which  burns  with  an  almost 
colourless  flame,  we  are  inclined  to  forget  that  gas  issuing  from 
an  ordinary  pipe  shows  a  luminous  yellow  flame.  This  lumi¬ 
nous  flame,  caused  by  the  presence  of  white-hot  unburned 
carbon  particles,  is  a  poor  light  by  comparison  with  modern 
standards,  but  was  a  great  improvement  over  the  candles  and 
oil  lamps  which  preceded  it.  Gas  was  first  used  to  light  private 
homes  in  1865.  Only  fifteen  years  later  Edison’s  development 
of  the  electric  lamp  threatened  to  displace  gas  lighting,  but  in 
the  same  year  Carl  Auer,  Baron  von  Welsbach,  invented  the 
gas  mantle  and  the  popularity  of  gas  once  more  increased. 
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This  mantle  is  a  gauze-like 
film  of  the  oxides  of  two 
rare  metals,  cerium  and 
thorium.  When  heated  in 
a  gas  flame  it  gives  off  a 
brilliant  white  light.  The 
Welsbach  mantle  today  en¬ 
ables  the  Coleman  gasoline 
lamp  and  the  “Alladin” 
coal  oil  lamp  to  provide 
quite  satisfactory  illumina¬ 
tion  in  places  where 
neither  gas  nor  electricity 
is  available. 

Although  gas  lighting 
persists  in  a  few  places,  gas 
is  chiefly  used  today  for 
heating  purposes.  In  the 
United  States  a  total  in¬ 
vestment  of  five  thousand 
million  dollars  ranks  the 
production  of  fuel  gases 
ahead  of  steel  and  next  to 
the  railroads  in  industrial 
importance.  Approximately  1,700,000,000,000  cubic  feet  of 
gas  is  used  in  the  United  States  each  year.  To  hold  this  quan¬ 
tity  of  gas,  a  14-inch  pipe  would  need  to  circle  the  earth  at  the 
equator  13,000  times.  Gas  production  in  the  British  Isles 
exceeds  300,000,000,000  cubic  feet  each  year.  Industrial  and 
commercial  applications  of  gas  fuel  number  more  than  twenty 
thousand.  Nor  is  its  importance  confined  to  the  industrial 
field.  In  use  in  the  United  States  alone  at  the  present  time 
are  sixteen  million  gas  ranges  and  more  than  a  million  gas 
refrigerators. 

The  operation  of  the  gas  refrigerator  depends  on  the  fact  that  the  solubility 
of  a  gas  in  a  liquid  decreases  as  the  temperature  is  raised.  A  commercial 
type  (Fig.  8-7)  uses  a  solution  of  ammonia  in  water.  In  the  generator,  a 
concentrated  solution  of  ammonia  is  heated  by  a  gas  flame  or  by  a  steam  coil. 
The  heat  drives  a  considerable  amount  of  ammonia  from  the  solution  as  a  gas. 
In  the  condenser,  this  ammonia  gas  is  cooled  by  a  fan  or  by  a  spray  of  cold 
water.  The  pressure  of  the  continuously  evaporating  ammonia  is  sufficient 
to  liquefy  the  ammonia  at  the  low  condenser  temperature.  The  liquid  ammonia 
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parts  of  a  gasoline  lamp.  Key:  F — fuel  plug 
P — pressure  pump,  M — mantle,  V— valve  regu 
lating  flow  of  fuel. 
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is  piped  to  the  evaporator,  where 
it  vaporizes.  Since  the  evapora¬ 
tion  of  any  liquid  involves  the 
absorption  of  heat,  the  evaporator 
is  the  actual  refrigerating  unit. 
In  the  absorber,  the  ammonia  gas 
from  the  evaporator  is  redissolved 
to  form  a  solution  which  is 
returned  to  the  generator.  It 
will  be  seen  that  this  ingenious 
device  indirectly  employs  the 
heat  of  a  gas  flame  to  produce 
a  cooling  effect.  The  advantage 
of  this  type  of  refrigerating 
machine  is  the  elimination  of  the 
need  for  a  motor-driven  com¬ 
pressor  to  liquefy  the  refrigerant. 

Gas  fuels  are  generally 
of  three  types.  Perhaps 
most  important  is  natural 
gas,  which  is  chiefly  a  mix¬ 
ture  of  the  volatile  hydro¬ 
carbons  methane,  ethane, 
propane,  and  butane. 
Three-quarters  of  the  gas 
used  in  the  United  States 


Flg.  8-7.  An  absorption  type  gas  refriger¬ 
ation  unit.  Key  :  A — Generator,  B — am¬ 
monia  gas,  C — condenser,  D — liquid  am¬ 
monia,  E — evaporator,  F — absorber,  G — 
ammonia  in  solution,  H — source  of  heat. 


is  obtained  from  wells  drilled  in  petroleum  producing  areas 
and  transferred  to  the  population  centres  by  high-pressure 
pipe-lines.  Since  Alberta  is  the  only  province  having  a 
plentiful  supply  of  natural  gas,  most  Canadian  cities  depend 
on  coal  gas.  The  third  variety  of  gaseous  fuel,  used  to  a 
considerable  extent  in  industrial  furnaces,  is  water  gas,  made 
by  injecting  steam  into  white-hot  coke: 


h2o  +  c^co  +  h2 

The  mixture  of  hydrogen  and  carbon  monoxide  is  usually 
“enriched”,  or  “carburetted”  by  the  addition  of  small  amounts 
of  petroleum  hydrocarbons. 


How  is  coal  gas  manufactured?  Coal  gas  is  a  product  of  the 
destructive  distillation  of  bituminous  coal.  Anthracite  is  not 
used  because  its  volatile  content  is  too  small,  and  the  gas 
produced  from  lignite  contains  too  much  oxygen  and  too  much 
water.  “Slack”  coal  is  fed  into  large  travelling  hoppers  which 
run  on  rails  over  the  tops  of  the  retorts,  or  coke  ovens.  In  the 
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Fig.  8-8a.  Diagram  illustrating  preparation  of  coal  gas. 


ovens,  which  are  lined  with  fire-brick,  the  coal  is  heated  red  hot 
by  fuel  gases  burning  underneath. 

The  hot  gases  given  up  by  the  coal  pass  through  a  large  pipe 
called  the  hydraulic  main,  where  water  cools  the  gases  some¬ 
what  and  removes  some  of  the  tar.  Further  cooling  and 
removal  of  the  rest  of  the  tar  occurs  in  the  condensers.  The 
gas  then  goes  to  the  scrubber  where  a  spray  of  water  dissolves 
the  ammonia,  which  is  not  a  good  fuel  gas,  and  is  too  valuable 
to  burn.  Next,  the  coal  gas  is  piped  to  the  purifier,  where 
trays  of  ferric  oxide  remove  hydrogen  sulphide,  which  is 
undesirable  in  a  domestic  gas  fuel  because  both  it  and  its  com¬ 
bustion  product,  sulphur  dioxide,  are  objectionable: 

Fe203  +  3FLS  -»  Fe2S3  +  3H20 

ferric  hydrogen  ferric  water 
oxide  sulphide  sulphide 

The  iron  sulphide  is  reconverted  for  further  use  by  the  slow 
action  of  atmospheric  oxygen: 

2Fe2S3  +  302  ->  2Fe2Os  +  6S 

An  alternative  method  of  purification  is  to  absorb  the  hydrogen 
sulphide  in  a  spray  of  sodium  carbonate  solution: 

Na2C03  +  H2S  NaHS  +  NaHCO, 

sodium  hydrogen  sodium  _  sodium 
carbonate  sulphide  bisulphide  bicarbonate 

After  purification  the  gas  is  ready  for  storage.  The  com¬ 
monest  type  of  gas-holder  is  a  tremendous  steel  cup  inverted 
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Fig.  8-8b.  Coke  ovens,  water  tower,  cooling  tower  and  small  gasometer  at 
Michel,  B.  C. 

over  a  tank  of  water.  Two  pipes  lead  under  the  water  into  the 
cup,  one  bringing  gas  in  from  the  ovens,  the  other  taking  it 
out  to  the  mains  which  supply  the  various  consumers.  The 
cup  rises  and  falls  with  variations  in  the  quantity  of  gas  it 
contains. 

Coal  gas  could  not  possibly  be  produced  cheaply  enough  to 
be  a  practical  fuel  if  it  were  not  for  the  value  of  the  by-products 
of  the  process.  The  first  of  these  is  coke.  The  red-hot  coke 
is  raked  from  the  ovens  and  quenched  with  water.  In  the 
quenching,  large  quantities  of  steam  and  gas  are  generated. 
Large  plants  make  use  of  these  hot  gases,  but  usually  they  are 
wasted.  After  being  quenched  the  coke  is  sorted,  sacked, 
and  sold. 
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The  second  by-product,  ammonia,  comes  from  the  scrubber 
as  ammonium  hydroxide.  It  is  generally  combined  with 
sulphuric  acid  to  make  ammonium  sulphate  fertilizer. 

Finally,  the  coal  tar  finds  a  ready  market.  Among  its  uses 
are  the  surfacing  of  roads  and  the  manufacture  of  roofing  and 
waterproofing  materials.  For  these  purposes  the  tar  may  be 
used  directly  as  it  comes  from  the  condenser,  but  in  modern 
plants  a  variety  of  useful  substances  are  first  removed  from  it 
by  distillation. 


What  important  compounds  are  distilled  from  coal  tar? 

Nearly  all  our  dyes  and  a  great  many  perfumes,  medicines, 
flavours,  photographic  developers,'  and  explosives  are  coal-tar 
derivatives.  Although  there  are  literally  thousands  of  these 
compounds,  they  are  manufactured  from  a  relatively  few  simple 
substances  which  are  distilled  from  the  tar. 

One  of  these  substances  is  benzene,  an  aromatic  hydrocarbon 
with  the  ring  formula.  Two  others  are  the  double-ring  com¬ 
pound  naphthalene,  used  in  moth-balls,  and  anthracene,  which 

Here  are  their  structural  formulae: 
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A  multitude  of  useful  compounds  are  derived  from  benzene 
and  naphthalene.  The  derivatives  of  anthracene,  while 
numerous,  are  less  useful. 

Several  substances  related  to  benzene  are  distilled  directly 
from  coal  tar.  One  of  these  is  phenol,  C6HtOH,  whose  use  in 


COAL  AND  PETROLEUM 


289 


the  making  of  bakelite  and  allied  plastics  will  be  recalled 
(page  232).  Another  is  toluene,  C6HSCH3,  the  basis  of  the 
explosive  T.N.T.  (page  265). 

A  number  of  fairly  familiar  substances  are  manufactured  from  these 
coal-tar  compounds.  The  manufacture  of  picric  acid  from  benzene  was 
referred  to  in  Chapter  7.  Benzene  may  also  be  converted  to  aniline,  CoHsNH2. 
Aniline  is  the  base  for  such  a  variety  of  dyes  that  the  terms  “aniline  dye” 
and  “coal-tar  dye”  are  used  interchangeably.  Aniline  is  also  the  starting  point 
for  the.  synthesis  of  sulphanilamide,  the  first  of  the  amazing  sulpha  drugs. 
Novocaine,  the  local  anaesthetic  used  by  dentists,  is  another  aniline  derivative. 
From  toluene  can  be  made  saccharine,  a  very  sweet  substance  which  is  used  as  a 
sugar  substitute  in  the  diets  of  people  who  are  compelled  to  limit  their  con¬ 
sumption  of  carbohydrates.  Phenol  may  be  converted  to  salycilic  acid,  the 
active  ingredient  of  the  familiar  aspirin  tablet. 

What  other  forms  of  carbon  are  used  as  a  source  of  energy? 
Just  as  coke  can  be  prepared  by  the  destructive  distillation  of 
coal,  it  is  also  possible  to  drive  the  gaseous  substances  from 
wood,  leaving  a  residue  of  practically  pure  carbon  known  as 
charcoal.  Indicative  of  the  changing  picture  of  chemical 
industry  is  the  fact  that  whereas  the  charcoal  was  at  one  time 
the  important  product,  it  is  the  volatile  material,  with  its  acetic 
acid  and  methyl  alcohol  content,  that  is  now  required.  When 
large  amounts  of  black  gunpowder  were  used  by  the  armies  of 
the  world  there  was  a  big  demand  for  charcoal.  Black  powder 
is  still  used  for  fireworks,  signal  flares,  and  blank  cartridges. 

Tinsmiths  sometimes  use  charcoal  fires  to  heat  their  soldering 
irons.  Charcoal  is  a  cheap  fuel  which  burns  without  smoke. 
Carbon  monoxide  present  in  the  flame  prevents  oxidation  of 
the  copper  soldering  “iron”. 

Another  fuel,  peat,  accumulates  as  a  result  of  the  growth  of 
sphagnum  moss  on  swamp  land.  Peat  bogs  are  believed  to  be 
a  primary  source  of  coal  deposits.  For  many  years  blocks  of 
peat  were  used  by  the  peasants  of  Ireland  for  fuel,  but  modern 
home-owners  find  it  too  smoky  and  slow-burning.  Recently  a 
device  similar  to  a  sawdust  burner  has  been  placed  on  the 
market  to  be  used  for  burning  ground  peat.  Ground  peat  is 
also  used  as  a  packing  material  for  the  transportation  of  high 
explosive  shells. 

What  uses  are  made  of  the  absorptive  properties  of  carbon? 
Chlorine  gas,  first  used  as  a  weapon  of  offence  against  Canadia- 
and  French  African  troops  in  1915,  caused  6000  deaths  in  a 
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single  day,  but  it  was  only  a  short  time  until  suitable  gas  masks 
were  developed  and  issued  to  all  troops.  A  gas  mask  is  now 
part  of  the  standard  equipment  of  all  fighting  men.  An 
important  part  of  the  gas  mask  is  a  can  containing  materials  to 
absorb  poisonous  gases.  Air  containing  the  poisons  enters  the 
can  and  becomes  purified  before  being  inhaled. 

One  of  the  most  effective  absorbents  is  charcoal  made  fiom 
the  shells  of  cocoanuts.  Because  wood  and  nut  shells  retain 
their  shape  when  charred,  the  escaping  gas  leaves  a  network  of 
pores.  The  total  surface  of  the  inside  of  these  pores  is  very 
large,  and  the  charcoal  surface  is  a  peculiaily  atti active  lesting 
place  for  the  molecules  of  gases. 

This  behaviour  of  charcoal  is  not  properly  called  absorption. 
A  sponge  absorbs  water  by  filling  its  pores  with  the  liquid.  It 
may  absorb  nearly,  but  never  quite,  its  own  volume  of  water 
Charcoal,  on  the  other  hand,  is  able  to  take  in  hundreds  of 
times  its  own  volume  of  gas.  This  is  obviously  a  different  soi  t 
of  process.  It  appears  that  the  gas  is  actually  condensed  on  the 
surface  of  the  charcoal.  To  distinguish  this  process  from  the 
type  of  ordinary  absorption  exemplified  by  the  sponge,  we  call 
it  adsorption. 

We  have  seen  that  an  adsorbed  gas  occupies  a  smaller  volume 
than  when  it  was  free.  Compression  of  most  gases  into  a 
smaller  space  generates  heat,  no  matter  what  means  is  used  to 
bring  about  the  reduction  in  volume.  Removal  of  this  heat 
facilitates  the  process  of  condensing  the  gas.  It  follows  that 
charcoal  can  adsorb  gases  better  at  low  temperatures,  and 
that  the  adsorbed  gas  can  be  driven  off  and  the  charcoal 
“re-activated”  by  heating. 

Charcoal’s  ability  to  adsorb  gases  has  a  number  of  applica¬ 
tions  in  addition  to  its  use  in  gas  masks.  A  piece  of  charcoal 
will  help  to  keep  a  refrigerator  free  of  unpleasant  odours. 
Charcoal  was  used  in  the  early  X-ray  tubes  so  that  the  operator, 
by  changing  the  quantity  of  free  gas  present,  could  liaiden 
or  “soften”  the  X-rays  as  required.  The  wave-lengths  of  X-rays 
vary  with  the  pressure  of  the  gas  in  the  tube.  A  very  high 
vacuum  produces  very  short  rays,  called  hard  X-rays;  a  less 
perfect  vacuum  produces  the  longer  soft  X-rays.  Both  types 
serve  useful  purposes.  The  charcoal,  present  in  a  tiny  branch 
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in  the  tube,  was  heated  to  reduce  the  vacuum  if  softer  X-rays 
were  needed.  To  ensure  complete  evacuation  of  the  glass 
tubing  from  which  neon  signs  are  being  made,  charcoal  may 
be  enclosed  in  a  coil  of  the  pumping  line.  For  this  purpose  the 
adsorbing  power  of  the  charcoal  is  increased  by  surrounding 
the  coil  with  a  thermos  flask  containing  liquid  air. 

Charcoal  will  adsorb  the  molecules  of  organic  solids  when 
they  are  present  in  liquids  as  colouring  matter.  This  property 
accounts  for  the  use  of  bone  charcoal  in  the  refining  of  sugar. 
In  the  synthesis  of  many  organic  compounds,  boneblack  is  used 
to  obtain  a  glistening  white  crystalline  product. 

What  other  industrial  uses  are  made  of  carbon?  During 
1941,  forty-five  million  tons  of  coke  were  used  in  blast  furnaces 
in  the  United  States  for  the  production  of  pig  iron.  Ore,  lime¬ 
stone,  and  coke  are  charged  into  the  top  of  the  blast  furnace. 
Hot  air  is  blown  in  through  pipes  at  the  bottom.  Near  the 
bottom  of  the  furnace,  where  there  is  a  plentiful  supply  of 
oxygen,  coke  burns  to  carbon  dioxide  and  supplies  the  neces¬ 
sary  energy  to  melt  the  ore.  As  the  carbon  dioxide  travels 
upward  it  comes  in  contact  with  white-hot  coke  and  is  reduced 
to  carbon  monoxide.  Coke  and  carbon  monoxide  take  the 
oxygen  from  the  ore,  and  the  molten  iron  which  is  left  flows 
slowly  to  the  bottom  of  the  furnace.  More  than  a  ton  of  coke 
is  required  to  produce  a  ton  of  pig-iron.  It  is,  therefore, 
customary  to  locate  the  blast  furnaces  within  easy  reach  of  coal 
mines  as  well  as  close  to  ore  supplies. 

Coke  is  used  in  a  similar  manner  for  the  smelting  of  the  ores 
of  many  other  metals,  including  nickel,  copper,  lead,  zinc,  tin, 
and  tungsten. 

Lampblack  is  finely  divi¬ 
ded  carbon  obtained  by 
burning  oil  in  a  limited 
supply  of  air  and  collect¬ 
ing  the  soot.  It  is  used  in 
the  manufacture  of  inks, 
tires,  and  paints. 

Huge  numbers  of  anodes 
made  of  coke  and  tar  are 
used  in  the  metallurgy  of 
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aluminium.  The  Vorce  cell  for  the  electrolysis  of  salt  brine 
has  a  carbon  anode,  and  quantities  of  high-grade  carbon  are 
used  in  the  manufacture  of  dry  cells. 

Lead  pencils  are  made  from  a  mixture  of  graphite  and  clay. 
Although  graphite  occurs  fairly  abundantly  in  nature,  it  is 
now  manufactured  on  a  large  scale  from  hard  coal.  A  heavy 
electric  current  passing  through  a  bed  of  hard  coal  raises  the 
coal  to  red  heat.  If  air  is  excluded,  so  that  the  coal  cannot 
burn,  graphite  is  formed. 

The  making  of  lead  pencils  is  by  no  means  the  only  use  of 
graphite.  Graphite  is  used  to  make  paint  and  stove  polish,  and 
in  the  manufacture  of  crucibles  for  special  uses  in  the  chemical 
laboratory.  Colloidal  suspensions  of  graphite  in  water  or  oil  are 
used  as  lubricants.  The  water  suspension  is  called  aquadag.  The 
oil  suspension,  known  as  oildag,  is  employed  to  lubricate  the 
top  of  the  cylinder  walls  of  automobile  engines.  Although  the 
oil  burns  away  very  quickly,  it  first  spreads  over  the  metal 
surface  a  thin  film  of  graphite  which  is  highly  resistant  to  heat. 
The  lubricating  quality  of  graphite  is  also  utilized  by  yachts¬ 
men,  who  sometimes  obtain  the  extra  knot  of  speed  necessary 
to  win  a  race  by  coating  the  hull  with  graphite. 

Carborundum  is  an  artificial  grinding  stone  with  qualities 
which  are  in  many  respects  superior  to  those  of  naturally 
occurring  stones  such  as  emery.  This  artificial  abrasive  is 
made  in  an  electric  furnace  from  sand  and  coke.  It  is  a  com¬ 
pound  of  carbon  and  silicon  with  the  formula  SiC.  In  hard¬ 
ness,  carborundum  is  exceeded  only  by  the  diamond. 

How  did  the  petroleum  industry  rise  to  its  present  eminent 
position?  No  attempt  was  made  to  light  the  streets  of  cities 
before  the  middle  of  the  sixteenth  century.  Even  lights  used 
within  the  houses  were  both  expensive  and  inefficient.  Various 
oils  were  burned  in  variously  shaped  urns,  and  wax  candles 
were  common.  In  Scotland  a  process  was  perfected  at  this  time 
for  the  production  from  coal  of  a  white  solid  called  paraffin. 
Candles  made  from  paraffin  were  much  cheaper  than  those 
made  from  tallow.  Oil  from  which  the  paraffin  solidified  was 
called  paraffin  oil.  It  was  soon  discovered  that  this  substance 
was  suitable  for  illuminating  purposes  when  soaked  up  and 
burned  at  the  end  of  a  wick,  but  because  there  was  so  little  of 
it,  people  continued  to  use  candles. , 
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Later,  a  substance  similar  to  paraffin  oil  was  found  floating 
on  certain  marshes  in  Pennsylvania.  Dr.  Silliman,  professor 
of  chemistry  at  Yale  University,  showed  how  a  valuable  illum¬ 
inating  oil  could  be  readily  prepared  from  this  substance  by 
distillation.  To  obtain  larger  quantities  of  the  valuable  crude 
oil  Colonel  Drake,  in  1859,  began  the  drilling  of  a  well.  At 
first  he  was  laughed  at,  and  his  drilling  hut  was  derisively 
named  Drake’s  Folly.  The  public  attitude  underwent  a  sudden 
change,  however,  when  at  69i/2  feet  Drake  struck  oil.  Although 
his  well  never  produced  more  than  a  few  barrels  a  day,  the 
demand  was  so  great  for  kerosene  for  lighting  purposes  that 
Drake  realized  a  huge  fortune. 
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Fig.  8-11.  Engineers  use  explosive  charges  and  the  resulting  seismographic 
records  help  them  to  locate  oil-bearing  strata. 
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In  spite  of  the  fact  that  kerosene  was  at  first  the  only  saleable 
product  of  crude  oil,  a  fever  of  drilling  commenced  over  the 
whole  of  the  United  States  and  Canada,  and  later  spread  to 
all  the  corners  of  the  globe.  At  first  wells  were  drilled  only  in 
the  vicinity  of  other  producing  wells,  but  later  a  few  adven¬ 
turous  spirits  drilled  at  random,  a  process  called  “wildcatting”. 
Eventually  experts  in  phy¬ 
sics,  geology,  and  allied 
sciences  developed  methods 
by  which  they  could  not 
only  locate  pools  of  oil, 
but  also  predict  how  far  it 
was  necessary  to  drill,  what 
sort  of  strata  the  drills 
would  encounter,  what 
production  could  be  ex¬ 
pected,  whether  the  well 
would  be  a  “gusher”  or  a 
“pumper”,  and  similar 
useful  facts. 

One  instrument  used  by 
sreolooists  to  locate  an  oil 

o  o 

dome  is  the  seismograph. 

This  is  a  delicate  instru¬ 
ment  which  records  the 
faintest  of  earth  tremors  in 
minute  detail.  Where  the 
existence  of  oil  is  suspect¬ 
ed,  a  ring  of  dynamite 
charges  is  set.  When  these 
are  exploded,  the  seismograph  record  of  each  explosion  is 
studied.  The  existence  of  a  subterranean  pool  of  oil  affects 
the  character  of  the  sound  wave  transmitted  through  the  earth, 
and  produces  a  characteristic  pattern  in  the  record  of  the 
seismograph. 

The  petroleum  industry  really  came  into  its  own  when  uses 
were  found  for  other  fractions  of  the  crude  oil  in  addition  to 
the  kerosene.  The  first  development  was  the  discovery  that 
the  heavier  oils  could  be  used  as  excellent  fuels  for  locomotives 
and  steamships.  Since  1900  development  of  the  internal 


Fig.  8-12.  When  oil-bearing  formations 
have  been  tapped,  acid  is  pumped  into  the 
hole  under  pressure.  In  most  wells  this 
acid  dissolves  the  oil-bearing  rock  and  in¬ 
creases  the  flow.  Acid  and  oil  are  then 
burned  out. 
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Fig.  8-13.  This  intricate  arrangement  is  known 
as  a  "Christmas  Tree”.  Its  purpose  is  to 
control  the  flow  of  oil  from  the  well. 


What  products  are  ob¬ 
tained  from  petroleum? 

Since  1900,  the  year  which 
saw  the  birth  of  the  auto¬ 
mobile  industry,  gasoline  has  become  by  far  the  most  valuable 
of  the  products  obtained  from  petroleum.  Gasoline  is  not  the 
name  of  a  single  compound,  but  is  the  name  of  a  collection  of 
liquid  hydrocarbons  whose  boiling  points  vary  from  40°  C.  to 
210°  C.,  and  which  forms  a  suitable  fuel  for  internal  com¬ 
bustion  engines.  Hydrocarbons  with  a  low  boiling  point  are 
included  so  that  part  of  the  gasoline  will  vapourize  readily  in 
a  cold  motor  to  give  quick  starting.  Hydrocarbons  with  higher 
boiling  points  are  included  to  give  more  miles  per  gallon. 

A  partial  separation  of  the  hydrocarbons  contained  in  crude 
oil  is  accomplished  by  the  process  known  as  fractional 
distillation  (page  297).  Heat  is  applied  to  the  crude  oil  in  an 


combustion  engine  and 
expansion  of  the  automo¬ 
bile  and  aircraft  industries 
have  made  gasoline  the 
most  valuable  fraction  of 
petroleum. 

Today,  the  American  oil 
industry  ranks  next  to 
agriculture  and  the  rail¬ 
roads.  Even  before  the 
expansion  necessitated  by 
the  Second  World  War, 
more  than  300,000  wells  in 
the  United  States  had  a 
total  production  which 
exceeded  two  and  a  half 
million  barrels  a  day.  The 
value  of  equipment  used 
by  the  oil  companies  was 
more  than  eleven  billion 
dollars,  and  a  million  and 
a  quarter  workers  were 
employed  in  the  industry. 
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iron  retort  called  the  vapour- 
izer.  As  crude  oil  is  fed  con¬ 
tinuously  into  the  vapourizer, 
the  heavy  oil  which  remains 
liquid  is  tapped  from  the  base 
to  be  used  as  fuel  oil  for 
furnaces  and  steam  engines, 
while  the  volatile  material  is 
piped  as  a  gas  from  the  top  of 
the  vapourizer  to  a  tower  called 
the  fractionating  column.  This 
column  is  filled  with  trays,  and 
is  heated  from  below,  so  that 
there  is  a  gradual  decrease  in 
temperature  from  bottom  to 
top.  In  the  fractionating  col¬ 
umn  the  vapours  separate 
themselves  into  various  liquid 
mixtures,  or  “fractions”,  in 
accordance  with  their  boiling- 
points.  The  fraction  which 
boils  at  the  lowest  tempera¬ 
tures,  known  as  Straight  run  Fig.  8-14a.  What  an  average  barrel 
gasoline,  leaves  the  top  of  the  ol  petroleum  yields- 
tower  as  a  gas.  Kerosene  is  tapped  from  the  side  of  the  tower 
toward  the  upper  part.  Other  light  fractions  which  may  be 
separated  from  the  low-boiling  group  include  petroleum  ether, 
naptha,  and  benzene,  used  as  solvents  and  cleaning  fluids. 
From  farther  down  the  column  come  large  quantities  of 
“middle  oils”,  or  “gas-oil”.  Originally  of  little  value,  these 
hydrocarbons  are  now  used  in  several  ways.  The  lighter  ones 
form  domestic  stove  oil,  the  heavier  ones  industrial  fuel  oil. 
The  middle  oils  may  also  be  converted  to  an  extra  gasoline 
fraction  by  the  process  known  as  “cracking”  (page  301). 

From  the  base  of  the  fractionating  column  come  a  variety 
of  products.  There  are  viscous  liquids  which  are  separated 
into  the  many  grades  of  lubricating  oil.  There  is  the  jelly-like, 
semi-solid  vaseline.  There  is  the  white,  solid,  waxy  paraffin, 
used  in  candles,  for  sealing  jellies,  for  waterproofing,  and  for  a 
number  of  other  purposes.  There  is  the  black  tarry  asphalt, 
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Fig.  8-14b.  Diagram  of  processes  by  which  petroleum  is  distilled. 


used  for  surfacing  roads,  as  a  binder  for  sidewalks,  and  in  the 
manufacture  of  patent  roofing.  The  final  solid  residue  is  coke, 

used  largely  for  mak¬ 
ing  electrodes.  Crude 
oils  are  classed  as 
“asphalt  base”  or  “par¬ 
affin  base”  petroleums, 
depending  on  which  of 
these  substances  pre¬ 
dominates  in  the  base 
oils  from  the  fraction¬ 
ating  column. 


What  is  meant  by 
the  octane  number  of 
a  motor  fuel?  A  motor 
fuel  must  not  only 
provide  quick  starting 
and  be  economical  to 
use.  It  must  also  per¬ 
mit  smooth  and  quiet 
operation  of  the  motor. 


Fig.  8-14c.  Lubricants  used  to  launch  this  corvette 
were  a  product  of  a  fractionating  column. 
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If  an  automobile  is  driven  up  a  steep  hill  in  high  gear  a  “ping”, 
or  knock,  is  often  heard.  This  knock,  an  audible  indication  of 
inefficient  motor  operation,  may  be  caused  by  incorrect  adjust¬ 
ment  of  the  spark,  but  if  the  timing  of  the  spark  is  correct  the 
fault  probably  lies  with  the  fuel.  Some  of  the  hydrocarbons  in 
gasoline  detonate;  that  is,  they  explode  so  violently  as  to  give 
the  piston  a  hammer-like  blow  instead  of  a  steady  push. 
Gasoline  which  is  treated  to  prevent  this  knocking  is  called 
anti-knock  gasoline.  To  measure  the  anti-knock  qualities  of 
a  gasoline,  and  hence  its 
efficiency,  the  octane  rat¬ 
ing  is  used.  Iso-octane,  a 
single  hydrocarbon  with 
very  high  anti-knock  qual¬ 
ities,  is  the  standard,  and 
is  arbitrarily  given  an 
octane  number  of  100.  To 
match  the  performance  of 
inferior  fuels,  iso-octane  is 
mixed  with  normal  hep¬ 
tane,  which  makes  motors 
knock  so  badly  that  it  is 
given  an  octane  number  of 
zero.  The  percentage  of 
iso-octane  that  must  be 
added  to  normal  heptane 
in  order  to  match  the  per¬ 
formance  of  an  unknown 
fuel  in  a  one-cylinder  en¬ 
gine  is  taken  as  the  octane 
number  of  the  unknown 
fuel. 

Although  gasoline  with  a  fairly  high  octane  rating  is 
desirable  for  the  high-compression  motors  of  modern  auto¬ 
mobiles,  it  is  in  aeroplane  engines  that  octane  number 
becomes  of  paramount  importance.  The  modern  aeroplane 
engine  must  be  fed  with  100-octane  gasoline,  or  better,  in 
order  to  achieve  satisfactory  performance.  A  modern  fighter 
plane  uses  more  than  145  gallons  per  hour  of  the  100-octane 
gasoline.  A  heavy  bomber  carries  an  11,000  gallon  tank 
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Fig.  8-15.  Section  of  bubble  tower.  There 
may  be  from  4  to  60  trays  in  a  tower. 
Trays  A  and  B  are  any  two  trays.  “Frac¬ 
tions”  are  drawn  off  the  trays  at  various 
heights  in  the  tower  for  further  processing. 


300 


SCIENCE  AND  PROGRESS 


Fig.  8-16. 

Fractionating  tower,  Sarnia  petroleum  refinery. 


carbons  obtained  from  other  sources, 
for  this  fact.  First,  the  demand  for 


C curtesy  Imperial  Oil 

Fig.  8-17. 

\sphalt  was  used  for  Canadian  airfields  such  as  this. 


which  must  be  filled 
with  the  same  fuel. 
Our  victory  in  the 
epic  Battle  of  Britain 
was  due  as  much  to 
the  chemists  and  engi¬ 
neers  who  had  made 
the  production  of  100 
octane  gasoline  a  large 
scale  success  as  to  the 
pilots  who  manned  the 
planes.  Fuels  with 
octane  ratings  consid¬ 
erably  higher  than  100 
are  now  being  pro¬ 
duced,  and  the  ulti¬ 
mate  has  not  yet  been 
achieved. 

How  is  the  yield  of 
high  octane  gasoline 
from  petroleum  in¬ 
creased? 

Straight-run  gasoline 
from  the  top  of  the 
fractionating  column 
is  not  used  directly  as 
a  motor  fuel,  but  is 
first  mixed  with  hydro- 
There  are  two  reasons 
gasoline  is  so  great  that 
every  possible  means 
must  be  used  to  in¬ 
crease  the  percentage 
of  gasoline  obtained 
from  the  crude  oil. 
Secondly,  the  straight- 
run  gasoline  has 
rather  poor  anti  knock 
qualities,  and  the 
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addition  of  the  other  oils  is  necessary  to  increase  its  octane 
number.  Three  methods  are  commonly  used  to  increase  the 
yield  of  high  octane  gasoline. 

The  first  of  these  methods  is  called  pyrolysis,  which  literally 
means  “heat  treatment”,  but  is  more  often  referred  to  by  the 
simpler  term  “cracking”.  When  gasoline  is  subjected  to  a 
temperature  of  550°  C.  and  a  pressure  of  750  pounds  per  square 
inch,  many  of  the  hydrocarbons  decompose.  As  the  tempera¬ 
ture  is  gradually  reduced 
without  any  decrease  in 
pressure,  the  broken  parts 
of  the  original  molecules 
recombine  to  form  differ¬ 
ent  compounds.  These 
new  compounds  produce 
a  gasoline  of  high  octane 
f  rating  when  mixed  tvith 
Fig.  8-19a.  Modern  gasolines  are  no  straight-run  gasoline, 
longer  simple  products  of  distillation  for  r  u:  •  i  °  nliVrl  m 

careful  blending  of  various  ingredients  has  ^  aCKing  IS  also  applied  to 

produced  a  more  efficient  fuel.  crude  oil  from  which  the 
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straight-run  gasoline  has  been  removed,  to  produce  a  second 
crop  of  high-octane  gasoline.  The  use  of  catalysts  has  increased 
the  efficiency  of  the  cracking  process  and  reduced  the  tempera¬ 
ture  and  pressure 
necessary  to  pro¬ 
duce  the  desired 
result.  A  by-pro¬ 
duct  of  the  crack¬ 
ing  plant  is  coke 
which,  like  that 
from  the  fraction¬ 
ating  column,  is 
used  to  make 
electrodes  for  the 
electrolytic  indus¬ 
tries. 

The  second 
method  of  obtain¬ 
ing  more  high- 
octane  Q-asoline  is 
just  the  reverse 
of  cracking.  It  is 
a  polymerization  process  called  oil  hydrogenation.  In  both 
the  original  distillation  of  crude  oil  and  the  cracking  process, 
some  hydrocarbons  are  produced  which  are.  gases  at  ordinary 
temperatures.  When  mixed  with  hydrogen,  subjected  to  a  high 
temperature  and  a  pressure  of  3000  pounds  per  square  inch, 
and  exposed  to  the  catalytic  action  of  phosphoric  acid,  these 
hydrocarbons  combine  to  form  a  high-octane  fuel.  The  same 
process  has  been  adapted  to  producing  satisfactory  gasolines 
from  inferior  crudes,  to  making  high-grade  lubricating  oils  from 
low  grade  and  even  used  oils,  and  to  converting  off-colour  oil 
distillates  to  a  good  quality  kerosene. 

The  third  method  of  stretching  our  supply  of  high-octane 
fuel  is  the  use  of  special  anti-knock  catalysts.  The  familiar  red 
“Ethyl”  gasoline  contains  such  a  substance,  lead  tetraethyl, 
Pb(C2HB)4.  When  this  substance  is  added  to  a  hydrocarbon 
which  ordinarily  detonates,  it  acts  as  a  negative  catalyst  and 
slows  the  combustion  to  a  rate  which  is  satisfactory  for  use  in 
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Fig.  8-19c.  Barrels  are  used  extensively  to  deliver 
petroleum  products  to  distant  ports. 
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Courtesy  Imperial  Oil 

Fig.  8-20.  Jet-propelled  aircraft  require  fuel.  This  “Gloster  Meteor”  was  the 
first  jet  aircraft  to  fly  to  Canada. 


an  engine.  Petroleum  fractions  which  were  formerly  of  little 
value  can  thus  be  converted  to  satisfactory  motor  fuel.  The 
use  of  tetraethyl  lead  is  limited,  however,  by  the  fact  that  if 
used  in  concentrations  greater  than  4  cc.  per  gallon  of  gasoline 
it  fouls  the  spark  plugs  and  valves. 

In  the  development  of  giant  aeroplanes  which  can  carry 
bigger  loads  for  longer  distances,  one  of  the  main  problems  is 
to  increase  the  power  of  the  engines  without  a  corresponding 
increase  in  their  weight.  One  way  of  accomplishing  this  is  to 
employ  higher  “compression  ratios”.  High  compression  en¬ 
gines,  however,  demand  high-octane  gasoline.  Future  improve¬ 
ments  in  gasoline-powered  aircraft  thus  depend  not  only  on 
new  designs  produced  by  aeronautical  engineers,  but  also  on 
the  work  of  petroleum  chemists  in  developing  methods  of 
getting  more  and  better  gasoline  from  our  supplies  of  crude 
petroleum. 

How  efficiently  does  an  automobile  engine  utilize  the  energy 
stored  in  gasoline,  It  was  mentioned  earlier  that  a  gallon  of 
gasoline  contains  about  162,000  B.t.u.  of  available  heat  energy. 
An  automobile  engine  which  uses  two  gallons  of  gasoline  per 
hour  to  drive  the  car  at  a  speed  of  40  miles  per  hour  is  thus 
consuming  energy  at  the  rate  of  324,000  B.t.u.  per  hour,  or 
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5,400  B.t.u.  per  minute.  If  one  B.t.u.  is  converted  entirely  into 
mechanical  energy  it  is  capable  of  doing  778  foot-pounds  of 
work.  It  follows  that  the  engine  referred  to,  if  it  were  100 
per  cent  efficient,  should  be  able  to  accomplish  4,200,000  foot¬ 
pounds  of  work  per  minute.  When  work  is  being  done  at  the 
rate  of  33,000  foot-pounds  per  minute,  the  engine  is  said  to 
have  a  power  rating  of  one  horsepower.  An  engine  doing 
4,200,000  foot-pounds  of  work  per  minute  would  therefore  be 
developing  about  130  horsepower.  The  average  engine,  how¬ 
ever,  is  actually  developing  between  20  and  25  horsepower  when 
it  drives  a  car  at  40  miles  per  hour.  The  engine  is  using  the 
energy  stored  in  its  fuel  at  an  efficiency  of  less  than  20  per  cent. 

A  study  of  the  equation  for  the  combustion  of  a  typical 
gasoline  hydrocarbon  reveals  one  important  reason  for  the  low 
efficiency  of  the  gasoline  engine. 

2CsH18  +  25  02  -»  16  CO,  +  18  HaO 

The  coefficients  of  the  equation  indicate  that  two  volumes  of 
vapourized  gasoline  require  25  volumes  of  oxygen  for  complete 
combustion.  The  air  being  only  about  one-fifth  oxygen,  this 
means  supplying  to  the  cylinders  125  parts  of  air  to  two  parts 
(by  volume)  of  gasoline  vapour.  Such  a  large  volume  of  air 
could  not  possibly  be  heated  sufficiently  before  entering  the 
cylinder.  The  carburettor  is  therefore  adjusted  to  provide  a 
much  smaller  amount  of  air.  Consequently,  the  combustion 
of  the  gasoline  is  incomplete,  a  good  deal  of  carbon  monoxide 
comes  unburned  from  the  exhaust,  and  the  energy  content  of 
the  fuel  is  not  all  used. 

A  second  loss  of  energy  occurs  through  the  cooling  system  of 
the  motor.  Unless  a  gasoline  engine  is  kept  reasonably  cool 
it  becomes  impossible  to  maintain  a  lubricating  film  of  oil 
between  the  moving  metal  surfaces.  If  the  temperature  became 
very  high  the  metals  themselves  would  be  damaged,  both  by  the 
extreme  heat  and  by  oxidation.  Much  of  the  heat  produced  by 
the  combustion  of  the  fuel  is  therefore  being  conducted  away 
from  the  cylinder  by  the  water  in  the  cooling  system  and  used 
to  heat  the  outside  air  which  rushes  through  the  radiator, 
instead  of  serving  the  useful  purpose  of  contributing  to  the 
forward  motion  of  the  car. 
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The  third  energy-wasting  factor,  of  course,  is  friction  between 
the  moving  parts  of  the  car,  between  the  car  and  the  road,  and 
between  the  car  and  the  atmosphere.  Although  automobile 
designers  are  constantly  working  to  reduce  friction  and  thus 
to  improve  mechanical  efficiency,  friction  actually  accounts  for 
less  energy  loss  than  either  of  the  other  two  factors. 

What  part  do  coal  and  petroleum  play  in  the  synthetic 
rubber  industry?  It  was  mentioned  earlier  that  the  most 
practical  of  the  synthetic  rubbers  appeared  to  be  those  derived 
from  butadiene.  In  the  usual  process,  butadiene  and  styrene 
are  combined  to  make  the  substance  referred  to  as  “Buna  S”, 
which  is  subsequently  polymerized. 

The  second  of  these  basic  materials,  styrene,  C6H5CH=CH2, 
can  be  made  fairly  easily  from  benzene.  Adequate  amounts  of 
it  can  therefore  be  derived  from  the  destructive  distillation 
of  coal. 

The  butadiene,  CH2=CH — CH=CH2,  may  be  made  in 
several  ways,  but  each  is  rather  difficult,  and  in  each  case  the 
supply  of  raw  material  is  not  entirely  satisfactory.  Butadiene 
can  be  made  fairly  easily  from  butylene,  a  hydrocarbon  of  the 
ethylene  series,  but  the  difficulty  here  lies  in  the  supply  of 
butylene.  It  occurs  in  the  manufacture  of  high-octane  gasoline, 
but  in  insufficient  quantities.  Butylene  can  also  be  made  from 
butane,  another  petroleum  hydrocarbon,  but  the  process  is 
difficult.  A  second  process  for  making  butadiene  starts  with 
acetylene.  It  will  be  remembered  that  acetylene  comes  from 
the  action  of  water  on  calcium  carbide,  which  in  turn  is  made 
from  limestone  and  coke.  A  third  method  of  producing  buta¬ 
diene  starts  with  industrial  ethyl  alcohol  which  is  made  by 
fermentation  of  sugar  or  grain. 

The  most  useful  of  the  synthetic  rubber  processes  thus  uses 
two  basic  raw  materials.  One,  styrene,  is  an  indirect  derivative 
of  coal  tar.  The  other,  butadiene,  is  made  in  several  ways,  but 
about  60  per  cent  of  the  supply  is  from  petroleum,  while  a 
small  additional  amount  comes  indirectly  from  coke.  Synthetic 
rubber,  modern  industry’s  lustiest  infant,  depends  for  its  sup¬ 
port  on  two  of  America’s  greatest  industrial  giants,  coal  and 
petroleum. 


306 


SCIENCE  AND  PROGRESS 


Activities 


COMBUSTION  TUBE 

REMOVING: 


*1.  Problem — To  determine  the  composition  of  coal. 

Weigh  an  empty  combustion  tube,  then  put  in  it  a  charge  of  about 
5  gm  of  powdered  coal  and  weigh  it  again.  The  tube  is  closed  at  one  end. 
s  From  the  other  end  a  delivery 

tube  leads  the  gaseous  products 
first  through  an  empty  flask  to 
collect  tar,  then  bubbles  it  through 
a  small  amount  of  water  in  _  a 
second  flask  to  dissolve  ammonia. 
Finally,  the  gas  issues  from  a  jet, 
where  it  is  burned. 

Fleat  the  combustion  tube  until 
no  more  combustible  gas  issues 
from  the  jet  and  no  more  tar  drips 
into  the  condenser  flask.  Cool 
the  tube  and  obtain  the  weight 
and  percentage  of  solid  material 
in  the  coal  sample.  What  per  cent 
of  volatile  matter  did  this  coal 
contain? 

To  the  water  in  the  ammonia 
collecting  flask  add  some  sodium 


Fig.  8-21.  Apparatus  used  in  laboratory 
to  decompose  coal. 


C.UHGC.  Llllg  UUJ1\  ^  ^  ^  ^ 

hydroxide  solution  and  heat  gently.  Can  you  smell  ammonia?  Hold  moist 
red  litmus  paper  above  the  solution.  What  do  you  observe? 

Weigh  out  a  fresh  sample  of  the  same  powdered  coal  in  a  crucible. 
Heat  it  in  a  bunsen  flame,  gently  at  first,  then  strongly,  until  it  has  burned 
completely.  Weigh  the  ash  after  the  crucible  has  cooled.  What  per  cent 
of  ash  did  the  coal  contain?  What  per  cent  of  free  carbon?  Would  you 
class  this  coal  as  anthracite,  bituminous  or  lignite? 

2.  Problem— To  make  and  study  carbon  monoxide. 

Prepare  carbon  monoxide  by  allowing  concentrated  sulphuric  acid  to 
drip  from  a  separating  funnel  into  formic  acid  in  a  flask,  warming  gently 
if  necessary.  Pass  the  gas  which  is 
produced  through  a  drying  tube 
containing  sticks  of  sodium  hydrox¬ 
ide.  Burn  the  gas  as  it  issues  from 
a  jet.  Just  before  lighting  the  jet, 
see  if  you  can  detect  any  character¬ 
istic  odour  of  carbon  monoxide. 

Why  is  this  gas  such  a  dangerous 
poison?  Observe  the  flame  from 
the  jet.  Would  this  gas  be  useful 
for  both  heating  and  lighting  pur¬ 
poses? 

Caution:  Set  up  this  experiment 
in  a  hood  or  near  a  window,  so  that 
any  carbon  monoxide  which  is  not 
burned  may  be  piped  out  of  the 
room. 


Fig.  8-22.  Apparatus  used  to  prepare 
carbon  monoxide. 
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*3.  Problem — To  study  the  combustion  of  hydrogen. 

Prepare  hydrogen  from  zinc  and  hydrochloric  or  sulphuric  acid  and 
burn  it  as  it  issues  from  a  jet.  Caution:  Use  a  long  delivery  tube  so  that 
the  jet  is  not  too  close  to  the  generating  flask,  and  be  very  sure  that  all 
the  air  has  been  swept  out  of  the  flask  before  trying  to  ignite  the  jet.  Observe 
the,  flame.  Would  this  gas  be  useful  for  both  heating  and  lighting 
purposes?  Has  it  any  characteristic  odour? 

4.  Problem — To  prepare  acetylene  and  study  its  combustion. 

Prepare  acetylene  by  allowing  water  to  drip  slowly  from  a  separating 
funnel  on  solid  calcium  carbide.  Burn  the  gas  as  it  issues  from  a  jet.  Use 
the  same  precautions  as  in  Activity  No.  3  on  hydrogen.  Has  this  gas  any 
characteristic  odour?  Plow  does  its  flame  differ  from  those  of  hydrogen 
and  carbon  monoxide?  Suggest  two  reasons  why  water  gas  is  carburetted 
before  being  used  as  a  domestic  fuel  gas. 

5.  Problem — To  prepare  hydrogen  sulphide  and  study  its  combustion. 

Prepare  hydrogen  sulphide  by  the  action  of  dilute  hydrochloric  acid  on 

solid  ferrous  sulphide.  Has  it  a  characteristic  odour?  Hold  a  moistened 
silver  coin  in  the  jet  of  gas.  What  do  you  observe?  Light  the  jet.  Do 
you  recognize  the  odour  produced?  Suggest  two  reasons  for  removing 
hydrogen  sulphide  from  coal  gas  before  it  is  used  as  a  domestic  fuel  gas. 

6.  Problem — To  compare  the  specific  gravities  of  gasoline,  kerosene, 
and  stove  oil. 

Into  a  U-tube  pour 
enough  water  to  fill  about 
one-third  of  its  length.  Add 
approximately  an  equal 
volume  of  gasoline.  Com¬ 
pare  the  heights  of  the 
columns  of  water  and  gaso¬ 
line  which  are  balancing 
each  other.  What  is  the 
specific  gravity  of  gasoline  ? 

Determine  the  specific 
gravities  of  kerosene  and 
stove  oil  in  the  same  way. 

What  connection  is  there 
between  the  specific  gravi¬ 
ties  and  the  boiling  points 
of  petroleum  fractions? 

If  a  hydrometer  is 
available,  use  it  to  measure 
the  specific  gravities  of 
the  three  liquids.  How 
closely  do  these  values 
check  with  those  obtained 
by  the  U-tube  method? 

B 

L  Arrange  visits  to  one  or  more  of  the  following  places,  and  report  on 
the  processes  observed  there : 

(a)  A  coal  gas  plant ; 


Fig.  8-23.  Diagram  of  apparatus  used  to 
determine  specific  gravities  of  liquids  (Hare’s 
Apparatus — left,  U— tube  method — right). 
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(b)  An  oil  field; 

(c)  An  oil  refinery. 

2.  Write  equations  for  the  preparation  and  the  combustion  of  each  of 
the  gases  studied  in  Part  A. 

3.  A  sample  of  coal  weighing  .005  lb.  is  oxidized  in  a  steel  bomb  which 
weigh  0.8  lb.  The  bomb  is  immersed  in  2.5  lb.  of  water  in  a  copper 
calorimeter  weighing  0.6  lb.  The  temperature  rises  23.6°  F.  Find  the 
heating  value  of  the  coal  in  B.t.u.  per  pound.  (Specific  heats :  copper  .095, 
steel  .113). 

Answer :  12,496  B.t.u.  per  lb. 

4.  A  \y2  gm.  sample  of  coal  is  completely  burned  in  a  steel  bomb  weigh¬ 
ing  600  gm.,  immersed  in  2000  gm.  of  water  in  a  200-gm.  copper  calorimeter. 
The  initial  temperature  is  18°  C.,  the  final  temperature  23°  C.  Find  the 
heating  value  of  the  coal  in  calories  per  gram.  Convert  this  value  to  B.t.u. 
per  pound,  given  that  : 

252  cal.  =  1  B.t.u. 

453  gm.  =  1  lb. 

Answers :  6,957  cal.  per  gm. 

12,506  B.t.u.  per  lb. 

5.  Which  is  the  cheaper  fuel,  coal  which  gives  13,000  B.t.u.  per  pound 
at  $12.00  per  ton,  or  coke  which  gives  14,500  B.t.u.  per  pound  at  $12.50 
per  ton?  Assume  complete  combustion  of  both  fuels. 

Answer:  The  coke,  by  about  150,000  B.t.u.  per  dollar. 

6.  Which  is  the  cheaper  fuel,  coke  which  produces  14,500  B.t.u.  per 
pound  at  $12.50  a  ton,  or  gas  which  produces  630  B.t.u.  per  cubic  foot  at 
6c  a  hundred  cubic  feet? 

Answer:  The  coke,  by  220,000  B.t.u.  per  dollar. 

7.  Assuming  that  each  can  be  burned  with  the  same  efficiency,  compare 
the  costs  in  your  own  community  of  heating  with  the  best  grade  of  coal, 
furnace  oil,  coke  and  gas.  Obtain  data  on  costs  from  your  local  fuel 
dealers  and  use  the  heating  values  stated  in  the  text  of  this  chapter. 

8.  Prepare  a  report  on  the  qualities  of  various  synthetic  rubbers  com¬ 
pared  with  those  of  natural  rubber. 

9.  An  automobile  of  80  horsepower  built  in  1929  weighed  about  3,500  lb., 
but  one  built  in  1942  and  having  the  same  horsepower  weighed  less  than 
3,000  lb.  List  some  factors  which  account  for  the  decrease  in  weight. 

10.  If  we  consider  only  the  factor  of  readily  available  cheap  fuel,  which 

parts  of  Canada  are  most  likely,  and  which  least  likely,  to  become  highly 

industrialized? 

C  • 

(Do  not  write  answers  in  the  book.) 

1.  Uncombined  carbon  occurs  in  an  amorphous  form  as  - ,  and  in 

the  two  crystalline  forms  of  - -.and  - . 

2.  The  apparatus  for  determining  the  heating  value  of  a  fuel  is  the 

- .  Oxygen  for  the  combustion  is  supplied  by - ,  and  the  charge 

is  ignited  by - . 

3.  The  water  equivalent  of  any  object  is  the  product  of  its  -  and 

its  - . 

4.  The  heating  value  of  high  quality  coal  is  a  littfe  - 

of  coke. 


than  that 
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5.  When  a  ton  of  coal  is  converted  into  coke  and  gas  there  is  a  net 

— —  of  about  -  B.t.u.  of  available  heat. 

6.  The  true  cost  of  a  fuel  is  indicated  by  the  number  of 
which  it  supplies. 


per 


7.  Gas  lighting  was  greatly  improved  by  the  invention  of  a  mantle 
coated  with  oxides  of  - - -  and - . 


8.  Most  of  the  fuel  gas  used  in  the  United  States  is 
Canadians  use  more  • — - — — . 


while 


9.  Water  gas  is  essentially  a  mixture  of 

factured  from - and  - . 

10.  Coal  gas  is  made  by  the - of - 


and 


It  is  manu- 


coal. 


11.  The  three  immediate  by-products  of  the  coal  gas  plant  are 
-  and  - . 


12. 


is  a  gas  which  must  be  removed  from  coal  gas  although  it  has 


no  value  as  a  by-product. 

13.  Four  very  important  compounds  which  are  distilled  from  coal  tar 

are  — - ,  - - — ,  -  and - . 

14.  Most  of  our  dyes  are  made  from  the  compound  ■ — — - — ,  which  is 

derived  from  the  coal-tar  product  — - . 


15.  Sulphanilamide  and  novocaine  are  derivatives  of  the  compound  - - . 

16.  When  wood  was  distilled,  the  most  important  product  used  to  be 

- ,  but  now  we  place  a  higher  value  on  the  - - —  and - . 

17.  The  adsorptive  power  of  charcoal  -  as  the  temperature  is 

increased. 

18.  Three  important  applications  of  charcoal’s  ability  to  adsorb  are: 

(a)  - ; 

(b)  - ; 

(c)  - . 

19.  The  use  of  graphite  in  automobile  cylinders  depends  on  the  facts 

that  it  reduces - and  is  resistant  to  - . 

20.  The  petroleum  industry  received  its  greatest  impetus  from  the 

development  of  the  - . 

— .  Next 


21.  The  lightest  fraction  taken  from  petroleum  is  usually- 

come  -  and - . 

22.  Two  solid  products  from  petroleum  distillation  are - 


—  and - . 

23.  Knocking  in  a  motor  may  be  caused  by  poor  adjustment  of  the 

— — or  by  using  a  - -  whose - is  too  low. 

24.  -  has  an  octane  number  of  zero,  and  -  has  an  octane 

number  of  100. 

25.  The  — - -  process  breaks  larger  hydrocarbon  molecules  into  smaller 

ones,  while  the  -  process  builds  higher  hydrocarbons  from  simpler 

ones. 


26.  Tetraethyl  lead  prevents  fuels  from 
it  acts  as  a - . 


in  the  cylinder,  because 


27.  Three  important  factors  which  reduce  the  efficiency  with  which  an 
automobile  engine  uses  its  fuel  are  : 

(a)  - ; 

(b)  - ; 

(c)  - . 
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28.  Buna  type  rubbers  are  made  from  strycne,  which  is  derived  from 

- ,  and  from  butadiene,  obtained  largely  from - . 

29.  High-octane  gasoline  has  become  more  important  with  the  develop¬ 
ment  of  - — - -  motors. 

D 

1.  Using  the  equations  jmu  wrote  in  answer  to  Question  B-2,  calculate 
the  volume  of  air  required  to  burn  one  cubic  foot  of  each  gas. 

2.  Find  out  from  your  local  police  department  what  safety  precautions 
are  required  by  law  in  the  handling  of  gasoline.  Why  are  the  same  precau¬ 
tions  not  necessary  in  the  case  of  kerosene? 

3.  In  southeastern  British  Columbia  and  southwestern  Alberta  there 
are  great  beds  of  coal.  In  the  same  region  considerable  deposits  of  iron 
ore  have  never  been  exploited.  Other  metals  are  found  here  in  great 
abundance.  Not  too  far  away  are  the  Turner  Valley  oil  and  gas  wells. 
It  is  concluded  by  many  people  that  the  only  reason  why  a  great  steel 
industry  has  not  been  established  in  this  region  is  reluctance  of  Eastern 
financial  interests  to  allow  Western  competition  to  their  own  plants  in 
the  East.  Is  this  a  reasonable  attitude? 

*Note  :  Activities  marked  with  asterisks  should  be  completed  by  all  students. 


CHAPTER  9 


SULPHUR  AND  ITS  COMPOUNDS  ARE  USED  IN  MANY 
PROCESSES 

Sulphur  is  classed  as  one’  of  the  basic1  raw  materials  of 
industry.  Free  sulphur  or  its  naturally-occurring  compounds 
are  required  in  the  manufacture  of  sulphuric  acid,  the  world’s 
leading  heavy  chemical  and  a  vital  solvent  material  for  many 
of  our  important  industries,  including  those  mentioned  in 
Table  17.  The  use  of  elemental  sulphur  in  the  vulcanizing 
of  rubber  was  discussed  in  Chapter  6,  and  it  might  be  added 
that  for  this  process,  no  satisfactory  alternate  material  has  yet 
been  found.  Elemental  sulphur  is  used  also  in  the  production 
of  fungicides,  insecticides,  explosives,  dyes,  pharmaceuticals 
and  other  useful  chemicals.  An  oxide  of  sulphur  (S02),  the 
gas  formed  when  sulphur  is  burned,  is  used  in  mechanical 
refrigerators,  in  paper  making,  in  bleaching,  and  as  the  first 
stage  in  the  manufacture  of  sulphuric  acid.  Many  other  uses 
of  sulphur  and  its  compounds  might  be  mentioned,  but  from 
those  enumerated  in  this  paragraph,  it  is  apparent  that 
adequate  supplies  of  this  element  are  required  if  our  modern 
living  standards  are  to  be  maintained. 

Sulphur  possesses  interesting  properties.  Sulphur,  known  as 
brimstone  since  the  beginning  of  history,  has  increased  in 
importance  as  additional  properties  were  discovered.  The 
sulphur  of  commerce  is  a  pale  yellow  solid,  tasteless,  almost 
odourless,  insoluble  in  water  but  soluble  in  carbon  disulphide, 
warm  turpentine  and  some  other  solvents.  When  heated  to 
1 12.8°  C.,  it  melts,  changing  to  a  pale  yellow  liquid  which  pours 
readily.  When  the  temperature  is  increased,  liquid  sulphur 
becomes  darker  in  colour  and  flows  less  readily  until,  at 
approximately  230°  C„  it  resembles  thick  molasses.  As  its 

1 A  few  years  ago,  writers  listed  five  great  raw  materials— salt,  sulphur, 
limestone,  coal  and  cellulose;  today,  many  would  add  petroleum.  In 
addition,  there  are  those  essential  but  plentiful  raw  materials,  water  and 
the  components  of  the  atmosphere. 
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temperature  is  raised,  it  loses  its  viscosity.  At  444.5°  C.,  it 
boils  and  changes  to  a  yellow  vapour.  Cooled  suddenly,  this 
vapour  condenses  to  a  yellow  powdery  solid,  but  when  cooled 
gradually,  it  first  changes  to  the  liquid  form,  which  solidifies 
when  its  temperature  is  lowered. 


Fig.  9-1. 
of  rubber. 


Sulphur  and  the  vulcanization  of  rubber.  Although  valued 
chiefly  as  a  component  of  many  exceedingly  useful  compounds, 
elemental  or  raw  sulphur  is  also  used  directly  in  several 
important  processes.  Chief  of  these  is  the  vulcanization  of 
rubber,  the  process  discovered  by  Charles  Goodyear  in  1839. 
Prior  to  the  discovery  of  this  process,  crude  rubber  was  practi¬ 
cally  useless,  for  it  was  sticky  when  warm  and  brittle  when  cold. 
Vulcanization  changes  these  physical  properties  of  the  rubber. 

It  reduces  the  stickiness 
and  the  product  offers 
greater  resistance  to  de¬ 
formation  and  to  abrasion. 

During  vulcanization, 
sulphur  in  the  form  of 
flowers  of  sulphur  is  added 
to  crude  rubber,  the  pro¬ 
portion  of  sulphur  to  rub¬ 
ber  being  approximately 
1:10.  Certain  other  sub¬ 
stances  are  added  which 
either  accelerate  the  pro¬ 
cess  or  improve  the  quality 
of  the  final  product.  The 
mixture  is  heated,  out  of 
contact  with  air,  to  a  tem¬ 
perature  between  150°  C. 
and  200°  C.  The  time  required  to  vulcanize  rubber  varies 
from  5  minutes  to  120  minutes,  high  temperature  and  accelera¬ 
tors  hastening  the  operation.  If  the  sulphur  content  is  raised 
from  ten  to  forty  per  cent  and  the  temperature  raised  to 
180°  C.,  hard  rubber,  or  vulcanite,  is  produced. 


Courtesy  Goodyear  Rubber  Co. 
Sulphur  is  used  in  the  vulcanization 


Sulphur  cement.  The  properties  of  sulphur  make  possible 
the  use  of  this  substance  as  a  cement  for  two  special  purposes. 


SULPHUR 


313 


Because  melted  sulphur,  when  it  solidifies,  adheres  firmly  to 
both  iron  and  rock,  it  is  used  to  fasten  the  chains  of  buoys  to 
granite  blocks  and  to  cement  the  bolts  which  fasten  an  engine 
firmly  on  a  concrete  base.  Sulphur  cement  is  often  specified 
when  it  is  necessary  to  have  a  substance  that  will  resist  the 
action  of  acids.  For  example,  in  the  preparation  of  acid-proof 
flooring,  sulphur  may  be  mixed  either  with  silica  or  some  other 
relatively  inactive  substance.  If  resistance  to  hydrofluoric  acid 
is  required,  sulphur  is  mixed  with  carbon  instead  of  with  silica. 
Unlike  Portland  cement,  when  sulphur  is  used  as  a  cement,  it 
is  not  mixed  with  water.  Instead,  it  is  heated  until  it  melts 
and  then  it  is  poured  while  in  the  liquid  state.  When  it  cools, 
solidification  is  quite  rapid,  and  this  is  the  only  setting  required. 

Other  uses  for  elemental  sulphur.  Among  other  newer  uses 
for  elemental  sulphur  are  its  employment  in  place  of  sand  in 
the  filters  of  water  purification  systems,  and  its  use  in  the  manu¬ 
facture  of  pipes  required  to  transfer  highly  corrosive  chemicals. 
To  these  interesting  direct  uses  of  sulphur  must  be  added  its 
utilization  in  the  preparation  of  numerous  valuable  compounds 
including  those  common  substances,  sulphur  dioxide  and 
carbon  disulphide. 

Sulphur  dioxide.  Sulphur  dioxide  is  the  compound  of 
sulphur  produced  when  sulphur  burns.  It  is  a  gas  (with  a 
suffocating  odour)  at  normal  temperature  and  under  ordinary 
pressure,  but  it  may  be  liquefied  readily  under  compression. 
Because  it  is  liquefied  so  easily  and  does  not  attack  copper  or 
brass  pipes,  it  is  used  as  a  refrigerant  in  some  mechanical 
refrigerators.  Large  quantities  of  sulphur  dioxide  are  required 
also  by  textile,  and  canning  industries  which  use  this  gas  to 
bleach  certain  of  the  raw  materials  processed.  Used  to  bleach 
wool,  silk,  and  fruits  or  vegetables,  the  moist  gas  behaves  as  a 
reducing  agent. 

Pulp  mills  consume  additional  sulphur  dioxide  in  the 
production  of  the  calcium  bisulphite  used  in  the  sulphite 
process.  Lignin  and  other  undesirable  compounds  are  removed 
from  wood  pulp  when  the  pulp  is  cooked  in  liquor  containing 
calcium  bisulphite  (Ca(HSOs)2)  and  sulphurous  acid  (H2S03)° 
leaving  a  pulp  with  a  high  percentage  of  cellulose  which  is 
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suitable  for  use  in  the  production  of  rayon  and  in  the  manu¬ 
facture  of  most  grades  of  paper.  In  the  production  of  calcium 
bisulphite,  chemists  start  with  two  common  raw  materials, 
quicklime  and  sulphur.  The  reactions  involved  are: 

S  +  o2->so2 
S02  -f-  HoO  — >  H2SOs 

CaC03  +  2H2S03  ->  Ca(HS03)2  +  H20  +  CO. 

Carbon  disulphide.  Recently,  the  synthesis  of  cat  bon 
disulphide  has  won  recognition  as  an  impoitant  industrial 
process.  This  colourless,  highly  inflammable  liquid,  which 
usually  has  a  highly  unpleasant  odour,  was  used  formerly  as  a 
rodent  exterminator  and  as  a  solvent  for  sulphur  and  phos¬ 
phorus.  Today,  large  quantities  of  the  liquid  are  required  as 
a  solvent  for  gums,  resins  and  rubber,  and  in  the  manufacture 
of  rayon,  a  growing  industry.  In  order  to  pioduce  sufficient 
carbon  disulphide  to  satisfy  the  demand,  a  continuous  piocess 
has  been  devised  which  combines  carbon  and  sulphur  as 

indicated  in  the  equation: 

C  -j-  2S  -j-  28,674  cal.  CS2. 
Because  the  reaction  is  endo¬ 
thermic  (requires  the  absorp¬ 
tion  of  heat)  and  is  reversible 
a  high  temperature  is  neces¬ 
sary.  Powdered  sulphur  and 
a  pure  grade  of  coke  are 
fed  into  an  electric  furnace 
where  the  heat  generated 
by  the  passage  of  the  current 
through  the  loosely  packed 
coke  is  sufficient  to  raise  the 
temperature  of  the  mixture 
to  white  heat.  At  this  tem¬ 
perature  the  sulphur  melts 
and  reacts  vigorously  with 
the  hot  coke.  The  carbon 
disulphide  formed  is  removed 
through  a  flue  at  the  top  of 
1  he  furnace  together  with  the 


Fig.  9-2.  Carbon  disulphide  may  be 
prepared  by  heating  a  mixture  of 
coke  and  sulphur  in  an  electric 
furnace. 
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other  furnace  gases.  Later,  when  the  temperature  of  this 
mixture  of  gases  is  lowered  sufficiently,  carbon  disulphide 
condenses  and  separates  as  a  liquid. 

From  the  foregoing  it  is  apparent  that  large  quantities  of 
sulphur  are  required  annually  to  meet  the  growing  demand 
for  this  element. 

What  are  the  chief  sources  of  elemental  sulphur?  The  almost 
inexhaustible  deposits  of  sulphur  in  two  of  the  Gulf  States, 
Texas  and  Louisiana,  are  the  world’s  chief  source  of  sulphur 
at  present.  Substantial  though  smaller  amounts  are  obtained 
by  the  treatment  of  metallic  sulphides,  smelter  gases,  and 
hydrogen  sulphide  (H2S). 

The  large  deposits  of  sulphur  near  the  Gulf  of  Mexico  were 
discovered  accidentally  late  in  the  nineteenth  century  by  a 
driller  who  was  prospecting  for  oil.  This  prospector  encoun¬ 
tered  a  large  sulphur  deposit  at  a  depth  of  approximately  900 
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feet  The  depths  of  other  similar  deposits  discovered  subse¬ 
quently  vary  from  600  to  2000  feet.  Investigations  conducted 
durino-  the  drilling  of  numerous  wells  in  these  states  show  that 
the  rocks  of  that  area  are  sedimentary  and  that  the  mineials 
anhydrite  (CaS04)  and  gypsum  (CaS04 . 2H20)  are  fairly 
common.  The  free  sulphur  occurs  in  the  cap  rock  of  salt 
domes  (Fig.  9-3),  a  very  interesting  geological  formation. 
Important  deposits  of  petroleum  found  in  the  Same  area 
1  provided  energy  at  low 

cost  and  made  possible  the 
successful  exploitation  of 
these  sulphur  mines. 

Several  theories  have 
,  ,  been  advanced  to  account 

iff  for  the  occurrence  of  sul¬ 

phur  on  the  tops  of  the 
salt  domes.  One  of  these 
explanations  suggests  that 
at  one  time,  when  this  area 
was  covered  with  ocean 
water,  conditions  were 
ideal  for  the  formation  of 
alternate  beds  of  salt  and 
gypsum.  Those  responsi¬ 
ble  for  this  theory  suggest 
that,  at  a  much  later  date, 
heat  and  pressure  within 
the  crust  may  have  caused 
the  salt  to  flow  into  these 
dome  -  shaped  structures 
and  that  the  sulphur  may 
have  been  released  from  gypsum  by  chemical  action  between 
gypsum  and  oil.  The  changes  which  could  have  taken  place  in 
the  struggle  for  oxygen  are  represented  in  the  following- 

equations: 

CaSO,  .  2H  O  -f-  — >  CaCCT  T  FFS  -j-  3H20 

2H2S  +  Cb  — »  2PLO  +  2S 

j.  % 

How  are  these  Gulf  deposits  of  sulphur  mined?  Because  the 
strata  which  cover  these  deposits  of  sulphur  contain  a  layer  of 


Courtesy  Texas  Gulf  Sulphur  Co. 
Fig.  9-4.  Sulphur  wells  in  operation  in  Texas. 
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quicksand,  it  was  not  possible  to  sink  shafts  and  mine  the 
sulphur  in  an  orthodox  manner.  Hence,  for  many  years  after 
they  were  discovered,  these  beds  lay  untouched.  Many  exper¬ 
ienced  miners  from  all  parts  of  the  country  attacked  the 
problem  of  bringing  the  sulphur  to  the  surface.  Numerous 
engineers  sailed  clown  the  Mississippi,*  each  with  an  optimistic 
fire  in  his  eye  and  filled  with  enthusiasm,  but  after  a  week,  a 
month,  or  a  year,  depending  on  his  persistence  and  his  financial 
backing,  each  returned  home,  sadder  but  wiser.  Eventually 
one  came  who  was  not  easily  discouraged.  Herman  Frasch, 
a  young  university  graduate  devoted  many  years  to  study  and 
experimentation  before  he  finally  found  a  way  to  raise  the 
sulphur  to  the  surface.  The  modern  sulphur  well  is  essentially 
the  same  as  that  which  Frasch  designed  and  by  which  he 
eventually  succeeded  in  solving  this  knotty  problem. 

The  lining  of  such  a  well  (Fig.  9-5)  is  an  iron  pipe  ten  inches 
in  diameter.  Inside  are  three  other  pipes  with  diameters  of 
one,  three,  and  six  inches,  providing  four  apertures.  Water 
heated  under  pressure  to  170°  C.  is  sent  down  through  the  two 
outer  spaces,  and  hot  compressed  air  is  forced  down  the  centre 
pipe.  The  superheated  water  melts  the  sulphur  and  bubbles 
of  hot  air  churn  it  to  a  frothy  state  in  which  form  it  is  forced 
up  through  the  remaining  aperture.  Thus  the  channel  up 


Fig.  9-6.  Details  of  a  sulphur  well  in  operation 
showing  arrangement  of  pipes. 


Courtesy  Texas  Gulf  Sulphur  Co. 


which  the  sulphur  comes 
is  heated  from  the  inside 
as  well  as  the  outside,  a 
vital  arrangement,  for  if 
the  pipes  are  allowed  to 
cool,  the  liquid  sulphur 
solidifies,  preventing  fur¬ 
ther  use  of  that  well.  The 
frothy  emulsion  is  deliv¬ 
ered  into  steam  heated 
sumps  to  allow  the  sulphur 
to  separate  from  the  water. 
This  liquid  sulphur,  99.5 
per  cent  pure,  is  then 
pumped  to  the  storage 
bins  where  it  solidifies  into 


SULPHUR 


319 


huge  blocks.  Dynamite  is 
used  to  shatter  the  blocks 
and  huge  steam  shovels  are 
employed  to  transfer  the 
product  to  railway  cars. 

Statistics  show  that  by 
means  of  the  Frasch  pro¬ 
cess  (which  uses  approxi¬ 
mately  forty  tons  of  hot 
water  to  mine  each  ton  of 
sulphur)  the  United  States 
produced  more  than  three 
million  tons  of  this  ele¬ 
ment  in  1941. 

What  other  natural 
sources  of  sulphur  merit 
consideration?  Besides 
occurring  naturally  in  the 
free  or  uncombined  state 
in  the  cap  rock  of  salt 
domes  and  around  extinct 
volcanoes,  sulphur  occurs 
also  in  the  earth’s  crust  as 
sulphides  and  sulphates. 

Commonest  of  the  sul¬ 
phides  is  iron  pyrites 
(FeSo),  “fool’s  gold”,  so- 
called  because  its  resem¬ 
blance  to  gold  has  tricked 
many  novices  into  dreams 
of  sudden  wealth.  Careful  FlG-  9"7-  Steam  heated  sumps  from  which 
examination  of  this  sul-  ^d  sulphur  is  pumped  to  vats. 

phide  of  iron  shows  that  it  has  a  greenish  tinge  to  its 
yellow,  that  it  is  so  brittle  it  may  be  chipped  easily,  that  when 
crushed  with  the  point  of  a  knife  blade,  the  powdered  mineral 
is  black,  whereas  gold  shows  a  brassy  yellow  and  is  soft  and 
malleable.  Hence,  even  an  amateur  prospector,  after  a  few 
minutes  examination,  should  be  able  to  recognize  this  sulphide. 

The  sulphur  of  iron  pyrites  maintains  such  a  firm  hold  on  the 
iron  that  it  is  not  economical  to  use  this  mineral  as  a  source  of 


Courtesy  Texas  Gulf  Sulphur  Co, 
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Courtesy  Texas  Gulf  Sutphut 

Fig.  9-8.  Molten  sulphur  is  spread  in  thin  layers  over  entire  vat.  In  back¬ 
ground  sulphur  is  being  broken  down  for  shipment. 

pig  iron.  Iron  pyrites  may  be  used  as  a  source  of  sulphur 
dioxide,  for  when  it  is  heated  with  a  liberal  supply  of  air, 
sulphur  dioxide  is  formed.  In  fact,  prior  to  the  discovery  of  the 
Frasch  process,  both  Canada  and  the  United  States  imported 
pyrites  from  Spain  and  used  it  as  a  source  of  the  sulphur 
dioxide  required  in  the  manufacture  of  sulphuric  acid. 

Other  sulphides  such  as  galena  (lead  sulphide),  sphalerite 
(zinc  sulphide),  and  cinnabar  (mercuric  sulphide)  may  also  be 
roasted  and  the  sulphur  driven  off  as  sulphur  dioxide: 

2PbS  +  302  2PbO  +  2SO, 

2ZnS  +  3 On  2ZnO  +  2SO, 

HgS  +  02  Hg  +  S02 

Hence,  during  the  smelting  of  ore  containing  these  minerals,  it 
is  possible  to  separate  sulphur  dioxide  lrom  the  other  smelter 
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gases  and  to  utilize  it  either  as  a  source  of  elemental  sulphur 
or  in  the  production  of  sulphuric  acid  and  other  industrial 
chemicals. 


What  processes  were  devised  to  make  possible  this  utilization 
of  smelter  gas?  Chemists  at  the  large  smelter  of  the  Consoli¬ 
dated  Mining  and  Smelting  Company,  at  Trail,  British 
Columbia  have  found  uses 
for  sulphur  dioxide.  Prior 
to  1927,  smelter  gases  con¬ 
taining  hundreds  of  tons 
of  sulphur  dioxide  were 
poured  out  on  the  country¬ 
side  each  day,  and  this  gas 
was  having  a  devastating- 
effect  on  the  vegetation  of 
the  surrounding  area.  It 
was  urgent  that  processes 
be  discovered  by  which 
this  harmful  gas  could  be 
converted  into  useful  pro¬ 
ducts.  The  large  chemical 
industry  now  established 
at  Trail  is  a  concrete  testi¬ 
monial  to  the  success  that 
assigned  to  the  task. 


Fig.  9-9.  Each  vat  covers  six  acres  and 
about  half-a-million  tons  of  sulphur. 

crowned  the  efforts  of  the  chemists 


Concentrated  sulphuric  acid  is  now  first  on  the  list  of 
chemicals  prepared  at  Trail  from  sulphur  dioxide,  but  the 
method  finally  selected  for  the  manufacture  of  this  acid  could 
not  be  used  until  the  other  problems  had  been  solved,  problems 
involving  changes  in  the  smelter.  These  changes  were  necessary 
to  increase  the  proportion  of  sulphur  dioxide  in  the  mixture  of 
smelter  gases,  for  a  minimum  of  5  per  cent  was  required. 
Engineers  designed  a  special  type  of  cylindrical  furnace  capable 
of  roasting  zinc  sulphide  concentrates  “in  suspension’’1  and  thus 
raised  the  proportion  of  sulphur  dioxide  to  8  per  cent.  The 
process  adopted  to  utilize  this  gas  in  the  production  of  concen¬ 
trated  sulphuric  acid  is  essentially  the  same  as  the  contact 


1  “In  suspension”  as  the  powder  is  suspended  in  the  gases  moving  upward 
through  the  furnace.) 
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process  (page  333).  In  the  few  years  since  the  management 
installed  this  process,  the  Consolidated  Mining  and  Smelting 
Company  has  become  one  of  the  largest  producers  of  sulphuric 
acid  on  the  North  American  continent. 

Ammonium  sulphate,  (NH4)2S04,  also  produced  at  Trail,  is 
a  fertilizer  that  is  used  extensively  as  a  source  of  ammonia  for 
soils  which  are  deficient  in  nitrates.  The  plant  at  Trail  pre¬ 
pares  it  by  passing  sulphur  dioxide  through  aqueous  ammonia 
and  mixing  the  resulting  solution  of  ammonium  bisulphite 
(NH4HSOa)  with  concentrated  sulphuric  acid.  The  final  stage 
in  this  reaction  is  indicated  in  the  equation: 

2NH4HSOs  +  H2S04  ->  (NH4)2S04  +  2S02  f  +  2H20 
When  this  ammonium  sulphate  solution  is  evaporated,  the 
ammonium  sulphate  crystallizes  in  the  form  in  which  it  is 
marketed.  Sulphur  dioxide  released  during  the  reaction  may 
be  dried  and  used  as  a  source  of  elemental  sulphur. 

The  sulphur  is  obtained  from  the  dry  sulphur  dioxide  by 
passing  the  dry  gas  through  incandescent  coke.  Sulphur  pro¬ 
duced  in  this  manner  has  a  purity  of  99.99  per  cent.  The 
reaction  is  shown  in  the  equation: 

so2  +  C  CO,  +  S 

Natural  gas  may  also  be  a  source  of  sulphur.  Because  of  the 
presence  of  a  high  percentage  of  hydrogen  sulphide  (H2S)  in 
the  natural  gas  which  flows  from  some  gas  wells,  notably  those 
in  Arkansas,  this  natural  product  is  not  a  satisfactory  fuel. 
When  it  burns,  housewives  object  to  the  odour  of  the  sulphur 
dioxide  produced  and  industrialists  find  that  this  same  sulphur 
dioxide  disturbs  the  balance  in  the  controlled  chemical  reac¬ 
tions  upon  which  their  production  processes  are  dependent. 
Hence,  for  many  years  the  gas  was  labelled  “sour”  and  left  in 
the  ground.  Recently,  the  wells  have  been  reopened  and 
measures  adopted  which  remove  all  the  hydrogen  sulphide. 
There  are  two  steps  in  the  purification  process.  First,  one-third 
of  the  gas  is  burned  with  sufficient  air,  and  the  hydrogen 
sulphide  in  the  gas  oxidized  to  sulphur  dioxide  and  water 
vapour: 

2H2S  +  302  2S02  +  2H20 

Then  these  gaseous  products  are  mixed  with  the  other  two-thirds 
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of  the  natural  gas  and  the  mixture  passed  over  a  suitable 
catalyst.  The  reaction  is  indicated  in  the  equation: 

2H2  +  S02  -»  2H,  +  3S 

The  elemental  sulphur  is  collected  and  when  sold  more  than 
pays  the  cost  of  purifying  the  natural  gas. 

Rotten  eggs  and  decaying  cabbages  are  other  interesting 
though  relatively  unimportant  natural  sources  of  hydrogen 
sulphide. 

Although  hydrogen  sulphide  is  best  known  as  the  gas  with 
the  repulsive  odour,  chemists  appreciate  it  as  a  valuable  reagent 
which  may  be  employed  in  chemical  analysis,  chiefly  to  deter¬ 
mine  which  metallic  ions  are  present  in  solutions  of  salts.  This 
use  of  hydrogen  sulphide  is  based  upon  the  fact  that  metallic 
sulphides  differ  both  in  solubility  and  colour. 


/■»  V) 
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Porous  and  other  rocks  in  volcanic  regions  were  the  chief 
source  of  sulphur  until  the  early  part  of  this  century.  No 

discussion  of  the  sources  of  sulphur  would  be  complete  without 
consideration  of  the  method 
employed  in  Sicily  where  free 
sulphur  occurs  in  the  surface 
layers  of  porous  rocks  adjacent 
to  the  craters  of  ancient  vol¬ 
canos.  Collection  of  the  sul¬ 
phur-bearing  rocks  is  a  family 
affair.  These  rocks  are  piled 
on  the  side  of  a  natural  or 
artificial  slope  and  covered 
with  the  ashes  of  the  previous 
day’s  run.  A  slow  fire  is 
started  and  maintained  by  the 
combustion  of  part  of  the 
sulphur.  Heat  from  this  fire 
melts  the  unburned  portion  of  the  sulphur  and  the  liquid  flows 
slowly  to  the  base  of  the  slope  where  it  is  collected  in  long 
wooden  troughs  or  ditches.  After  the  partially  purified  sulphur 
has  solidified,  it  is  broken  into  fairly  large  lumps  and  purified 
by  distillation. 

In  order  to  distil  the  crude  sulphur,  the  pieces  are  heated  in 
a  large  iron  pot,  and  when  the  melted  sulphur  boils  the  vapour 


Fig.  10a.  Method  employed  in  Sicily 
to  extract  sulphur  from  volcanic  rocks. 
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Fig.  9-10b.  Aerial  view  of  crater  Popocatepetl  (17,876  feet)  in  Mexico,  where 
Spaniards  under  Cortez  sought  sulphur  in  1519.  According  to  some  present- 
day  geologists  the  crater  is  still  rich  in  sulphur. 

is  led  by  a  short  pipe  into  a  compartment  built  of  brick  or 
masonry.  At  first,  the  vapour  condenses-  to  a  yellow  powdery 
solid  on  the  cool  walls  of  the  gas  chamber.  Later,  the  walls 
of  the  gas  chamber  become  so  hot  that  the  sulphur  does  not 
solidify,  but  condenses  to  liquid  which  trickles  down  the  walls 
and  collects  at  the  base.  From  time  to  time,  liquid  sulphur  is 
drawn  off  and  run  into  cylindrical  molds  from  which  it  later 
emerges  as  solid  yellow  roll  sulphur.  Prior  to  1900,  90  per  cent 
of  the  world’s  supply  of  sulphur  came  from  Sicily. 

Several  useful  metallic  sulphates  occur  naturally.  The  most 
abundant  are  gypsum  (CaSO., .  2 FLO),  anhydrite  (CaSO.,),  and 
barite  (BaSO.,).  Gypsum  is  used  in  Portland  cement  to  retard 
the  setting  process,  as  a  filler  in  paper  and  paints,  as  “chalk” 
for  blackboard  crayons,  and  in  the  manufacture  of  fireproof 
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boards  and  wall  plasters.  When  gypsum  is  heated  at  a  tem¬ 
perature  slightly  above  the  boiling  point  of  water,  plaster  ol 
Paris,  (CaS04)2 .  H20,  is  formed.  Anhydrite  is  the  name  applied 
to  completely  dehydrated  calcium  sulphate.  It  occurs  naturally 
in  many  parts  of  North  America  and  may  be  used  in  the 
manufacture  of  ammonium  sulphate,  wall-plasters,  and 
sulphuric  acid.  Barite  is  a  white  mineral  which  is  used  in  the 
manufacture  of  paint  and  in  coating  paper. 

Incidentally,  most  of  the  naturally-occurring  compounds  of 
sulphur  have  been  employed  at  one  time  or  another  in  the 
manufacture  of  sulphuric  acid  and,  today,  almost  85  per  cent 
of  the  sulphur  consumed  on  this  continent  is  used  to  produce 
this  acid,  long  considered  our  most  important  industrial 
chemical. 


Why  is  sulphuric  acid  described  as  the  most  important 
industrial  chemical?  Sulphuric  acid  has  been  described  as  the 
“pig  iron  of  chemistry”,  probably  because  it  enters  at  one  place 
or  another  into  the  production  processes  of  practically  every 
chemical  plant.  The  extent  to  which  we  are  dependent  upon 
it  and  the  proportions  of  the  annual  output  consumed  in  the 
chief  branches  of  the  chemical  industry  are  indicated  in  Table 
No.  17. 


Table  No.  17. 


Consumption  of  Sulphuric  Acid  on  this  Continent 

During  1941 


( For  reference  only ) 


Industry  or  Process 

Manufacture  of  fertilizers . 

Production  of  other  chemicals . 

The  iron  and  steel  industry . 

Petroleum  refining  . 

Synthesis  of  coal  products . . . 

Metallurgy  of  non-ferrous  metals . 

Manufacture  of  paints  and  pigments . 

Production  of  rayon  and  cellulose  film.... 

Production  of  industrial  explosives . 

Production  of  other  textiles . 

Miscellaneous  . 

Totals  . 


Per  Cent  of 

Tonnage 

Total  Output 

(approx.) 

22.6 

2,500.000 

16.3 

1,790,000 

13.2 

1,450,000 

12.7 

1,400,000 

8.4 

940,000 

7.3 

800,000 

6.4 

700,000 

3.0 

555,000 

1.7 

190,000 

1.5 

165,000 

4.9 

550,000 

■  100.0 

11,040,000 

Note:  Included  in  “Miscellaneous”  are  the  quantities  of  acid  used  in  the 
tanning  processes  and  in  storage  batteries. 
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What  are  the  general  characteristics  of  sulphuric  acid?  Pure 
sulphuric  acid  is  a  heavy,  oily,  colourless  liquid  at  temperatures 
between  its  melting  point,  10.5°  C.,  and  its  boiling  point, 
330°  C.  Below  its  melting  point  the  pure  acid  becomes  a  mass 
of  white  crystals.  Commercial  concentrated  sulphuric  acid, 
which  is  98.3  per  cent  pure,  has  a  specific  gravity  of  1.834. 
Extreme  care  must  be  exercised  when  one  handles  the  acid  in 
concentrated  form,  for  this  liquid  spilled  on  the  skin  may 
cause  a  burn,  and  on  clothing  (other  than  wool)  it  dissolves  the 
fibres,  ruining  the  fabric.  The  dilute  acid  possesses  those 
properties  common  to  all  acids — it  tastes  sour,  turns  blue  litmus 
red,  and  neutralizes  bases. 

Which  properties  make  possible  such  extensive  industrial 
use  of  this  chemical?  Concentrated  sulphuric  acid  combines 
vigorously  with  water.  This  attraction  for  water  is  so  great 
that  the  concentrated  acid  is  frequently  employed  as  a  dehydrat¬ 
ing  agent.  A  beaker  of  the  acid  exposed  to  the  atmosphere 
will  absorb  water  vapour  from  the  air  and  may  overflow  if  the 
experiment  is  continued  for  several  hours.  Because  of  this 
property,  concentrated  sulphuric  acid  is  used  to  remove 


moisture  from  various  gases, 
providing  the  gas  collected 
does  not  react  chemically  with 
the  acid.  The  same  attraction 
for  water  enables  this  acid  to 
remove  hydrogen  and  oxygen 
from  carbohydrates  such  as 
cane  sugar  (C12H22On),  starch 
(C0H10O5),  and  paper  (cellu¬ 
lose — C6Hi0Ob),  leaving  car¬ 
bon  as  a  black  residue.  During 
the  production  of  our  chief 
industrial  explosive,  nitrogly¬ 
cerin,  nitric  acid  reacts  with 


Fig.  9-10c.  Results  noted  when  con¬ 
centrated  Ha  SOi  reacts  with  cellulose 
and  sugar. 


glycerin,  and  water  is  one  of  the  products  of  the  reaction.  Since 
water  would  interfere  with  the  process,  concentrated  sulphuric 
is  employed  as  a  dehydrating  agent  to  remove  it. 

The  vigour  of  the  reaction  between  this  concentrated  acid 
and  cold  water  may  be  demonstrated  in  a  striking  manner  by 
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pouring  acid  carefully  into  a  beaker  containing  some  cold 
water.  The  temperature  of  the  mixture  rises  rapidly.  If  the 
water  were  added  to  the  acid,  the  first  few  drops  would  almost 
certainly  be  converted  into  steam  which  would  scatter  acid  over 
surrounding  objects.  For  this  reason,  dilute  solutions  of  this 
acid  are  always  prepared  by  adding  acid  to  the  water  and  never 
by  pouring  water  into  concentrated  acid. 

Sulphuric  acid  is  used  in  the  production  of  fertilizers.  As 

indicated  in  Table  No.  17,  a  large  tonnage  of  sulphuric  acid 
is  used  annually  in  the  manufacture  of  fertilizers,  those  chemi¬ 
cals  which  are  applied  to  soil  to  ensure  an  adequate  supply  of 
the  essential  elements  in  forms  which  plants  can  use.  For 
example,  calcium  phosphate  rock,  Ca3(P04)2,  contains  phos¬ 
phorus,  one  of  the  essential  elements,  but  this  compound  is 
only  slightly  soluble  in  water  and  cannot  be  absorbed  readily 
by  the  roots  of  plants.  Treated  with  fairly  concentrated 
sulphuric  acid  (60-65%)  the  rock  phosphate  is  changed  to 
calcium  acid  phosphate  which  is  quite  soluble  in  soil  moisture: 
Ca3(P04)2+H2S04+4H20  ->  CaH4(P04)2+2(CaS04,  2H20) 

The  product  of  this  reaction  is  a  dry  mixture  of  the  acid 
phosphate  and  gypsum,  but  the  gypsum  does  not  interfere  with 
the  fertilizing  power  of  the  phosphate,  so  the  mixture  is  placed 
in  sacks  and  sold  as  “superphosphate  of  lime”. 

We  learned  previously  (page  322)  that  sulphuric  acid  is  used 
in  the  production  of  another  common  fertilizer,  ammonium 
sulphate  (NH4)2S04.  It  is  used  also  when  ammonium  sulphate 
is  produced  as  a  by-product  in  the  manufacture  of  illuminating 
gas  and  coke.  In  this  latter  process,  ammonia  is  passed  through 
dilute  sulphuric  acid  and  ammonium  sulphate  precipitated: 
2NH3  -f-  H2S04  — »  (NH4)2S04. 

Other  chemicals.  Included  among  the  other  useful  chemi¬ 
cals  into  the  production  of  which  sulphuric  acid  enters  are 
nitric  acid,  hydrochloric  acid,  copper  sulphate,  the  sulphamides, 
quinine  sulphate,  sulphamic  acid,  and  sulphuryl  chloride. 
Some  of  these  have  been  used  for  many  years;  others  are  rela¬ 
tively  recent  discoveries. 

Those  common  laboratory  reagents,  nitric  and  hydrochloric 


Courtesy  National  Film  Board 


Fig.  9-1  la.  Bordeaux  Mixture  is  used  extensively  to  spray  J'riut  trees. 

acids,  may  be  produced  by  heating  either  a  nitrate  or  a  chloride 
with  concentrated  sulphuric  acid: 

NaN03  +  H2S04  NaHS04  +  HNO.  f 
NaCl  +  H2S04  NaHS04  +  HC1 1 . 

Copper  sulphate  (CuSOj .  5H20),  commonly  known  as 
“bluestone  ”,  is  used  extensively  as  a  fungicide.  It  is  used  with 
quicklime  in  the  preparation  of  Bordeaux  Mixture  which  is 
probably  the  most  important  fungicide  used  in  North  America. 
The  copper  sulphate  required  may  be  manufactured  by  blow¬ 
ing  air  through  a  hot  mixture  of  scrap  copper  and  dilute 
sulphuric  acid: 

2Cu  -f  2H2S04  +  G2  ->  2CuS04 . 51LO  +  H,0. 

Medicinal  compounds.  Of  great  interest  in  medicinal  chem¬ 
istry  are  the  sulphamicles  and  quinine  sulphate.  Members  of 
328 
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Courtesy  C.  I.  L. 

Fig.  9-1  lb.  Potatoes  also  require  spray  to  control  either  insects  or  late  blight. 


the  sulphamide  groups  are  sulphanilamide,  sulphapyridine, 
sulphathiazole  and  sulphaguanidine,  compounds  now  used 
widely  in  the  treatment  of  bacterial  infections.  The  other 
substance,  quinine  sulphate,  is  still  prescribed  in  the  vast 
majority  of  malarial  infections. 

Recent  discoveries.  Sulphamic  acid  is  used  to  render  textiles 
flame  proof  and  sulphuryl  chloride  is  employed  to  prevent 
shrinkage  of  woolen  goods. 

Sulphuric  acid  and  metallurgical  processes.  Sulphuric  acid 
is  required  in  metallurgy  of  both  ferrous  and  non-ferrous 
metals.  It  is  used  chiefly  in  the  de-scaling  of  iron  and  steel  and 
to  remove  oxide  films  from  non-ferrous  metals  prior  to  platine 
or  galvanizing  the  latter.  r  5 

Sulphuric  acid  in  petroleum  refining.  Concentrated  sul¬ 
phuric  acid  is  employed  to  remove  undesirable  compounds 
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from  various  petroleum  products.  Included  in  this  category 

are  those  impurities  which 
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Fig.  9-1  lc.  The  first  in  a  useful  series 
of  “sulpha”  drugs. 

suggest  that  it  reacts  in  a 


produce  undesirable  odours  on 
combustion  or  which  discolour 
the  distillation  products. 

It  is  not  feasible  in  this 
discussion  to  describe  in  detail 
the  manner  in  which  sulphuric 
acid  enters  into  each  of  the 
processes  mentioned  in  Table 
No.  17,  but  sufficient  has  been 
included  to  indicate  the  extent 
to  which  we  are  dependent 
upon  this  chemical  and  to 
variety  of  ways  as  the  condi- 
view  of  its 


tions  affecting  the  reactions  are  changed.  In  view  of 
importance  the  question  naturally  arises,  how  do  we  obtain 
adequate  supplies  of  this  indispensable  acid? 

Two  commercial  processes  are  employed  to  produce  the  large 
tonnage  of  sulphuric  acid  required.  The  older  method  is 
described  as  the  lead  chamber  process  and  the  newer  as  the 
contact  process.  In  Canada  and  in  the  United  States,  approxi- 

CLOVER  TOWER  GAY-LUSSAC  TOWEj^ 


RE-ENTRY 
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Fig.  9-12a.  Diagram  showing  the  preparation  of  sulphuric  acid  by  the  lead- 
chamber  process. 

mately  equal  quantities  of  acid  are  prepared  by  each  method. 
That  prepared  by  the  chamber  process  seldom  exceeds  a 
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strength  of  70  per  cent  and  it  is  not  as  free  from  impurities  as 
acid  obtained  by  catalysis,  but  it  is  much  cheaper.  Accordingly, 
when  an  impure  acid  may  be  employed  without  degrading  the 
product,  the  cheaper  acid  is  chosen. 

Both  these  methods  of  preparing  sulphuric  acid  are  depen¬ 
dent  upon  three  chemical  reactions: 

1.  Oxidation  of  sulphur  to  dioxide: 

S  +  o2  S02. 

-•  Oxidation  of  sulphur  dioxide  to  sulphur  trioxide- 

2S02  +  02  2SOs. 

Combination  of  the  highly  reactive  trioxide  with  water 

so3  +  h2o  h2so4. 


Sulphur  dioxide  used  in  these  processes  is  usually  obtained  either  by 
burning  sulphur  or  by  roasting  a  metallic  sulphide.  When  sulphides 
provide  the  sulphur  dioxide,  the  sulphuric  acid  plant  is  built  close  to  the 
smelter,  but  when  elemental  sulphur  is  used  as  the  starting  point,  the  plant 
is  located  nearer  to  the  place  where  the  acid  is  marketed.  Ordinarily  a 
row  of  furnaces  is  fired  with  sulphur  (instead  of  with  coal)  to  provide  the 
sulphur  dioxide  required  by  either  process,  but  from  this  stage  the  methods 
employed  by  the  two  processes  to  change  sulphur  dioxide  to  sulphur 
trioxide  and  to  combine  the  trioxide  with  water  are  very  different. 


Special  features  of  the  lead 
chamber  process.  In  the  lead  cham¬ 
ber  process  the  sulphuric  acid  is 
produced  in  large  tanks  which  are 
lined  with  lead.  These  lead  cham¬ 
bers,  which  give  the  process  its 
name,  may  have  a  capacity  as  great 
as  150,000  cubic  feet. 

The  chemical  reactions  in  the 
tanks  are  dependent  upon  the 
presence  of  a  mixture  of  four  essen¬ 
tial  gases  in  the  correct  proportions. 
Those  listed  as  essential  are  sulphur 
dioxide,  oxygen,  oxides  of  nitrogen, 
and  steam.  Sulphur  dioxide  is  sup¬ 
plied  directly  from  the  furnaces  and 
in  this  instance  need  not  be  cleaned 
before  it  is  used.  This  furnace  gas 
contains  unused  air,  and  when  the 
firing  is  properly  controlled  there  is 
sufficient  air  to  provide  all  the 


Fig.  9  12b.  Laboratory  equipment 
used  in  demonstrating  lead  chamber 
process. 


oxygen  required.  The  oxides  of  nitrogen  are  produced  when  a  mixture  n 
sodium  nitrate  and  sulphuric  acid  is  heated,  and  are  mixed  with  the  furnace 
gases  before  these,  together  with  steam,  are  introduced  into  the Tac 
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chambers.  If  the  composition  of  the  gases  in  the  chamber  is  regulated 
correctly,  sulphuric  acid  will  accumulate  slowly  in  the  bottom  of  the  tank. 
Periodically,  as  the  acid  reaches  a  concentration  of  between  60  and  70 
per  cent,  it  is  drawn  off  and  placed  in  the  lead-lined  containers  used  foi 
shipment. 

Why  are  oxides  of  nitrogen  used  in  the  lead  chamber  process? 

Although  the  exact  chemistry  of  this  process  is  difficult  and  not  under¬ 
stood  properly,  it  is  known  that  oxides  of  nitrogen  can  combine  with 
oxygen  and  later  surrender  this  additional  oxygen  to  the  sulphur  dioxide. 
It  is  known  also  that  at  the  end  of  the  reaction  in  the  chamber  the  oxides 
of  nitrogen  are  essentially  unchanged  and,  therefore,  may  be  regarded  as 
catalysts  for  this  important  reaction : 

2S02  +  CL  — »  2SOs. 

If  the  oxides  of  nitrogen  were  allowed  to  escape,  the  loss  involved 
would  make  the  cost  of  sulphuric  acid  production  prohibitive.  On  the 
other  hand,  to  return  all  waste  gases  such  as  the  inactive  nitrogen  to  the 
chambers  would  cause  unnecessary  dilution  of  the  reactants.  Therefore, 
two  towers  were  designed  which  solved  this  problem  effectively,  the 
Gay-Lussac  tower  to  absorb  the  oxides  of  nitrogen  from  the  mixture  of 
exhausted  gases,  and  the  Glover  tower  to  liberate  the  oxides  of  nitrogen 
and  thus  permit  their  repeated  use  in  the  acid  chambers. 

The  Gay-Lussac  absorption  tower  is  filled  with  broken  porcelain  and 
other  silicates  in  such  a  way  that  the  concentrated  sulphuric  acid  intro¬ 
duced  at  the  top  of  the  tower  is  compelled  to  follow  many  intricate  paths 
as  it  trickles  to  the  bottom.  The  mixture  of  gases  remaining  in  the  lead 
chamber  after  the  formation  of  the  acid  is  pumped  into  this  tower  near 
its  base  and  most  of  the  oxides  of  nitrogen  are  absorbed  by  the  concen¬ 
trated  acid.  Other  waste  gases  from  the  lead  chamber,  chiefly  the  unused 
atmospheric  nitrogen,  are  allowed  to  escape. 

This  concentrated  acid,  with  the  absorbed  gas,  is  then  pumped  to  the 
top  of  the  Glover  tower.  Water  is  added  and  the  oxides  of  nitrogen,  which 
are  only  slightly  soluble  in  dilute  sulphuric  acid,  are  liberated  and  returned 
to  the  lead  chamber  together  with  a  fresh  supply  of  sulphur  dioxide  and  air. 


WATER 


CATALYST  £0*1. 
OgJLBfWS  fV&WKTE 


FUMING 

hxso4 


BURNER  CHAMBER 


TOWER  TOWER' 


Fig.  9-1 3a.  Diagram  showing  how  sulphuric  acid  is  prepared  commercially  by 
the  contact  process. 
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In  what  respects  is  the  contact  process  different?  When  sulphuric  acid 
is  prepared  by  the  contact  process,  the  oxidation  of  sulphur  dioxide  to 

sulphur  trioxide  and 
the  combination  of 
sulphur  trioxide  and 
water  are  two  distinct 
processes  requiring 
separate  compartments 
(Fig.  9-13b). 

Oxidation  of  the 
sulphur  dioxide  is 
made  possible  by  the 
presence  of  a  solid 
catalyst,  either  plati¬ 
num  dust  or  vanadium 
pentoxide.  When  the 
more  expensive  platinum 
is  used,  it  is  spread  over 
the  surface  of  asbes¬ 
tos,  magnesium  sul¬ 
phate,  or  silica  gel  to 


Fig.  9-13b.  Laboratory  method  of  prepar¬ 
ing  H2  SOi  by  contact  process. 
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Fig.  9-14.  Cottrell  electrical  method  of  precipitating  dust  particles. 
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expose  more  surface.  Foreign  substances 
which  are  present  in  the  mixture  of  raw 
gases  from  the  pyrites  or  sulphur  roasters 
may  “poison”  the  catalyst.  Hence,  these 
impurities  are  removed  electrostatically  in 
a  Cottrell  precipitator  (Fig.  9-14).  This  device 
provides  a  difference  of  potential  of  several 
thousand  volts  between  a  wire  in  the  centre 
of  the  chimney  and  the  chimney  itself  which 
drives  the  colloidal  particles  of  dust,  them¬ 
selves  electrically  charged,  to  the  walls  of 
the  chimney.  Following  this  operation,  it  is 
usually  necessary  to  wash  the  gas  with 
water,  and  then  to  remove  the  water  vapour 
by  passage  of  the  gas  through  a  spray  of 
concentrated  sulphuric  acid.  The  clean 
sulphur  dioxide  is  then  mixed  with  the  cor¬ 
rect  volume  of  pure,  dry  air,  warmed  to 
approximately  400°  C.,  and  passed  down 
through  the  tower  which  contains  the 
catalyst.  The  heat  evolved  when  the  sulphur 
dioxide  is  oxidized  is  used  to  warm  the 
incoming  gases,  and  provides  all  the  heat 
required  during  the  process. 

In  the  laboratory,  absorption  of  sulphur 
trioxide  by  water  is  a  simple  operation,  but 
when  produced  on  a  commercial  scale  the 
reaction  must  be  carefully  controlled.  In 
one  of  the  earliest  attempts  water  was  used 
as  the  absorbing  liquid,  but  owing  to  the 
great  solubility  of  the  sulphur  trioxide,  drop¬ 
lets  of  sulphuric  acid  formed  the  gas  phase 
and  the  acid  fog  passed  right  through  the 
water  without  being  absorbed.  Soon  the 
choking  searing  fog  filled  the  factory  where 
the  process  was  being  tested,  driving 
workers  out  on  the  street.  Still  the  fog 
pursued  them,  pouring  out  of  windows  and  doors,  rolling  heavily  up  the 
street  and  driving  the  inhabitants  relentlessly  before  it.  The  efforts  of  the 
local  fire  department  only  increased  the  turmoil. 


Courtesy  Research  Corporation 

Fig.  9-15.  In  upper  picture,  Cot¬ 
trell  Precipitator  was  not  operat¬ 
ing.  Lower  photo  taken  five 
minutes  later  when  precipitator 
working. 


Eventually  the  problem  of  combining  sulphur  trioxide  and  water  was 
solved  quite  simply.  It  was  discovered  that  sulphur  trioxide  was  readily 
soluble  in  dilute  sulphuric  acid  and  that  as  more  gas  was  absorbed,  the 
concentration  of  the  dilute  acid  increased.  Thus,  by  using  the  contact 
process,  relatively  pure,  98  per  cent  sulphuric  acid  may  be  prepared  almost 
as  cheaply  as  the  impure,  68  per  cent  acid  obtained  from  the  lead  chamber 
process.  However,  a  large  tonnage  of  commercial  sulphuric  acid  is  still 
produced  by  this  latter  method. 

It  was  discovered  also  that  steel  drums  lined  with  lead  are  required  to 
transport  dilute  sulphuric  acid  whereas  the  concentrated  acid  may  be 
shipped  in  ordinary  steel  containers. 
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Activities 

A 

1.  Problem.  To  prepare  and  identify  sulphur  dioxide. 

Collect  a  bottle  of  oxygen,  preparing  it  by  the  usual  method  of  heating 
a  mixture  of  potassium  chlorate  and  manganese  dioxide.  In  the  bottom 
of  the  jar  of  oxygen  put  a  little  water.  Ignite  some  sulphur  on  a  deflagrat¬ 
ing  spoon,  and  insert  it  in  the  bottle  of  oxygen.  Notice  the  odour  of  the 
gas  formed.  When  the  reaction  appears  complete,  quickly  cover  the  jar 
and  shake  it  to  facilitate  solution  of  the  gas  in  the  water.  Test  the 
solution  with  litmus  paper.  Divide  the  solution  into  two  parts.  To  one 
part  add  a  few  drops  of  dilute  solution  of  iodine,  noting  any  colour  change. 
To  the.  other  add  barium  chloride  solution  and  filter  off  the  precipitate 
which  is  formed.  Discover  whether  or  not  this  precipitate  will  dissolve 
in  dilute  hydrochloric  acid. 

*2.  Problem.  To  observe  some  properties  of  sulphur. 

(a)  Melt  some  sulphur  till  it  becomes  straw  coloured,  then  set  it  aside 
to  cool.  Can  you  observe  any  definite  crystal  formation? 

(b)  Melt  some  sulphur  and  continue  to  heat  it  until  it  becomes  a  thick 
brown  liquid.  Pour  it  into  a  beaker  of  cold  water.  Can  you  observe 
any  definite  crystal  formation? 

(c)  Dissolve  some  sulphur  in  carbon  disulphide.  (Caution:  Do  not  use 
heat,  for  CS2  is  highly  inflammable).  Let  the  solution  slowly 
evaporate,  and  examine  the  crystal  structure  of  the  remaining 
sulphur. 

(d)  Use  molten  sulphur  to  cement  a  small  strip  of  metal  to  a  stone  or 
piece  of  concrete.  Determine  the  strength  of  the  cement  by  sup¬ 
porting  the  stone  and  hanging  from  the  metal  strip  a  series  of 
laboratory  weights. 

3.  Problem.  To  observe  the  effect  of  roasting  a  sulphide. 

Put  into  a  combustion  tube  a  finely  ground  sample  of  a  sulphide  of  one 
of  the  heavy  metals  (iron  pyrites,  lead  sulphide,  or  copper  sulphide).  Heat 
the  ore  strongly  while  passing  through  the  tube  either  a  current  of  air  or 
a  stream  of  oxygen  from  a  generator.  Identify  the  gas  produced  by  its 
odour  and  by  passing  it  into  a  dilute  solution  of  iodine. 

*4.  Problem.  To  observe  the  bleaching  action  of  sulphur  dioxide. 

Prepare  some  sulphur  dioxide  by  the  action  of  dilute  sulphuric  acid  on 
sodium  sulphite  or  sodium  bisulphite.  Identify  the  gas  by  its  odour  and 
by  one  of  the  tests  devised  in  Experiment  1.  Collect  a  bottle  of  the  gas 
by  upward  displacement  of  air.  Into  it  put  a  damp  piece  of  apple  peel ; 
cover  and  let  stand.  Another  bottle  of  the  gas  may  be  used  to  bleach 
coloured  paper  or  strands  of  coloured  wool.  The  objects  to  be  bleached 
should  be  dampened. 

*5.  Problem.  To  illustrate  the  properties  of  sulphuric  acid. 

(a)  Test  some  dilute  sulphuric  acid  with  litmus  paper.  To  a  dilute 
solution  of  sodium  hydroxide  add  a  few  drops  of  phenolphthalein. 
Slowly  add  dilute  sulphuric  acid.  What  evidence  of  chemical  action 
is  immediately  apparent?  Continue  to  add  the  acid  until  a  colour 
change  occurs.  What  property  of  dilute  sulphuric  acid  has  been 
illustrated? 
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(b)  Into  an  evaporating  dish  put  a  few  drops  of  concentrated  sulphuric 
acid  on  some  sugar.  What  property  of  concentrated  sulphuric  acid 
has  been  illustrated? 

(c)  In  a  test-tube,  heat  some  pieces  of  copper  with  concentrated 
sulphuric  acid.  Identify  the  gas  given  off.  What  property  of 
concentrated  sulphuric  acid  has  been  illustrated?  What  causes  the 
colour  which  you  observe  in  the  acid? 

*6.  Problem.  To  observe  some  properties  of  hydrogen  sulphide. 

Prepare  hydrogen  sulphide  by  the  action  of  a  dilute  acid  on  solid  ferrous 
sulphide.  Ignite  a  jet  of  the  gas  and  hold  a  cold  evaporating  dish  in  the 
flame.  What  characteristic  of  hydrogen  sulphide  has  been  illustrated? 
Pass  the  gas  into  solutions  of  copper  sulphate,  lead  nitrate,  cadmium 
chloride,  antimony,  nitrate,  stannous  chloride,  and  stannic  nitrate. 

7.  Problem.  To  distinguish  between  a  sulphate  and  a  sulphite. 

To  a  dilute  solution  of  sulphuric  acid  add  barium  chloride  solution. 
Filter  off  the  precipitate  and  determine  whether  or  not  it  will  dissolve  in 
dilute  hydrochloric  acid.  Comparing  this  result  with  that  obtained  in 
Experiment  1,  indicate  how  to  determine  whether  a  given  solution  contains 
a  sulphate  or  a  sulphite. 

*Note:  Activities  marked  with  asterisks  should  be  completed  by  all  students. 

B 

1.  Make  a  collection  of  minerals  containing  sulphur.  Insofar  as  you 
are  able,  label  each  with  its  name  and  formula. 

2.  List  in  parallel  columns  the  distinguishing  features  of  iron  pyrites 
(fool’s  gold)  and  gold. 

3.  Write  equations  for  the  complete  combustion  of  hydrogen  sulphide, 
ferrous  sulphide,  and  carbon  disulphide. 

4.  Starting  with  air,  water  and  sulphuric  acid,  trace  the  manufacture 
of  ammonium  sulphate.  Tabulate  the  process  in  the  form  of  a  schematic 
diagram. 

5.  Illustrate  by  a  schematic  diagram  the  by-products  obtained  through 
the  use  of  the  sulphur  dioxide  in  smelter  gases. 

6.  Write  the  equation  for  the  production  of  superphosphate  from 
phosphate  rock.  Why  is  such  treatment  of  the  naturally-occurring  phos¬ 
phate  necessary? 

7.  What  changes  occur  in  the  properties  of  crude  rubber  when  it  is 
vulcanized?  Prepare  a  report  on  the  work  of  Charles  Goodyear  in 
connection  with  vulcanization. 

8.  Students  who  live  within  reach  of  a  sulphite  paper  mill  or  a  sulphuric 
acid  plant  should  arrange  to  visit  these  plants  and  report  on  the  processes 
observed  there. 

9.  What  is  the  valence  of  sulphur  in  each  of  the  following  compounds  ? 
(a)  Sulphides;  (b)  Sulphur  dioxide;  (c)  Sulphur  trioxide;  (d)  Sulphites, 
(e)  Sulphates. 

Describe  briefly  two  methods  used  to  raise  the  valence  of  sulphur  from 
4  to  6,  and  two  methods  used  to  reduce  it  from  4  to  0. 

10.  What  is  the  modern  chemical  name  for  each  of  the  following? 
(a)  Brimstone;  (b)  blue  vitriol;  (c)  oil  of  vitriol;  (d)  liver  of  sulphur; 
(e)  sulphuretted  hydrogen. 
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C 

(Do  not  write  answers  in  the  book). 

1.  Make  as  complete  a  list  as  you  can  of  the  uses  of  elemental  sulphur. 

2.  The  two  most  important  sulphur  compounds  are  the  gas  - -  and 

the  liquid - ,  known  as  “the  pig-iron  of  chemical  industry”.  An  impor¬ 
tant  solvent  made  from  sulphur, - ,  is  increasing  in  importance  because 

of  its  use  in  the  manufacture  of  - .  Another  gaseous  compound  of 

sulphur,  - ,  is  of  considerable  importance  in  chemical  analysis. 

3.  Three  common  metals  which  are  largely  obtained  from  sulphide  ores 

are  - ,  -  and  - . 

4.  Sulphur  is  mined  in  the  southern  United  States  by  the  - - process. 

The  apparatus  is  a  set  of  concentric  pipes.  Down  two  of  the  apertures 

are  forced  -  and  - - ,  and  the  sulphur  is  brought  to  the  surface  in 

the  form  of  a  - . 

5.  Useful  naturally-occurring  sulphates  include - ,  used  in  the 

manufacture  of  plaster  of  Paris,  and  - ,  an  ingredient  of  some  white 

paints'.  _  The  formulae  of  these  two  substances  are  -  and  - — - , 

respectively. 

6.  Two  very  important  fertilizers  made  from  sulphuric  acid  are 

(1)  - ,  made  by  combining  the  acid  with  - - ,  and  (2)  - - ,  made 

by  the  action  of  sulphuric  acid  on  the  naturally-occurring  - - . 

7.  For  the  contact  process  for  the  manufacture  of  sulphuric  acid, - 

may  be  obtained  from  smelter  gases,  or  by - a  sulphide,  or  by  burning 

- - .  This  gas  is  then  compelled  to  pick  up  extra  - - by  being  passed 

over  a  catalyst,  which  may  be  -  or  - - ■.  The  acid  produced  by  this 

process  is  generally  about  - -  per  cent  pure. 

8.  The  lead  chamber  process  is  similar  to  the  contact  process  in  that 

it  combines  the  two  gases - and - -  to  form - ,  but  in  this  case 

the  catalyst  consists  of  - ,  and  -  must  also  be  present.  The 

concentration  of  the  acid  produced  does  not  generally  exceed - per  cent. 

9.  Make  as  complete  a  list  as  you  can  of  the  uses  of  sulphur  dioxide. 

D 

1.  Devise  and  carry  out  a  simple  experimental  method  by  which  a 
prospector  might  readily  distinguish  between  galena  and  sphalerite. 

2.  Set  up  laboratory  apparatus  to  manufacture  sulphuric  acid  by  the 
lead  chamber  method.  The  operation  of  this  “pilot  plant”  will  probably 
be  a  suitable  project  for  a  group  of  five  students.  The  lead  chamber  may 
be  represented  by  a  glass  flask  fitted  with  a  three-hole  stopper.  One  hole 
serves  for  the  introduction  of  a  mixture  of  sulphur  dioxide,  oxygen  and 
oxides  of  nitrogen,  one  for  the  introduction  of  steam,  and  the  third  as  an 
escape  flue.  Use  sulphur  dioxide,  and  heat  a  mixture  of  potassium  chlorate 
and  manganese  dioxide  to  prepare  a  supply  of  oxygen.  The  oxides  of 
nitrogen  may  be  obtained  by  heating  copper  nitrate  or  by  the  action  of 
concentrated  nitric  acid  on  copper. 

It  may  be  possible  to  observe  white  crystals  of  solid  sulphur  trioxide 
being  formed  in  the  glass  chamber.  Test  the  liquid  at  the  bottom  of  the 
chamber  with  litmus  paper.  Determine  whether  you  have  succeeded  in 
producing  sulphuric  acid  or  whether  your  product 'is  sulphurous  acid,  by 
applying  the  tests  for  sulphates  and  sulphites. 


CHAPTER  10 


MANY  USEFUL  SALTS  OCCUR  IN  THE 
EARTHS  CRUST 

Salts  as  a  class  are  one  of  the  chief  groups  of  raw  materials 
used  by  chemists  to  satisfy  the  needs  of  this  Industrial  Age. 
We  have  but  to  glance  at  the  names  of  a  few  prominent  mem¬ 
bers  of  the  group  to  appreciate  the  truth  of  this  statement,  for 
included  among  the  salts  we  find  sodium  chloride  (common 
salt),  calcium  carbonate  (limestone),  calcium  sulphate  (gypsum), 
sodium  nitrate  (chile  saltpetre),  potassium  nitrate  (saltpetre), 
and  magnesium  sulphate  (epsom  salts).  Incidentally,  this  short 
list  contains  the  names  of  our  two  most  important  salts, 
common  salt  and  limestone,  and  each  of  these  substances  is 
usually  described  as  one  of  the  great  raw  materials  of  industry 
(page  311).  It  is  significant  that  two  of  the  five  greatest  raw 
materials  are  salts. 

To  the  chemist,  a  salt  is  a  compound  in  which  certain 
elements  are  present  in  definite  proportions  and  linked  together 
by  valence  bonds.  He  looks  upon  each  salt  as  a  storehouse  of 


Fig.  10-la.  Salt  harvested  from  sea-water  in  San  Francisco  Bay  area  is  stored 
in  huge  piles. 
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chemicals  from  which  he  may  release  the  component  elements 
by  providing  conditions  which  favour  chemical  change.  He 
knows  also  that,  when  these  conditions  are  controlled,  salts  are 
stable  compounds  which  may  be  shipped  from  place  to  place 
as  they  are  required,  or  stored  indefinitely  without  deteriora¬ 
tion.  Without  our  chemists  and  their  knowledge  of  the  factors 
affecting  chemical  change,  we  would  be  unable  to  utilize  the 
vast  deposits  of  salts  which  have  been  discovered  in  the  strata 
of  the  earth’s  crust.  Such-  trained  scientists  are  familiar  with 
(a)  the  characteristics  of  all  four  types  of  inorganic  compounds 
(including  salts),  (b)  the  types  of  reactions  used  in  the  synthesis 
of  the  compounds  required,  (c)  the  theories  advanced  to 
explain  such  changes,  and  (d)  the  measures  which  may  be 
developed  to  control  chemical  change. 

Types  of  inorganic  compounds.  As  suggested  in  the  preced¬ 
ing  paragraph,  there  are  four  chief  types  of  inorganic  com¬ 
pounds:  oxides,  acids,  bases,  and  salts.  The  compounds 
included  in  each  of  the  first  three  groups  have  one  or  more 
common  characteristics  and  behave  in  a  more  or  less  uniform 
manner  when  they  enter  into  chemical  reactions.  Salts,  how¬ 
ever,  have  no  constituent  in  common  and  only  one  common 
property — when  dissolved  in  water,  all  are  electrolytes. 

Oxides.  Oxides  are  formed  when  an  element  combines  with 
oxygen: 

S  +  o2  -»  so2 

or 

2Ca  +  02  — >  2CaO. 

The  sulphur  dioxide  formed  when  sulphur  burns  is  described 
as  an  acidic  oxide,  because  an  acid  is  formed  when  this  oxide 
dissolves  in  water: 

S02  +  HoO  ->  H2SOs. 

On  the  other  hand,  calcium  oxide  is  described  as  a  basic  oxide, 
for  it  forms  a  base  when  dissolved  in  water: 

CaO  +  H20  Ca(OH)2. 

Similarly,  the  oxides  of  other  non-metals  are  acidic  oxides 
and  other  oxides  of  metals  are  basic  oxides. 
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Acids.  An  acid  is  a  compound  of  hydrogen  and  an  acid 
radical.  The  acid  radical  may  be  either  a  non-metal  such  as 
chlorine  or  a  non-metal  and  oxygen  (S04).  The  common 
constituent  of  all  acids  is  the  hydrogen.  In  chemical  labora¬ 
tories  and  in  industry,  the  three  acids  used  most  frequently  are 
sulphuric  (H2S04),  nitric  (NHOa),  and  hydrochloric  (HC1). 
All  three  are  strong  acids;  in  other  words,  they  possess  the 
common  characteristics  of  acids  to  a  marked  degree: 

1 .  They  are  highly  corrosive; 

2.  They  have  the  same  effect  on  indicators,  turning  litmus 
red  and  phenolphthalein  colourless; 

3.  Dilute  solutions  of  each  are  harsh  to  the  touch; 

4.  Each  will  neutralize  the  properties  of  bases; 

5.  Dilute  solutions  have  a  sour  taste. 

Bases.  A  base  is  a  compound  of  a  metal  (or  a  metallic  radical, 
NH4)  and  one  or  more  hydroxyl  groups  (OH).  The  common 
constituents  of  all  bases  are  the  oxygen  and  hydrogen  linked 
together  in  the  hydroxyl  radical.  Ammonia  (NH4OH),  lime- 
water  [Ca(OH)2],  and  lye  (a  mixture  of  caustic  soda  (NaOH) 
and  caustic  potash  (KOH))  are  the  most  commonly  used  bases. 
Ammonia  is  the  weakest  of  the  three,  and  lye  is  the  strongest. 
The  hydroxides  of  sodium  and  potassium  are  classed  as  strong 
bases  because  they  possess  several  properties  to  a  marked  degree: 

1.  They  are  highly  corrosive,  will  decompose  organic  matter, 
and  are  exceedingly  caustic  to  the  skin. 

2.  They  have  an  effect  on  indicators,  turning  red  litmus 
blue  and  colourless  phenolphthalein  a  bright  pink. 

3.  Dilute  solutions  are  unpleasantly  slimy  when  they  are 
rubbed  between  the  fingers. 

4.  They  will  neutralize  the  properties  of  acids. 

When  a  base  neutralizes  an  acid,  one  of  the  products  of  the 
reaction  is  water  and  the  other  is  a  salt.  The  salt  thus  formed 
may  be  soluble  in  water  and,  when  it  is  soluble,  it  will  not 
appear  as  a  solid  until  a  large  proportion  of  the  water  in  the 
neutral  solution  is  evaporated. 

Salts.  As  stated  previously,  the  term  “salts”  is  employed  to 
describe  a  large  group  of  compounds  which  have  no  common 
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constituent.  Hence,  salts  vary  widely  in  their  properties.  Most 
are  white  crystalline  solids  similar  in  appearance  to  common 
salt,  which  has  supplied  the  name  for  the  whole  class.  They 
are  formed  as  products  of  various  typical  chemical  reactions. 

1.  The  action  between  an  acid  and  a  base,  mentioned  in 
both  the  previous  sections  as  neutralization: 

HC1  +  NaOH  -»  H.O  +  NaCl. 

2.  The  action  between  a  metal  (K,  Na,  Ca,  Mg,  Al,  Zn,  Fe, 
Sn,  or  Pb)  and  a  dilute  acid: 

Zn  +  H2S04  ->  ZnSCh  +  H2 1 . 

3.  The  action  between  an  acid  and  a  basic  oxide: 

2HC1  +  CaO  CaCl2  +  H20. 

4.  The  action  between  an  acid  and  another  salt: 

2HC1  +  CaC03  CaCl2  +  HaO  +  C02  f  . 

5.  Action  involving  double  decomposition  between  a  salt 
and  a  base: 

Na2C03  +  Ca(OH)2  ->  CaC03  i  +  2NaOH. 

6.  Action  involving  double  decomposition  between  two  salts: 

AgNOs  +  NaCl->  AgCH  +  NaN03. 

7.  Combination  of  two  oxides: 

CaO  -f-  SiOo  CaSi03. 

Science  has  been  defined  as  the  orderly  arrangement  of 
knowledge.  The  scientists  who  are  remembered  longest, 
however,  are  not  those  who  have  been  content  to  devote  their 
lives  to  the  tabulation  of  results,  but  rather  those  who  have 
courageously  attempted  to  explain  the  phenomena  observed. 
Included  in  this  latter  group  we  find  Svante  Arrhenius,  Swedish 
chemist,  who,  while  still  a  youth,  put  forward  the  ionic  theory 
to  explain  the  behaviour  of  acids,  bases,  and  salts  in  water 
solutions. 

The  ionic  theory.  Arrhenius  suggested  that  molecules  of 
acids,  bases,  and  salts  in  water  solutions  break  up  into  positively 
and  negatively  charged  particles,  to  which  Faraday  had  previ¬ 
ously  given  the  name  “ions”.  According  to  this  theory,  all 
acids  in  water  solution  yield  hydrogen  ions  (H+)  and  all  bases 
in  water  solution  yield  hydroxyl  ions  (OH~): 

HC1— >  H+  +  Cl- 

NaOH  Na+  +  OH" 
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Thus,  the  properties  common  to  all  acids  are  simply  the 
properties  of  the  hydrogen  ion.  Strong  acids  exhibit  these 
properties  more  strongly  than  do  weak  acids,  because  a  greater 
proportion  of  their  molecules  are  ionized. 

Similarly,  the  properties  of  the  hydroxyl  ion  are  common  to 
all  bases,  and  strong  bases  owe  their  strength  to  the  large 
proportion  of  their  molecules  ionized. 

When  an  acid  neutralizes  a  base,  the  hydrogen  ions  of  the 
acid  combine  with  the  hydroxyl  ions  of  the  base  to  form  mole¬ 
cules  of  water,  a  non-ionized  substance.  Hence,  all  neutraliza¬ 
tion  reactions  may  be  represented  by  the  equation: 

H+  +  0H-^H20. 

While  the  salt  formed  as  a  result  of  a  neutralization  reaction 
remains  in  solution,  the  equation  representing  the  reaction  is 
written: 

NaOH  +  HC1  ->  Na+  +  Cl"  +  H20. 

As  indicated  in  this  equation,  the  solution  will  contain  posi¬ 
tively  charged  sodium  ions  and  negatively  charged  chlorine 
ions.  Subsequently,  as  the  water  of  the  solution  is  evaporated, 
the  negative  ions  become  associated  with  the  positive  ions  and 
the  equation  may  then  be  written: 

Na+  +  Cl-  -»  NaCl. 

Arrhenius  was  able  to  cite  many  well-established  facts  to 
support  his  theory.  It  had  been  discovered  that  when  a  strong 
acid  neutralized  a  strong  base,  a  definite  quantity  of  heat  was 
liberated,  13,740  calories  for  each  gram-molecular  weight  (mole) 
of  water  formed.  In  other  words,  when  36.5  grams  of  hydro¬ 
chloric  acid  (a  monobasic  acid)  reacts  with  40  grams  of  sodium 
hydroxide  (a  monoacidic  base),  18  grams  of  water  are  produced 
and  13,740  calories  of  heat  are  liberated.  Arrhenius  said  that 
13,740  calories,  the  heal  of  neutralization,  is  the  heat  produced 
when  one  mole  of  hydrogen  ion  combines  with  one  mole  of 
hydroxyl  ion  to  form  one  mole  of  water.  He  said  that  no  heat 
is  produced  during  the  formation  of  the  salt  because  the  salt 
remains  in  the  form  of  ions.  This  explanation  accounts  also 
for  the  27,480  calories  of  heat  produced  when  one  mole  of  a 
diabasic  acid  (H2S04)  combines  with  one  mole  of  a  diacidic 
base  [Ca(OH)2],  for  in  this  type  of  reaction,  two  moles  of 
hydrogen  ion  combine  with  two  moles  of  hydroxyl  ion. 
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Because  solutions  of  acids,  bases,  and  salts  will  conduct  an 
electric  current,  Arrhenius  referred  to  such  substances  as 
electrolytes  and  to  the  ionizing  process  as  electrolytic  dissocia¬ 
tion.  He  used  the  ionic  theory  also  to  explain  satisfactorily 
that  a  solution  of  one  of  these  substances  produces  a  greater 
osmotic  pressure  than  a  solution  of  a  non-electrolyte  of  the 
same  molecular  concentration.  It  had  been  observed  also  that 
whereas  any  dissolved  substance  will  raise  the  boiling  point  and 
lower  the  freezing  point  of  a  solvent,  electrolytes  produce  a 
more  marked  change  than  do  non-electrolytes.  The  ionic  theory 
provided  a  satisfactory  explanation  for  this  fact.  Finally,  it 
explained  the  speed  of  reactions  between  electrolytes  when 
these  are  dissolved  in  water. 

Which  factors  or  agents  affect  chemical  reactions?  As  men 
tioned  previously,  our  ability  to  start  and  control  chemical 
reactions  is  dependent  upon  an  understanding  of  the  factors 
which  influence  chemical  change.  We  have  learned  that  heat 
is  supplied,  usually  in  the  form  of  a  burning  match,  to  raise  the 
temperature  of  the  paper,  or  other  kindling  material  in  a  stove, 
to  its  ignition  temperature,  in  order  to  start  the  familiar 
oxidation  reaction  which  releases  heat  energy  from  fuel.  Heat 
must  be  used  also  to  start  the  oxidation  of  sulphur  when 
sulphur  dioxide  is  required  (page  323).  In  these  reactions,  once 
oxidation  begins,  sufficient  heat  is  liberated  by  the  chemical 
change  to  carry  the  reaction  to  completion.  In  these  cases  heat 
is  needed  only  to  start  a  reaction  which  subsequently  supplies 
its  own  heat.  In  other  instances,  heat  is  required  to  keep  the 
reaction  going.  The  manufacture  of  carbon  disulphide  from 
coke  and  sulphur  is  such  a  reaction,  for  it  absorbs  energy 
instead  of  liberating  it  (page  314). 

Light  is  utilized  by  photographers  to  induce  chemical  change 
on  photographic  films  or  plates.  In  each  exposure,  the  extent 
of  the  change  is  dependent  upon  three  factors,  the  nature  of 
the  chemicals  used  to  coat  the  him,  the  intensity  of  the  light, 
and  the  length  of  time  the  him  is  exposed  to  the  light.  Solutions 
of  other  compounds  such  as  silver  nitrate  and  formaldehyde  are 
stored  in  amber-coloured  glass  containers,  which  exclude 
light  rays. 

Some  chemical  reactions  begin  only  when  the  reacting 
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substances  are  dissolved  in  water.  For  example,  the  dry  mix¬ 
ture  of  salts  known  as  baking  powder  remains  inactive  until 
liquid  is  added.  Other  substances,  such  as  gunpowder,  do  not 
react  as  readily  when  moisture  is  present. 

A  change  in  the  concentration  of  the  reacting  substances, 
whether  they  are  in  water  solution  or  in  the  dry  state,  usually 
affects  the  speed  at  which  the  action  proceeds.  When  a  taper 
burning  slowly  in  air  is  thrust  into  a  bottle  of  oxygen,  the 
difference  in  the  reaction  is  apparent.  With  some  exceptions, 
substances  in  solution  also  react  more  vigorously  as  their 
concentration  is  increased. 

Similarly,  when  a  dry  mixture  of  coarse  granules  of  iron  and 
sulphur  is  heated,  the  ingredients  will  react  slowly,  whereas,  in 
a  mixture  of  finely  divided  particles  of  the  same  substances, 
they  will  react  vigorously. 

Percussion  or  shock  is  employed  to  detonate  nitroglycerin 
and  other  modern  explosives. 

Electric  currents  are  used  in  the  decomposition  of  many 
substances.  They  are  employed  extensively  in  the  production 
of  refined  metals  and  of  several  useful  gases  in  the  pure  state. 

Some  catalytic  agents  are  used  to  hasten  chemical  reactions, 
others  to  retard  such  reactions.  Catalysts  were  mentioned  in 
connection  with  the  preparation  of  oxygen  from  potassium 
chlorate  (page  362),  in  the  hydrogenation  of  oil  (page  302),  and 
in  the  manufacture  of  both  ammonia  (page  251)  and  sulphuric 
acid  (page  332).  Tetraethyl  lead  (page  302)  is  an  example  of  a 
negative  catalyst  used  to  retard  a  reaction. 

Scientists  through  the  ages  have  used  their  knowledge  of 
chemical  reactions  to  exploit  the  great  deposits  of  salts  that  have 
been  discovered  in  the  strata  of  the  earth’s  crust. 

How  are  natural  deposits  of  the  various  salts  explained? 

Because  the  great  beds  of  salt  which  have  accumulated  at 
various  places  on  the  earth  are  in  layers  and  are  covered  by 
layers  of  rock-forming  materials  of  various  kinds,  it  has  been 
assumed  that  they  are  sedimentary.  Supporting  this  assumption 
are  the  analyses  of  the  residue  obtained  when  sea-water  is 
evaporated.  Results  of  these  analyses  show  that  the  ions  of  the 
salts  which  occur  most  commonly  in  natural  deposits  also 
predominate  in  sea-water  (Table  No.  18). 
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Fig.  10-lb.  Salt  crystallizing  ponds  in  San  Francisco  Bay  area.  Sea-water  is 
a  limitless  source  of  salts. 


Table  No.  18. 

Percentages  of  More  Common  Ions  in  Sea  water 

Per  cent 


1. 

Ions 

Chloride 

Symbol 

.  ci- 

by  weight. 
1.9 

2 

Sodium  . 

.  Na+ 

1.0 

3. 

Sulphate 

.  so4= 

0.27 

4. 

Magnesium 

.  Mg+  + 

0.13 

5. 

Calcium  . 

.  Ca+  + 

0.04 

6. 

Potassium  . 

.  K+ 

0.04 

7. 

Carbonate  . 

.  co3= 

0.01 
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These  results  also  help  to  explain  the  presence  of  several 
different  salts  in  each  of  the  great  deposits.  Salt  deposits 
vary  in  structure,  but  halite  (NaCl),  gypsum  (CaS04 . 2H20), 
and  limestone  (CaC03)  frequently  occur  in  the  same  deposit. 
Large  deposits  of  potassium  and  magnesium  salts  are  relatively 
rare.  Apparently,  the  ions  in  sea-water  (Table  No.  18)  became 
associated  to  form  the  many  different  minerals,  but  the  reasons 
for  the  presence  of  alternate  layers  of  chemical  sediments  and 
of  mechanical  sediments  (sandstone  and  shale)  are  not  so 
apparent. 


There  are  many  supporters  of  the  bar  theory,  which  suggests 
that  such  chemical  deposits  were  formed  in  areas  where  exten¬ 
sive  bodies  of  salt  water  were  separated  from  the  ocean  by  sand¬ 
bars  or  other  bairiers.  Mechanical  sediments,  washed  into 
these  depressions  during  the  periods  of  heavy  rainfall,  could 

have  provided  the  layers  of 
sand,  silt  and  clay  which 
subsequently  became  sand¬ 
stone  and  shale.  When  these 
mechanical  sediments  cov¬ 
ered  the  layers  of  salt,  they 
prevented  the  re-entry  of 
the  latter  into  solution. 


Courtesy  C.I.L. 

Fig.  1 0-1  c  Horses  and  most  other 
animals  must  have  ready  access  to  salt 
if  they  are  to  remain  healthy. 


Although  sea-water  was 
the  source  of  all  the  huge 
deposits  of  salt  mentioned 
in  the  preceding  para¬ 
graphs,  some  of  our  lakes 
yield  important  though  re¬ 
latively  small  quantities  of 
those  other  salts  not  ordin¬ 
arily  recovered  from  the 
larger  deposits.  Lakes  in 
different  parts  of  the  world, 
including  some  in  Western 
Canada,  supply  sodium  sul¬ 
phate  (Glauber’s  salt),  sodi¬ 
um  carbonate,  and  magne¬ 
sium  sulphate. 
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Courtesy  C.  I.  L. 

Fig.  10-2.  Lakes  in  Western  Canada  are  sources  of  several  valuable  salts. 


Another  type  of  salt  deposit  was  discovered  on  the  west  coast 
of  South  America.  It  consisted  of  a  bed  of  salt,  chiefly  sodium 
nitrate,  two  hundred  miles  in  length,  five  miles  wide  and  five 
feet  deep  (Fig.  7- 12a).  Several  conflicting  theories  were  ad¬ 
vanced  to  account  for  the  existence  of  this  salt  bed,  the  only 
deposit  of  its  kind  in  the  world.  The  most  popular  theory 
suggests  that  the  sodium  nitrate  was  formed  as  a  product  of 
the  decomposition  of  a  large  deposit  of  guano.  Supporters  of 
this  theory  draw  attention  to  the  huge  deposits  of  guano  which 
were  found  on  the  Chincha  Islands,  off  the  coast  of  Peru,  as 
proof  that  such  accumulations  are  possible.  Many  thousands 
of  birds,  including  penguins,  range  the  fertile  waters  of  the 
Humboldt  current  and  use  these  islands  as  a  home.  During 
the  years,  their  waste  products  accumulated  to  a  depth  of  120 
feet.  Fertilizer  valued  at  more  than  one  billion  dollars  was 
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sold  from  these  islands  before  the  supply  was  exhausted.  The 
deposits  of  nitrate  on  the  mainland  of  Chile  and  Peru  are 
believed  to  have  been  formed  from  a  larger  and  much  older 
deposit  of  guano.  Only  in  such  a  practically  rainless  region 
could  their  great  mass  of  soluble  salt  have  accumulated 
naturally. 

Valued  for  many  years  as  the  principal  source  of  a  nitrate 
which  could  be  used  both  as  a  fertilizer  and  in  the  manufacture 
of  munitions,  this  deposit  lost  its  place  among  the  vitally 
important  raw  materials  when  the  Haber  process  (page  251)  was 
developed.  However,  until  it  is  exhausted,  this  unusual  deposit 
will  continue  to  supply  much  of  the  sodium  nitrate  required 
on  this  continent. 

How  extensively  is  sodium  chloride  used?  Sodium  chloride, 
known  also  as  halite,  rock  salt,  or  common  salt,  is  used  more 
extensively  than  any  other  salt.  More  than  30,000,000  metric 
tons  of  rock  salt  are  mined  annually  in  various  parts  of  the 
world.  This  mineral  predominates  in  most  of  the  great  natural 
salt  deposits,  where,  as  one  might  expect,  it  is  usually  mixed 
with  small  quantities  of  calcium  sulphate,  calcium  chloride, 
and  magnesium  chloride,  and  occasionally  with  sodium 
sulphate,  magnesium  bromide  and  iodide,  and  magnesium 
sulphate. 

About  fifteen  per  cent  of  the  sodium  chloride  produced  is 
used  as  common  salt  without  undergoing  any  sort  of  chemical 
transformation;  the  remainder  is  used  as  a  source  of  either 
sodium  ions  or  chloride  ions. 

Among  the  most  useful  products  of  sodium  chloride  ions  are: 

1. ‘  Sodium  hydroxide  (NaOH)  or  caustic  soda,  mentioned 
previously  (page  340)  as  a  strong  base  and  a  component  in  that 
common  household  cleanser,  lye.  It  is  used  extensively  in 
industry. 

2.  Sodium  carbonate,  knov^n  in  industry  as  soda  ash 
(Na2C03),  and  in  the  home  as  the  crystalline  salt,  washing  soda 
(Na2COs .  10H2O). 

3.  Sodium  bicarbonate  (NaHC03),  or  baking  soda,  an 
essential  component  of  baking  powders. 


USEFUL  SALTS 


349 


4.  Chlorine  gas  (Cl2),  a  poisonous  gas  which  can  be  used  in 
numerous  ways. 

5.  Hydrochloric  or  muriatic  acid,  which  is  a  solution  of 
hydrogen  chloride  (HC1)  in  water.  It  is  a  common  laboratory 
reagent  and  an  important  industrial  chemical. 

6.  Bleaching  powder  or  chloride  of  lime  (CaOCL),  known 
chiefly  as  a  bleaching  compound  and  as  a  disinfectant. 

What  industrial  uses  have  been  discovered  for  sodium 
hydroxide?  Sodium  hydroxide  finds  its  largest  single  use  in 
the  manufacture  of  rayon  and  other  cellulose  products.  On 
this  continent  alone,  nearly  200,000  tons  are  required  annually 

for  this  purpose.  Another 
100,000  tons  are  used 
each  year  in  the  manu¬ 
facture  of  soap;  a  similar 
tonnage  is  used  to  refine 
petroleum;  the  pulp  and 
paper  industry  and  the 
textile  industry  each  take 
50,000  tons;  20,000  tons 
are  used  to  reclaim  rub¬ 
ber,  and  the  same  quan¬ 
tity  to  refine  vegetable 
oils.  Approximately 
4,000,000  tons  of  sodium 
hydroxide  are  required 
annually  throughout  the 
world. 

How  is  an  adequate 
supply  of  sodium  hydrox¬ 
ide  obtained?  Since  early 
in  this  century,  the  large 
hydroelectric  installations 
in  both  Canada  and  the 
United  States  have  pro¬ 
vided  cheap  electric 
power,  and  part  of  this  is 
used  in  the  manufacture 


Fig.  10-3.  Simplified  diagram  of  Town¬ 
send  cell. 

Key  :  A — positive  anode,  B — negative  ca¬ 
thode,  C — chlorine  outlet,  D — hydrogen 
outlet,  E — salt  solution,  F — sodium  hy¬ 
droxide,  G — porous  diaphragm. 
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of  heavy  chemicals.  One  of  the  first  to  foresee  the  possibilities 
of  this  new  branch  of  industry  was  Leon  Hooker,  founder  and 
president  of  the  Hooker  Electrochemical  Company.  He  and 
his  associates  acquired  the  rights  to  the  Townsend  cell  (Fig. 
10-3),  and  early  in  1906  built  a  plant  near  the  inexhaustible  salt 
deposits  of  southern  Ontario  and  close  to  the  enormous  water¬ 
power  development  at  Niagara  Falls.  The  two  main  products 
of  the  Townsend  cell  are  sodium  hydroxide  and  chlorine. 

In  this  cell,  a  direct  current  passes  from  a  graphite  anode  through  a 
concentrated  solution  of  sodium  chloride  and  a  diaphram  composed  chiefly 
of  asbestos,  to  an  iron  cathode.  Chloride  ions,  negatively  charged,  are 
attracted  to  the  anode  where  they  give  up  electrons  and  combine  to  form 
chlorine  gas.  This  gas  rises  to  the  surface  and  is  conducted  away  through 
stone  pipes.  Sodium  ions,  positively  charged,  are  attracted  to  the  cathode 
where  they  receive  electrons.  Because  sodium  ions  are  active  chemically, 
they  are  able  to  remain  in  the  solution  and  force  the  hydrogen  ions 
produced  by  the  slight  ionization  of  the  water  to  discharge  at  the  cathode. 
The  solution  is  thus  left  with  an  excess  of  sodium  ions  and  hydroxide 
solution  is  separated  from  the  brine  solution  by  the  diaphragm,  and  after 
it  has  reached  a  predetermined  concentration,  the  caustic  solution  is 
drained  off  and  evaporated  in  vacuum  pans  to  eliminate  part  of^the  water. 
Large  quantities  of  sodium  hydroxide  solution  containing  50  to  70  per  cent 
of  the  base  are  shipped  in  tank  cars.  The  remainder  is  transferred  to  cast 
iron  pots  and  the  water  evaporated,  leaving  pure  molten  sodium  hydroxide. 
Part  of  this  molten  material  is  passed  through  a  flaking  machine  and  the 
remainder  is  poured  into  steel  drums  where  it  solidifies.  Before  sodium 
hydroxide  in  this  latter  form  can  be  used,  the  drum  must  be  pried  off 
with  a  crowbar  and  the  caustic  material  re-dissolved. 

Great  care  must  be  exercised  by  those  who  handle  this 
corrosive  chemical  for,  if  it  comes  in  contact  with  any  part  of 
the  skin,  a  severe  burn  may  result.  Such  burns  heal  very  slowly. 
In  the  event  of  an  accident,  the  part  affected  should  be  rinsed, 
first  with  a  2  per  cent  solution  of  zinc  sulphate,  then  with  water. 
Ordinary  first  aid  treatment  for  burns  should  follow.  The  zinc 
sulphate  mentioned  is  a  salt  of  a  strong  acid  and  a  weak  base 
and  acts  as  a  mild  acid. 

Modern  plants  all  use  the  electrolytic  method  to  prepare 
sodium  hydroxide,  but  an  older  method  is  still  employed  in 
several  soap  works  and  in  some  paper  mills.  In  this  older 
process,  sodium  carbonate  is  heated  with  calcium  hydroxide, 
insoluble  calcium  carbonate  precipitated,  and  caustic  soda 
recovered  from  solution: 

Na2C08  +  Ca(OH)2  2NaOH  +  CaC03. 
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Sodium  carbonate  is  a  very  useful  salt.  Approximately 
3,500,000  tons  are  produced  annually. 

How  are  such  large  quantities  of  sodium  carbonate  employed 
in  industry?  Each  year  about  900,000  tons  of  sodium  carbonate 
are  used  in  the  production  of  soap  and  other  cleansers, 
600,000  tons  in  the  textile  and  paper  industries,  and  another 
900,000  tons  in  the  purification  of  oils  and  in  the  production  of 
various  chemicals  such  as  dyes,  medicines,  explosives,  and  water 
softeners.  Recently,  sodium  carbonate  has  been  employed  to 
absorb  bromine  displaced  from  sea  water  by  chlorine. 
Wherever  a  mild  alkali  is  required,  sodium  carbonate  is  used. 
It  is  evident  that  this  salt  is  involved  in  some  aspect  of  almost 
every  trade  and  industry. 

How  is  sodium  carbonate  obtained?  Deposits  of  sodium 
carbonate  in  the  form  of  “natron”  (Na2C03 . 10H20)  and  also 
as  brine  occurs  in  a  number  of  small  lakes  in  the  central  part 
of  British  Columbia.  Another  naturally-occurring  substance 
known  by  its  Egyptian  name,  “trona”  (Na2C03.NaHC03.2H20) 
is  also  a  source  of  soda  ash.  Trona  occurs  on  the  shores  of 
lakes  in  arid  regions,  the  largest  deposits  being  at  Searles  Lake 
in  California  and  Lake  Magadi  in  British  East  Africa.  How¬ 
ever,  by  far  the  greater  part  of  the  sodium  carbonate  required 
•  today  is  prepared  from  common  salt.  Both  the  Solvay  process 
and  the  electrolytic  method  are  used.  The  Le  Blanc  process, 
an  older  method,  held  sway  for  more  than  half  a  century  prior 
to  the  development  of  the  Solvay  process  in  1860,  but  was 
gradually  replaced  by  the  newer  method. 

The  Solvay  process.  The  raw  materials  employed  in  the 
Solvay  process  are  common  salt,  ammonia,  carbon  dioxide,  and 
water.  Hence,  when  the  process  was  developed,  it  was  linked 
with  a  plant  which  provided  for  the  destructive  distillation  of 
coal  (page  288).  More  recently,  ammonia  required  in  the 
process  has  been  synthesized  from  its  elements  (page  353)  and 
the  carbon  dioxide  is  prepared  by  roasting  limestone  in  a  kiln: 

CaC03  -»  CaO  -f-  C02 1  • 

The  carbon  dioxide  is  passed  upward  through  a  tower  counter- 
current  to  a  solution  of  sodium  chloride  saturated  with 
ammonia.  In  this  tower,  the  less  soluble  sodium  bicarbonate 
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Fig.  10-4.  This  “Alkali  Tree”  shows  that  many  industries  are  dependent  upon 
the  products  ol  the  Solvay  Process. 
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is  precipitated  while  the  ammonium  chloride  remains  in 
solution.  Equations  representing  the  reactions  are: 

NH,  +  C02  +  H20  NH4HC03 
NH4HC03  +  NaCl ->  NaHCOU  +  NH4C1. 

The  sodium  bicarbonate  is  removed  by  filtration  and  heat  is 
applied  to  change  the  bicarbonate  to  sodium  carbonate: 
2NaHCOs  ->  Na2C03  +  H.O  +  C02. 

The  carbon  dioxide  liberated  in  this  reaction  is  returned  to  the 
tower. 

Limewater  obtained  by  slaking  the  residue  from  the  lime 
kiln  is  mixed  with  brine  from  the  tower.  The  limewater 
reacts  with  the  ammonium  chloride,  liberating  ammonia: 

2NH4C1  +  Ca(OH)2  ->  CaCl2  +  2HaO  +  2NHS  t . 

This  ammonia  is  used  over  and  over  again  with  very  little  loss 
Part  of  the  calcium  chloride  is  used  on  the  roads  in  the  vicinity 
of  Solvay  plants  to  lay  the  dust,  and  some  calcium  chloride 
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brine  is  used  in  refrigeration  systems.  As  yet,  markets  have  not 
been  found  for  all  the  calcium  chloride  produced  in  this 
process. 

From  1884,  when  the  Solvay  process  was  introduced  to  this 
continent,  it  gained  in  favour  steadily  until  it  had  almost 
completely  replaced  the  Le  Blanc  process.  In  recent  years, 
however,  the  popularity  of  the  Solvay  process  has  declined 
somewhat  in  favour  of  the  electrolytic  method. 

The  electrolytic  method  for  the  production  of  sodium 
carbonate.  When  the  electrolytic  method  is  employed  to 
produce  sodium  carbonate,  the  first  part  of  the  process  is  the 
same  as  that  used  in  the  production  of  sodium  hydroxide 
solution  (page  349).  Then  the  chemist  bubbles  carbon  dioxide 
through  the  sodium  hydroxide  and  evaporates  the  resulting 
solution: 

2NaOH  +  CO,  ->  Na2C03  +  HaO  t . 

When  sodium  bicarbonate  is  the  product  desired,  the  Solvay 
process  is  employed,  but  the  final  stage  which  changes  the 
sodium  bicarbonate  to  sodium  carbonate  is  omitted. 

Why  is  sodium  bicarbonate  used  in  the  manufacture  of 
baking  powder?  Baking  powder  is  a  substance  which  produces 
carbon  dioxide  when  water  is  added  to  it.  The  carbon  dioxide 
released  spreads  through  the  dough  or  batter  during  the  baking 
process,  leaving  a  network  of  tiny  holes  in  the  product  and 
making  it  light,  fluffy  and  palatable.  The  constituent  of  baking 
powder  which  supplies  the  carbon  dioxide  is  always  sodium 
bicarbonate,  but  another  ingredient  which  gives  an  acid 
reaction  with  water  must  also  be  present.  Acid  substances  used 
for  this  purpose  are  potassium  acid  tartrate  (KHC4H406)  which 
is  commonly  called  cream  of  tartar,  sodium  acid  phosphate 
(NaH2P04),  calcium  acid  phosphate  [Ca(H2P04)2],  and 
anhydrous  sodium  aluminium  sulphate  [Na2Al2(S04)4]. 

In  the  better  baking  powders,  a  combination  of  acid-forming 
ingredients  is  used,  for  example,  calcium  acid  phosphate,  which 
produces  a  steady  effervescence  of  carbon  dioxide  in  the 
presence  of  moist  sodium  bicarbonate  at  a  low  temperature, 
may  be  combined  with  anhydrous  aluminium  sulphate,  which 
works  only  at  a  higher  temperature.  However,  with  any  of  the 
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salts  mentioned,  water  produces  hydrogen  ions  which  react 
with  sodium  bicarbonate  to  release  carbon  dioxide: 

H+  +  HC03-  H20  +  C02 1 . 

Whenever  baking  powder  is  used,  the  salt  formed  in  the 
reaction  which  produces  the  carbon  dioxide  is  left  in  the  cake 
01  biscuits,  but  there  is  no  record  of  these  ingredients  causin°" 
injury  to  anyone.  0 

Starch  is  usually  added  to  stabilize  the  dry  baking  powder. 
It  prevents  the  slow  settling  of  heavy  ingredients  and  also 

absorbs  any  traces  of  atmospheric 
moisture  which  otherwise  would  cause 
deterioration  of  the  product. 

Other  uses  for  sodium  bicarbonate. 

Sodium  bicarbonate  may  be  used  with 
sour  milk  to  get  the  same  effect  as 
that  obtained  when  baking  powder  is 
used,  for  lactic  acid  in  the  sour  milk 
reacts  with  baking  soda. 

Some  chemical  fire  extinguishers 
generate  carbon  dioxide  by  the  inter¬ 
action  of  sodium  bicarbonate  and 
sulphuric  acid; 

2NaHC03  +  H2S04-» 

Na2S04  +  2H20  +  2C02. 
Sodium  bicarbonate  is  required  also 
in  the  preparation  of  effervescent  salts. 

How  are  the  properties  of  chlorine 
utilized?  Chlorine  is  gaseous  at 
ordinary  temperatures  and  pressures; 
it  is  greenish  yellow  and  has  a  suffocat¬ 
ing  odour.  Chlorine  gas  is  two  and 
one-half  times  as  heavy  as  air,  and  4.61 
volumes  will  dissolve  in  a  single 
volume  of  water.  Each  molecule °of 
the  gas  is  composed  of  two  atoms. 

More  chlorine  is  used  to  bleach  textiles  and  pulp  than  for 
any  other  purpose.  Before  the  gas  is  shipped,  it  may  be  com¬ 
pressed  into  tank  cars  and  thus  liquefied,  or  it  may  be  passed 
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Fig.  10-6.  Soda-acid  fire  ex¬ 
tinguisher.  Key:  A — lj4-lb., 
sodium  bicarbonate  dissolved 
in  2 y2  gal.  water,  B — 4  fluid 
oz.  sulphuric  acid,  C — loose 
stopper,  D — hose  and  nozzle. 
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over  quicklime  to  make  chloride  of  lime.  This  bleaching 
powder  is  a  calcium  salt  of  hypochlorous  acid  (HCIO)  and 
hydrochloric  acid  (HC1),  and  the  formula  generally  assigned 
to  it  is  Cl  —  Ca  —  O  Cl.  With  dilute  acids,  this  substance  yields 
hypochlorous  acid,  an  unstable  compound  which  decomposes 
to  give  hydrochloric  acid  and  oxygen: 

2C1  -  Ca  -  O  Cl  +  H2S04  ->  CaCL  +  CaSO,  +  2HOC1 
2HOC1  2HC1  -f-  02. 

Hypochlorous  acid  is  formed  also  when  chlorine  is  dissolved 
in  water: 

Cl2  +  H20  ->  HC1  +  HOC1. 

Hence,  moist  chlorine  may  be  used  directly  as  a  bleaching 
agent.  This  use  of  chlorine  was  first  discovered  in  1785.  Prior 
to  that  time,  bleaching  of  cloth  required  from  a  few  weeks  to 
six  months,  depending  on  the  vagaries  of  the  weather. 

Chlorine  is  used  to  bleach  cotton,  linen,  and  wood  pulp.  It 
is  not  used  on  silk  or  on  wool,  for  hypochlorous  acid  destroys 
these  animal  fibres.  Even  when  it  is  used  to  bleach  vegetable 
fibres,  great  care  must  be  exercised.  The  cotton  cloth  to  be 
bleached  is  passed  over  rollers  and  alternately  into  vats  contain- 
a  water  solution  of  chloride  of  lime  and  those  containing  very 
dilute  sulphuric  acid.  The  hypochlorous  acid  is  generated  in 
the  pores  of  the  cloth  where  it  will  be  most  useful.  Subse¬ 
quently,  the  cloth  is  passed  through  a  solution  of  sodium 
sulphate  to  ensure  removal  of  the  last  traces  of  hypochlorous 
acid: 

Na2S03  +  HOC1  ->  Na2S04  +  HC1. 

At  least  fifty  per  cent  of  the  chlorine  produced  in  America 
is  used  to  bleach  cellulose  obtained  from  wood  pulp. 
Ordinarily,  shredded  cellulose  has  a  yellowish  colour  because  of 
impurities,  and  immersion  in  a  bleaching  solution  is  necessary 
to  whiten  the  product.  Either  free  chlorine  or  chloride  of 
lime  may  be  used  in  this  solution. 

Another  sixteen  per  cent  of  the  chlorine  produced  is  used 
for  purposes  of  sanitation,  chief  of  which  is  the  chlorination 
of  drinking  water.  The  hypochlorous  acid,  formed  when 
chlorine  is  added  to  water,  decomposes  releasing  active  oxygen, 
and  this  oxygen  kills  all  germs  present.  In  city  water  supply 
systems,  the  quantity  of  gas  needed  to  react  with  the  organic 
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matter  present,  and  yet  leave  no  excess,  is  carefully  calculated 
and  added  to  the  water  by  an  accurate  automatic  device.  The 
chlorine  concentration  employed  varies  between  0.3  and  2 
paits  pei  million,  or  about  three  pounds  of  chlorine  per  million 
gallons  of  water.  An  interesting  additional  benefit  claimed  by 
advocates  of  the  chlorination  of  water  is  a  great  reduction  in 
.  nt  of  iustina  in  the  pipes  and  boilers  compared  with 
that  which  occurs  when  untreated  water  is  used. 

Chlorine  is  a  very  active  element.  Chlorine  combines 
dnectly  with  most  metals.  When  powdered  antimony  is 
spiinkled  into  a  bottle  of  chlorine,  it  ignites  spontaneously: 

2Sb  +  3C12  2SbCl3. 

A  jet  of  hydrogen  will  continue  to  burn  when  thrust  into  a 
jar  of  chlorine,  forming  highly  soluble  gaseous  hydrogen 
chloride: 

H2  +  Cl2  — ^  2HC1  -j-  44,000  calories. 

Similarly,  a  jet  of  coal  gas  will  burn  in  chlorine. 

Chlorine  reacts  with  many  hydrocarbons.  A  piece  of  filter 
paper  soaked  in  turpentine  (C10H]6)  and  thrust  into  a  jar  of 
the  gas  will  burst  into  flame  and  form  dense  clouds  of  soot 
(elementary  carbon): 

C10Hl6  -j-  8C12  — »  1 0  C  4  1 0  HC1. 

Chlorine  will  react  with  methane  (CH4)  in  the  presence  of 
strong  sunlight,  and  if  the  supply  of  chlorine  is  maintained  the 
action  is  progressive: 

CH4  -j-  Cl2  — >  CH3C1  -f-  HC1 
CH:;C1  +  Cl2  ->  CH2C12  -»  HC1 
CH2C12  +  Cl2  CHC13  4-  HC1 

(chloroform) 

CHCl'a  +  Cl2  C  Cl4  +  HC1 

(carbon  tetrachloride) 

As  indicated  in  the  equations,  this  method  may  be  used  to  pre- 
pai  e  the  anaesthetic,  chloroform.  Carbon  tetrachloride,  which 
is  used  in  fire  extinguishers  and  in  cleaning  solvents/  is  also 
piepared  by  this  method,  which  is  an  alternative  to  that 
described  on  page  231. 

Although  elementary  chlorine  is  no  longer  used  as  a  weapon 
of  offence  in  modern  warfare,  the  element  is  used  in  the 


358 


SCIENCE  AND  PROGRESS 


synthesis  of  several  other  poisonous  gases  and  liquids.  Phosgene 
or  carbonyl  chloride,  a  deadly  substance,  may  be  represented  by 
the  formula  COCl2.  If  a  fire  extinguisher  containing  carbon 
tetrachloride  is  used  on  a  burning  automobile  engine,  phosgene 
may  be  generated  in  lethal  quantities.  Phosgene  is  also  used 
extensively  as  an  intermediate  in  the  manufacture  of  dyes, 
medicines,  perfumes,  and  flavouring  extracts.  Chloropicrin 
or  nitrochloroform  (CC13N02),  is  used  as  a  tear  and  vomiting 
gas — one  of  the  so-called  lachrymators.  Diphenylchloroarsine 
[(C6H5)2AsC1]  is  a  sneezing  gas.  During  World  War  I  this 
compound  was  used  with  diabolical  ingenuity  to  make  soldiers 
remove  their  gas  masks.  Mustard  gas,  a  burning,  blistering 
compound,  has  the  formula  (C1C2H4)2S,  and  the  scientific  name 
dichloridethylsulphide.  Instructions  for  combating  many 
poison  gases  containing  chlorine  are  issued  by  the  civilian 
defence  authorities  of  various  countries. 

Chlorine  is  used  also  in  the  production  of  sodium  hypo¬ 
chlorite  (NaOCl),  a  compound  valued  both  as  a  bleaching 
agent  and  as  an  antiseptic.  Sodium  hypochlorite  may  be  manu¬ 
factured  by  passing  liquid  chlorine  into  a  dilute  solution  of 
caustic  soda,  while  keeping  the  temperature  below  20°  C.: 

Cl2  +  NaOH  NaOCl  +  NaCl  +  H20. 

This  substance  is  formed  also  when  the  products  of  a  Townsend 
cell  (Fig.  10-3)  are  allowed  to  mix. 

A  one-half  per  cent  solution  of  sodium  hypochlorite  in  water, 
the  Carrol-Dakin  solution,  is  used  as  an  antiseptic  in  the 
treatment  of  deep  wounds  such  as  those  received  on  the  battle¬ 
field.  A  stream  of  the  solution  is  permitted  to  flood  the  wound 
and  by  its  oxidizing  action  to  sterilize  the  injured  tissues. 

Solutions  containing  from  2  to  &  per  cent  of  sodium  hypo¬ 
chlorite  are  used  in  commercial  laundries  for  bleaching  and 
purifying  purposes,  and  in  the  home  under  various  trade  names 
such  as  Javelle  water,  Bleacho,  Dinamite,  and  Snow  White. 

How  is  sodium  chloride  used  in  the  preparation  of  hydro¬ 
chloric  acid?  Hydrochloric  acid  is  prepared  in  either  of  two 
processes,  each  of  which  uses  sodium  chloride  as  the  essential 
raw  material.  In  one  process,  the  salt  is  decomposed  by  concen¬ 
trated  sulphuric  acid  and  the  resulting  gas  (HC1)  dissolved  in 
water.  In  the  other  process,  brine  is  decomposed  by  an  electric 
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current  and  the  two  gases,  hydrogen  and  chlorine,  combined 
in  the  presence  of  a  catalyst  and  then  dissolved  in  water. 

There  are  several  reasons  for  the  use  of  sulphuric  acid  in  the 
preparation  of  hydrogen  chloride: 

1.  Since  it  has  a  high  boiling  point,  it  does  not  distil  over 
and  mix  with  the  product. 

2.  It  does  not  decompose  at  the  temperature  of  the  reaction. 

3.  It  is  both  plentiful  and  cheap. 

The  reaction  between  sulphuric  acid  and  common  salt  is  an 
example  of  double  decomposition.  Hydrogen  in  the  acid  and 
sodium  in  the  salt  change  partners.  The  reaction  occurs  in 
two  stages.  In  the  first  stage,  sulphuric  acid  reacts  with  sodium 
chloride  without  the  application  of  external  heat,  and  one  of 
the  two  hydrogen  atoms  in  each  molecule  of  sulphuric  acid  is 
replaced  by  an  atom  of  sodium: 

H2S04  +  NaCl  ->  NaHSCh  +  HC1  f . 

In  the  second  stage,  which  requires  a  temperature  of  approxi¬ 
mately  400°  C.,  the  remaining  hydrogen  atom  is  replaced  by 
sodium: 

NaHSCh  +  NaCl  Na2S04  +  HC1 1 . 

Hence  when  heat  is  applied  and  additional  salt  is  used,  the 
yield  of  hydrogen  chloride  is  increased. 

Synthesis  of  hydrogen  chloride.  Occasionally,  hydrogen  and 
chlorine  are  produced  in  such  large  quantities  by  the  elec¬ 
trolysis  of  sodium  chloride  that  the  market  is  unable  to  absorb 
the  supply  of  these  two  gases.  When  this  happens,  they  are 
combined  in  the  presence  of  a  catalyst  and  dissolved  in  water 
to  produce  hydrochloric  acid  of  exceptional  purity: 

H2  -j-  CL  2HC1. 

Such  a  pure  sample  of  hydrochloric  acid  is  colourless,  whereas 
the  ordinary  “technical”  acid  is  greenish-yellow,  an  indication 
that  ferric  chloride  is  present. 

What  are  the  industrial  uses  of  hydrochloric  acid?  Although 
hydrochloric  acid  may  not  be  valued  highly  as  an  oxidizing 
agent,  a  reducing  agent,  or  a  dehydrating  agent,  and  has  no” 
a  high  boiling  point,  it  is  very  useful  in  those  industrial  pro¬ 
cesses  which  require  a  mineral  acid  that  will  react  with  metals 
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and  metallic  oxides,  and  that  will  neutralize  hydroxyl  ions  or 
supply  hydrogen  ions  for  any  other  purpose. 

Large  quantities  of  this  acid  are  used  to  pickle  metals,  that  is, 
to  clean  and  prepare  their  surfaces  for  a  coating  of  another 
metal.  Such  metallic  surfaces  may  be  plated  by  dipping  the 
clean  metal  into  a  bath  of  the  plating  element,  or  the  plating- 
may  be  accomplished  electro-chemical ly.  When  a  plumber  or 
a  tinsmith  uses  hydrochloric  acid  to  prepare  the  surface  of  a 
metal  for  soldering,  he  speaks  of  the  acid  as  a  “flux”  because 
without  such  a  substance  the  solder  will  not  “flow”  or  spread 
over  the  surface  and  make  a  satisfactory  joint. 

Hydrochloric  acid  is  used  in  the  manufacture  of  glucose  from 
starch.  The  starch  required  is  usually  prepared  from  potatoes 
by  a  process  which  is  entirely  mechanical,  involving  only 
grinding  and  washing.  The  resulting  suspension  of  impure 
starch  is  purified  by  sedimentation  and  then  heated  in  a 
solution  containing  one-tenth  of  one  per  cent  of  hydrochloric 
acid.  This  dilute  acid  acts  as  a  catalyst  for  the  hydrolysis  of 
starch  to  glucose: 

C(,HioOc  -f  H.O  C6H12O0  (glucose). 

When  the  reaction  is  complete,  the  acid  is  carefully  neutralized 
by  the  addition  of  soda  and  the  solution  evaporated  to  the  thick 
syrup  known  as  glucose.  This  substance  is  widely  used  in  the 
manufacture  of  candy.  It  is  cheaper  than  cane  sugar  and  a 
better  grade  of  candy  is  produced  when  it  is  used.  Corn  syrup 
is  prepared  from  corn  starch  in  the  same  manner. 

Hydrochloric  acid  is  used  also  in  the  hydrolysis  of  animal 
proteins,  the  primary  product  of  the  reaction  being  gelatin. 
Further  reaction  produces  glue. 

When  chlorides  of  the  metals  do  not  occur  naturally,  or  do 
occur  naturally  but  are  purified  with  difficulty,  they  may  be 
prepared  easily  with  the  aid  of  hydrochloric  acid.  Ferric 
chloride  is  the  most  important  of  these  chlorides.  So  much  of 
this  compound  is  used  that,  it  ranks  as  a  heavy  chemical,  one 
that  is  produced  in  such  large  quantities  that  it  is  sold  by  the 
ton.  Ferric  chloride  is  sold  as  a  dark  red  syrupy  liquid.  It  is 
used  in  sewage  treatment,  as  a  mordant  in  dyeing  and  printing- 
textiles,  in  the  manufacture  of  other  iron  salts,  and  as  an 
oxidizing  agent  in  the  manufacture  of  dyes. 
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Which  potassium  salts  occur  in  natural  deposits  in  the  earth’s 
crust?  Compared  with  the  enormous  quantities  of  other  salts 
that  occur  in  natural  deposits  at  or  near  the  surface  of  the 
earth’s  crust,  the  amount  of  potassium  salts  available  is  rela¬ 
tively  quite  small.  The  proportion  of  potassium  ions  in  sea¬ 
water  (page  345)  suggests  the  reason  for  this  scarcity  of 
potassium  salts. 

Largest  and  best  known  of  the  salt  deposits  containing 
potassium  are  those  which  occur  in  Germany,  near  Stassfurt. 
Potassium  salts  were  mined  from  the  Stassfurt  deposits  as  early 
as  1837,  and  until  1914  more  than  ninety  per  cent  of  the  world’s 
supply  came  from  that  source.  The  depth  of  these  deposits 
varies,  but  in  some  parts  they  exceed  4000  feet  in  thickness. 

The  lowest  strata  are  composed  chiefly  of  gypsum.  Above 
the  gypsum  there  are  layers  of  rock  salt  with  a  total  thickness 
of  more  than  three  thousand  feet.  In  the  uppermost  strata, 
totalling  only  75  to  90  feet  in  depth,  are  found  the  potassium 
salts.  These  are  chiefly  sylvite  (KC1),  carnallite  (KC1  .  MgCL  . 
6H20),  kainite  (MgS04 .  KC1 .  3LLO),  and  schonite  (KoS04  . 
MgSO, .  6H20). 

A  desire  to  explain  the  natural  separation  of  these  salts  into 
the  various  layers  did  much  to  stimulate  the  study  of  physical 
chemistry  among  German  scientists,  and  the  work  of  Van’t  Hoff 
and  his  associates  in  the  years  from  1900  to  1910  gave  the  start 
to  many  of  our  modern  theories  regarding  the  behavior  of 
salts  in  solution. 

When  the  Stassfurt  salts  were  the  only  important  source  of 
potassium  compounds  and  a  major  source  of  rock  salt,  more 
than  30,000  miners  and  other  workers  were  employed  to 
remove  these  minerals  from  that  seemingly  inexhaustible 
deposit.  Today,  one  of  the  tourist  attractions  of  the  district  is 
a  trip  by  gondola  through  the  flooded  caves  of  exhausted  parts 
of  the  workings. 

During  World  War  I  the  British  blockade  did  not  allow 
Germany  to  obtain  supplies  of  Chilean  nitrate,  and  we  have 
learned  (page  263)  how  her  chemists  solved  this  problem.  In 
retaliation,  Germany  stopped  shipment  of  potassium  com¬ 
pounds  to  the  Allies.  Although  the  lack  of  potassium  was  not 
felt  to  any  great  extent  by  farmers  who  were  tilling  the  soil 
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of  the  New  World,  agricultural  production  in  Great  Britain 
and  France  was  seriously  affected.  All  minor  sources  of  potash 
such  as  wood  ashes  and  kelp  (sea  weeds)  were  utilized. 

The  search  for  additional  sources  of  potassium  resulted  in 
the  discovery  of  potash-bearing  deposits  of  salt  in  America. 

These  beds,  which  are 
ten  to  twelve  feet  thick, 
underly  a  considerable 
area  in  New  Mexico, 
near  the  Carlsbad  Cav¬ 
erns.  The  salts  in  these 
deposits  are  a  mixture  of 
the  chlorides  of  potassium 
and  sodium. 

Natural  brines  of  cer¬ 
tain  lakes  in  arid  parts  of 
America  are  also  a  source 
of  limited  quantities  of 
potassium  compounds. 
Searles  Lake  in  California 
has  yielded  more  than 
100,000  tons  per  year. 
Together,  these  various 
sources  have  made  the 
Allies  independent  of  the 
„  „  ,  _  _  .  Stassfurt  deposits. 
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Fig.  10-7.  In  this  “soil”  experiment,  the  oats 
responded  to  the  fertilizers  which  contained 
both  nitrogen  and  potassium. 


What  are  the  chief  uses 
of  Potassium  Salts?  Of 
the  many  potassium  salts 
occuring  in  natural  deposits,  potassium  chloride  (KC1)  is  the 
most  common.  Hence,  it  is  the  starting  point  in  the  manufac¬ 
ture  of  most  other  salts  of  this  element.  It  is  also  used  directly 
as  a  soil  fertilizer. 

Potassium  hydroxide  or  caustic  potash  (KOH)  has  properties 
similar  to  those  of  caustic  soda,  and  it  is  prepared  in  the  same 
type  of  process.  Caustic  potash  is  a  common  laboratory  reagent 
and  also  a  constituent  of  lye  (page  340). 

Potassium  chlorate  (KC10S)  is  the  salt  that  is  commonly 
used  in  the  laboratory  preparation  of  oxygen,  and  it  is  also  a 
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constituent  of  some  fireworks  and  flash  powders.  It  can  be 
prepared  by  heating  hot  potassium  hydroxide  solution  with 
chlorine: 

6KOH  +  3C1,  KC103  +  5KC1  +  3H20. 

Potassium  sulphate  (K2S04)  is  used  as  a  soil  fertilizer  and  is 
preferred  to  potassium 
chloride  when  tobacco  is 
to  be  grown.  This  com¬ 
pound  is  prepared  com¬ 
mercially  by  treating  the 
mineral  schonite  with 
potassium  chloride: 

K2S04 .  MgS04  +  2KC1 

->  2K2S04  +  MgCl2. 

Potassium  nitrate  or 
saltpetre  (KNOs)  occurs 
naturally  in  Palestine, 

India,  Egypt,  and  in  other 
arid  countries  of  the  near 
east,  where  it  is  formed 
by  the  decomposition  of 
nitrogenous  organic  mat¬ 
ter.  It  is  produced  com¬ 
mercially  from  potassium 
chloride  and  sodium 
nitrate. 

KC1  +  NaN03 
KNOs  +  NaCl. 

In  this  decomposition  the  chemist  used  the  differences  in  the 
solubilities  of  the  various  compounds  involved.  Sodium 
chloride  is  only  slightly  more  soluble  in  hot  water  than  in  cold. 
Hence,  when  potassium  chloride  and  sodium  nitrate  are  heated 
with  a  very  little  water,  they  dissolve,  most  of  the  sodium 
chloride  is  precipitated,  and  the  potassium  nitrate  remains  in 
solution.  The  sodium  chloride  is  separated  by  filtration  and 
as  the  filtrate  cools  the  potassium  nitrate  crystallizes. 

Until  recently,  supplies  of  potassium  nitrate  were  of  vital 
importance  to  all  nations  for  it  is  an  essential'  ingredient  of 
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Fig.  10-8.  The  fertilizer  ingredient  lacking  in 
this  soil  appears  to  have  been  phosphorus. 
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black  gunpowder  and  this  was  the  only  explosive  used  in 
warfare.  Both  this  use  of  potassium  nitrate  and  its  use  in  fuses 
and  fireworks  are  dependent  upon  its  ability  to  serve  as  an 
oxidizing  agent,  for  when  it  is  heated  it  gives  off  oxygen  in 
accordance  with  the  equation: 

2KN03  — >  2KN02  +  Oo. 


not  ignite. 

Some  potassium  nitrate  is 
employed  in  the  manufac¬ 
ture  of  medicines,  in  the 
curing  of  ham,  and  to  pre¬ 
serve  corned  beef. 

What  are  the  natural 
sources  of  phosphorus?  The 
chief  natural  source  of  phos¬ 
phorus  is  phosphate  rock, 
which  is  composed  princi- 
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In  the  manufacture  of  black  gunpowder,  saltpetre  is  mixed 
with  the  correct  proportions  of  carbon  and  sulphur.  The 
ingredients  are  powdered  and  thoroughly  mixed  and,  when  the 
temperature  of  the  mixture  is  raised  to  the  ignition  point  of 
the  sulphur,  the  two  inflammable  elements,  carbon  and 
sulphur,  unite  with  oxygen 
from  the  saltpetre.  If  black 
gunpowder  is  confined  and 
“fired”,  the  sudden  formation 
of  large  quantities  of  gas 
causes  an  explosion. 

When  large  deposits  of 
sodium  nitrate  were  discov¬ 
ered  in  Chile,  chemists 
thought  that  Chile  saltpetre 
would  be  suitable  for  the 
manufacture  of  gunpowder, 
but  they  soon  learned  that 
this  salt  absorbs  moisture 
from  the  air  (deliquesces); 
and  moist  gunpowder  does 
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TEMPERATURE.- CENTIGRADE.  > 

Fig.  10-9.  Solubility  curves  of  KNO;t 
and  Na  Cl.  Other  Combinations  of  ions 
also  indicated. 
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Fig.  10-10. 
\2l/2  feet. 


Phosphate  mine  in  Florida. 


Courtesy  International  Minerals  and  Chemical  Corporation 
Average  depth  of  overburden  is  only 


pally  of  calcium  phosphate  [Ca3(PO.t)2] .  As  mentioned  previ¬ 
ously  (page  327),  rock  phosphate  is  treated  with  sulphuric  acid 
to  produce  superphosphate  of  lime  and  other  soluble  phosphates 
suitable  for  use  as  soil  fertilizers.  Large  deposits  of  rock 
phosphate  occur  in  several  areas  on  the  North  American 
continent,  notably  in  Florida,  Tennessee,  South  Carolina, 
Texas,  Arizona,  Idaho,  Montana,  Ontario,  Quebec,  and  British 
Columbia.  Approximately  4,500,000  tons  of  rock  phosphate 
are  mined  on  this  continent  annually,  part  of  a  world  produc¬ 
tion  of  11,000,000  tons. 

One  theory  advanced  to  explain  the  origin  of  the  calcium 
phosphate  present  in  rock  phosphate  suggests  that  it  originated 
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in  the  bones  of  prehistoric 
animals.  It  is  common 
knowledge  that  elephants 
about  to  die  will  travel 
many  miles  and  leave  their 
bones  in  a  special  place, 
for  such  African  grave¬ 
yards  of  pachyderms  are 
still  a  rich  source  of 
ivory.  It  is  possible  that 
dinosaurs,  brontosaurs,  and 
other  prehistoric  monsters 
also  may  have  developed 
this  tidy  habit  of  deliver¬ 
ing  their  bones  to  the 
family  graveyard. 


Courtesy  Experimental  Farms  Service 

Fig.  10-11.  Snap  beans  on  this  muck  soil 
responded  in  striking  manner  to  fertilizer  con¬ 
taining  phosphorus. 


What  are  the  chief  uses 
for  phosphates?  Phosphates 
are  valued  chiefly  because 
they  are  required  in  fertil¬ 
izers  which  promote  plant 
growth.  When  they  are 
present  in  the  soil  in  avail¬ 
able  form  they  cause  rapid 
development  of  young 
seedlings  by  stimulating 
the  growth  of  roots.  Without  phosphorus,  protoplasm  could 
not  exist,  and  without  protoplasm  there  can  be  no  plant 
growth.  When  the  supply  of  phosphorus  is  adequate,  crops 
mature  more  rapidly  and  produce  a  heavier  yield  of  fruit  (or 
grain). 


Key:  left — nitrogen  apd  potassium; 
nitrogen,  phosphorus  and  potassium. 


riglit- 


Phosphates  are  used  also  in  laundry  work,  in  the  prevention 
of  scale  or  scum  in  washing  waters,  and  in  such  industries  as 
tanning,  photography  and  sugar  refining.  We  noted  pre¬ 
viously  that  calcium  acid  phosphate  is  used  in  the  manufacture 
of  baking  powder  (page  354). 


Other  important  natural  salts,  including  limestone  and 
gypsum,  are  considered  in  Chapter  Eleven. 
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Activities 

A 

1.  Problem. — To  establish  a  relationship  between  acids,  bases,  and 
oxides. 

Pour  a  very  little  water  into  a  glass  bottle.  Insert  a  deflagrating  spoon 
on  which  sulphur  is  burning.  When  the  bottle  is  full  of  fumes,  remove 
the  spoon,  cover  the  bottle,  and  shake  it.  Test  the  resulting  solution  with 
litmus.  Repeat  the  procedure,  using  red  phosphorus  instead  of  sulphur. 
Place  a  small  piece  of  metallic  sodium  in  a  crucible  and  heat  it  until  it  has 
completely  burned.  After  the  crucible  has  cooled,  cautiously  add  enough 
water  to  dissolve  the  sodium  oxide  which  has  been  formed.  Test  the 
solution  with  litmus. 

* 2 .  Problem — To  prepare  common  salt. 

In  an  evaporating  dish,  dissolve  4  gm.  of  sodium  hydroxide  in  about 
20  or  30  cc.  of  water.  In  a  test-tube  or  graduate,  dilute  8 cc.  of  concen¬ 
trated  hydrochloric  acid  to  a  volume  of  20  or  30  cc.  Add  a  drop  of 
phonolphthalein  to  the  contents  of  the  evaporating  dish.  Pour  nearly  all 
of  the  acid  into  the  evaporating  dish.  Add  the  last  of  the  acid  drop  by 
drop,  stopping  as  soon  as  the  pink  colour  has  disappeared.  Discard  the 
few  drops  of  acid  which  will  be  left  over.  Evaporate  the  solution  to 
dryness.  Taste  the  product.  Examine  its  crystals  with  a  magnifying  glass. 
Redissolve  it  in  as  little  water  as  possible,  and  set  it  aside  to  evaporate 
slowly.  When  it  is  again  dry,  examine  the  crystals.  How  do  they  differ 
from  the  first  crop  of  crystals?  Weigh  your  product.  How  much  sodium 
chloride  should  you  have  obtained  from  the  4  grams  of  sodium  hydroxide 
with  which  you  started?  What  percentage  of  the  theoretical  yield  did 
you  obtain? 

To  some  solid  sodium  carbonate  or  sodium  bicarbonate  add,  drop  by 
drop,  dilute  hydrochloric  acid  until  no  further  effervescence  occurs. 
Dissolve  the  product  in  a  little  water  and  evaporate  to  dryness.  Taste  the 
crystals  and  examine  them  under  a  magnifying  glass. 

If  sea-water  is  available,  evaporate  500  cc.  of  it  to  dryness.  Weigh  the 
residue.  What  percentage  of  dissolved  material  did  the  water  contain? 
Can  you  identify  in  the  product  crystals  which  appear  to  be  sodium 
chloride  ? 

3.  Problem — To  determine  heat  of  neutralization. 

Weigh  the  copper  cup  of  a  calorimeter.  Dissolve  4  grams  of  sodium 
hydroxide  in  50  cc.  of  water,  pour  the  solution  into  the  cup,  and  reweigh. 
Place  the  cup  in  the  calorimeter  jacket  and  measure  the  temperature  of 
the  solution.  In  a  beaker,  prepare  a  hydrochloric  acid  solution  by  diluting 
8^4  cc.  of  concentrated  acid  to  55  cc.  Make  sure  the  acid  and  base  solutions 
are  at  the  same  temperature.  Weigh  the  beaker  and  acid,  pour  the  acid 
into  the  calorimeter  cup,  quickly  cover  the  calorimeter,  stir  the  mixture, 
and  note  the  maximum  temperature  reached.  Weigh  the  empty  beaker  to 
determine  the  exact  weight  of  acid  solution  which  was  added.  Using  the 
method  of  water  equivalents  described  in  connection  with  the  bomb 
calorimeter  (page  279),  determine  how  many  calories  of  heat  were  liberated 
by  the  reaction.  How  many  calories  would  have  been  liberated  if  the 
amount  of  sodium  hydroxide  used  had  been  one  gram-molecular  weight? 
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Repeat  the  procedure,  using  a  sulphuric  acid  solution  instead  of 
hydrochloric.  In  this  case  the  acid  solution  is  prepared  by  pouring  5.6  cc. 
of  concentrated  sulphuric  acid  into  50  cc.  of  water. 

*4.  Problem — To  illustrate  the  abnormal  effect  of  electrolytes  on  the 
boiling  points  of  solutions. 

From  their  formulae,  calculate  the  molecular  weights  of  cane  sugar, 
glycerine,  sodium  chloride,  and  calcium  chloride.  Prepare  a  solution  of 
each  of  these  substances  by  dissolving  one-tenth  molecular  weight  in 
20  cc.  of  water.  Determine  the  boiling  point  of  each  of  the  four  solutions. 
Which  of  these  substances  are  electrolytes?  How  does  their  effect  on  the 
boiling  point  compare  with  that  of  a  non-electrolyte? 


METHOD  1  ALTERNATE  METHOO 


Fig.  10-12.  Apparatus  used  in  laboratory  to  demonstrate  electrolysis  of  sodium 
chloride  solution. 


5.  Problem — To  electrolyze  a  sodium  chloride  solution.. 

Line  the  inside  of  a  metal  sieve  with  a  mixture  of  shredded  asbestos 
and  water  packed  tight  enough  that  water  inside  can  drip  through  only 
very  slowly.  Fill  the  vessel  with  a  concentrated  sodium  chloride  brine  and 
provide  a  catch-basin  underneath.  Insert  a  carbon  anode  into  the  solution. 
Use  the  metal  sieve  as  a  cathode.  Connect  anode  and  cathode  to  the 
proper  terminals  of  a  source  of  six  to  twelve  volts  D.C.  Identify  the  gas 
given  off  at  the  anode.  Test  with  litmus  the  solution  dripping  into  the 
catch-basin.  What  substance  does  it  contain?  What  other  product  is  the 
eletcrolysis  liberating? 

6.  Problem — To  illustrate  the  main  reaction  of  the  Solvay  process. 

Fit  a  bottle  with  a  three-hole  stopper.  Partly  fill  it  with  a  concentrated 
brine  of  sodium  chloride.  Through  two  of  the  holes  bubble  in  simultan¬ 
eously  ammonia  and  carbon  dioxide.  The  third  hole  should  contain  an 
exhaust  tube  to  deliver  the  excess  gases  to  a  hood  or  an  open  window. 
When  a  precipitate  has  formed  in  the  brine,  stop  the  process  and  filter 
off  the  product. 
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Fig.  10-13.  Apparatus  used  to  demonstrate  part  of 
Solvay  Process— preparation  of  sodium  bicarbonate. 

*7.  Problem — To  make  baking  powder. 

Mix  thoroughly  the  following  dry,  finely  powdered  ingredients  :  0  5  gm 
sodium  bicarbonate,  1.1  gm.  potassium  acid  tartrate  (cream  of  tartar) 
10  gm.  starch.  In  an  evaporating  dish  make  a  paste  using  water  and  flour 
containing  a  small  amount  of  the  baking  powder  mixture.  Heat  the  paste 
gently  and  note  results.  F 

8.  Problem— To  prepare  and  study  chlorine. 

.  Ft  a  round-bottomed  flask  with  a  two-hole  stopper.  Through  one  hole 
insert  a  delivery  tube,  through  the  other  a  safety  valve  (Fig.  10-14)  In  the 
bottom  of  the  flask  put 
powdered  manganese  dioxide. 

Pour  in  enough  concentrated 
hydrochloric  acid  to  cover  the 
manganese  dioxide,  insert  the 
stopper,  and  warm  the  flask 
gently.  (Caution:  Since  chlo¬ 
rine  is  a  poisonous  gas  and 
very  painful  when  inhaled, 
either  carry  out  this  prepara¬ 
tion  in  a  hood  or  have  the 
delivery  tube  carry  the  gas 
through  an  open  window.) 

Very  cautiously  smell  the  gas 
given  off.  Fill  three  bottles 
with  the  gas  by  upward  dis¬ 
placement  of  air.  Soak  a 
piece  of  paper  with  turpentine, 
then,  holding  it  in  a  pair  of 
tongs,  insert  it  into  one  of  the 
bottles.  Into  one  of  the  bottles  put  a  damp  coloured  flower,  cover  it  and 
let  it  stand  for  fifteen  minutes.  Into  the  third  bottle  put  a  dampened 
piece  of  coloured  cotton  cloth,  keeping  a  piece  of  the  same  cloth  as  a 
conti  ol  .  After  fifteen  minutes  compare  the  colours  of  the  two  pieces 


CHLORINE 

WATER 


Fig.  10-14.  Laboratory  apparatus  used  to 
prepare  chlorine. 
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B 

1.  How  many  substances  can  you  find  in  your  home  which  are  salts  or 
which  contain  salts? 

2.  Find  an  example,  other  than  that  used  in  the  text,  for  each  of  the 
following. 

(a)  use  of  heat  to  start  a  reaction; 

(b)  an  important  reaction  which  will  stop  unless  heat  is  supplied 
continuously ; 

3.  In  what  common  reaction  is  fine  subdivision  of  solid  reagents 
particularly  important? 

4.  List  as  many  substances  as  you  can  which  are  prepared  commercially 
by  electrolysis. 

5.  What  commercial  processes  have  you  studied  which  depend  on  the 
use  of  a  catalyst? 

6.  In  California,  table  salt  is  manufactured  commercially  by  evaporation 
of  sea-water.  What  other  mineral  substances  are  obtained  from  the  sea. 

7.  List  the  common  uses  for  sodium  chloride,  other  than  its  use  as  a 
raw  material  for  the  manufacture  of  chemicals? 

8.  List  the  more  important  uses  of  chlorine.  In  each  case,  find  what 
substance  or  substances  may  compete  with  it. 

9.  What  is  the  chemical  name  and  the  formula  for  each  of  the  follow¬ 
ing?  (a)  salt,  (b)  soda  ash,  (c)  Glauber’s  salt,  (d)  Epsom  salts,  (e)  muriatic 
acid,  (f)  baking  soda,  (g)  washing  soda. 


C 

(Do  not  write  answers  in  the  book.) 


1.  The  four  main  types  of  inorganic  compounds  are  ,  —  , 

- ,  and  - . 

2.  The  only  property  which  all  salts  have  in  common  is  that  they 


are - . 

3.  Oxides  of  metals  generally  have  -  properties ;  oxides  of  non- 

metals,  -  properties. 

4.  All  acids  turn  litmus  - ,  turn  phenolphthalein  ,  are  - 

to  the  touch,  and  taste  - .  We  conclude  that  these  are  the  properties 

of  the  - . 


5.  All  bases  turn  litmus  - ,  turn  phenolphthalein  -  and  have 

a - feel.  We  conclude  that  these  are  the  properties  of  the - . 

6.  List  five  facts  about  electrolytes  which  are  readily  explained  by  the 
ionic  theory  of  Arrhenius. 

7.  Write  an  equation  which  represents  the  neutralization  of  any  base 
by  any  acid. 

8.  List  eight  factors  which  may  be  used  to  control  chemical  reactions. 

9.  Make  a  table  showing  five  or  six  useful  chemicals  made  from  sodium 
chloride,  two  or  three  uses  for  each,  and,  where  possible,  the  name  of  the 
process  by  which  each  is  made. 

10.  In  the  Townsend  cell  a  solution  of - -  is  electrolysed,  two  gases, 

_ .  and  -  are  produced,  and  a  solution  of  -  is  the  third 

product. 
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11.  The  Solvay  process  for  making  —  _  _  „„  _  _ r 

salts  and  - .  -  also  goes  into  the  reaction  mixture  but  is 


starts  with  the  two  cheap 


subsequently  recovered  as  a  by-product 

12.  The  action  of  any  baking  powder  depends  on  a  reaction  between 

the  salt  and  a  substance  which  has  -  properties,  resulting  in 

the  liberation  of  - . 


13.  If  we  wish  to  use  chlorine  as  a  bleach  we  may  store  it  in  tanks  as 

a  1  j  we  may  dissolve  it  in  water,  forming - - — -,  we  may  pass  it  over 

calcium  hydroxide,  forming  - ,  or  we  may  dissolve  it  in  cold,  dilute 

sodium  hydroxide,  forming  - . 

14.  The  anaesthetic - -  and  the  useful  solvent  — — —  may  both  be 

made  by  the  action  of  chlorine  on  the  hydrocarbon,  - .  This  is  an 

illustration  of  the  -  of  chlorine. 

15.  The  Carrol-Dakin  solution,  a  one-half  per  cent  solution  of  - 

in  water,  is  a  particularly  valuable  - . 

16.  Hydrochloric  acid  may  be  made  from  sodium  chloride  and  - 

because  the  latter  has  a  high  - . 

17.  Hydrochloric  acid  acts  as  a  catalyst  in  the  -  of  organic  com¬ 
pounds,  particularly  - — — -  and - . 

18.  List  four  important  compounds  of  potassium,  with  at  least  one  use 
for  each.  From  what  substance  are  they  all  made? 

19.  Phosphate  rock,  formula  - ,  is  converted  to  a  useful  - 

when  treated  with - . 


20.  Make  a  table  showing  all  the  naturally-occurring  salts  that  have 
been  mentioned  in  this  chapter,  and  the  places  where  each  occurs. 


D 

1.  Distinguish  between  the  terms  “strong”  acid  and  “concentrated” 
acid.  What  is  the  antonym  (opposite  in  meaning)  of  each  of  these  terms? 

2.  Write  the  equation  for  the  neutralization  of  calcium  hydroxide  by 
phosphoric  acid.  What  weight  of  calcium  hydroxide  can  be  neutralized 
by  100  gm.  of  the  pure  acid?  How  many  calories  of  heat  would  be 
liberated? 

a11  the  catalysts  used  in  chemistry,  the  most  important  is  water.” 
What  evidence  can  you  give  in  support  of  this  statement? 

4.  Show  how  a  plant  for  the  manufacture  of  viscose  and  nitrocellulose 
products  might  make  economical  use  of  all  the  products  from  a  unit  of 
Townsend  cells. 

5  Why  are  potassium  salts  generally  more  expensive  than  the  corres¬ 
ponding  sodium  salts? 

6.  Using  a  sodium  bicarbonate  solution  and  a  very  dilute  solution  of 
hydrochloric  or  sulphuric  acid,  devise  a  demonstration  of  a  chemical  fire 
extinguisher.  What  precautions  must  be  used  in  putting  on  the  demon- 
stration  ? 

7.  The  purpose  of  the  usual  construction  of  the  Townsend  cell  is  to 
prevent  certain  products  from  coming  in  contact  with  each  other  as  thev 
are  formed  Which  are  the  substances  which  must  be  kept  apart,  and 
what  would  be  the  result  if  they  were  allowed  to  mix? 


CHAPTER  11 


A  FEW  COMMON  MINERALS  PROVIDE  MOST  OF  OUR 

NON-METALLIC  BUILDING  MATERIALS,  POTTERY, 

CHINA  AND  GLASSWARE 

What  is  the  chemical  nature  of  some  of  our  useful  minerals? 

Most  mineral  substances  are  classed,  chemically,  as  either 
oxides  or  salts.  In  order  to  understand  their  composition  and 
chemistry,  it  is  necessary  to  consider  mineral  salts  from  a 
somewhat  new  point  of  view.  The  chemist  usually  regards  a 
salt  as  a  compound  formed  from  a  metal  and  a  non-metallic 
radical.  It  may  also  be  considered,  however,  as  a  combination 
of  oxides  of  metallic  and  non-metallic  elements.  We  are 
familiar,  for  example,  with  the  formula  Na2C03  for  sodium 
carbonate,  indicating  that  it  is  a  combination  of  two  sodium 
atoms  with  a  carbonate  radical.  Sodium  carbonate  might  also 
be  regarded  as  a  combination  of  the  oxides  of  sodium  and 
carbon,  and  its  formula  written  as  Na20  .  C02.  This  method 
of  considering  salts  is  of  particular  value  in  the  study  of 
minerals,  for  many  of  them  contain  three  or  four  different 
oxides,  and  contain  them  in  proportions  different  from  those 
indicated  by  the  more  familiar  type  of  formula.  For  example, 
a  very  common  rock  mineral  known  as  orthoclase,  or 
feldspar,  has  a  composition  which  corresponds  to  the  formula 
K20  .  AI0O3 . 6Si02.  Again,  the  simplest  formula  one  could 
write  for  calcium  silicate  would  be  CaSi03,  but  one  form  of 
calcium  silicate  which  is  known  to  occur  in  Portland  cement 
has  the  formula  Ca3SiO0.  This  formula  may  be  understood 
if  it  is  written  3CaO  .  Si02,  or  (CaO)3 .  Si02. 

A  second  peculiarity  of  mineral  salts  which  must  be  con¬ 
stantly  borne  in  mind  is  that  usually  they  are  in  crystalline 
form,  and  many  of  the  crystals  contain  definite  amounts  of 
water  of  hydration.  Calcium  sulphate,  for  example,  may  occur 
as  gypsum  with  the  formula  CaS04 . 2H20,  as  anhydrite  with 
the  formula  CaSO.,,  or  as  Plaster  of  Paris  with  the  formula 
2CaS04 .  H20. 
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In  this  chapter  we  shall 
study  in  some  detail  live 
mineral  substances,  the 
uses  to  which  they  can  be 
put,  and  the  products 
which  can  be  derived  from 
them.  The  five  are:  Lime¬ 
stone,  gypsum,  sand,  clay, 
and  asbestos.  These  five 
are  of  such  paramount  im¬ 
portance  that  the  building 
trades  and  the  glass  and 
ceramics  industries  could 
scarcely  exist  without 
them. 

Limestone  is  the  most 
important  of  the  group. 

Indeed  it  is  one  of  the  key 
materials  of  all  industry. 

The  value  of  Canada’s  annual  production  of  limestone  products 
amounts  to  about  fifteen  million  dollars.  Limestone  is  a 
naturally  occurring  form  of  calcium  carbonate,  with  the  simple 
formula  CaC03.  Over  great  areas,  such  as  the  Ontario  penin¬ 
sula  and  the  eastern  ranges  of  the  Rocky  Mountains,  limestones 
aie  the  dominant,  and  in  many  cases,  the  only  kinds  of  bed 
rock.  In  at  least  one  of  its  various  forms,  limestone  is 
available  in  every  country  of  the  world  in  practically  unlimited 
quantities.  Several  other  mineral  substances  are  closely  related 
to  limestone.  Sea-shells,  coral,  pearls  and  marble  are  forms  of 
calcium  carbonate.  Dolomite  is  the  name  given  to  a  double 
carbonate  of  calcium  and  magnesium,  whose  formula  is 
variously  written  as  CaMg(C03)2,  or  CaC03 .  MgCOa,  or 
CaO  .  MgO  .  2C02.  A  useful  mixture  of  limestone  and  clay  is 
known  as  marl,  and  a  very  clear  crystalline  form  of  calcium 
carbonate  is  Iceland  spar. 

Gypsum  is  a  crystalline  form  of  calcium  sulphate 
CaS04 .2HoO.  Closely  related  to  it  is  anhydrite,  CaS04.  Nova 
Scotia  leads  the  Canadian  provinces  in  the  production  of 
gypsum,  but  considerable  amounts  are  mined  in  New  Bruns¬ 
wick,  Ontario,  Manitoba,  and  British  Columbia.  Altogether 


Fig.  11-la.  Big  Island  Limestone  Quarry, 
Lake  Winnipeg,  Manitoba. 
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Courtesy  B.  C.  Cement  C« 


Fig.  11-lb.  A  limestone  quarry  and  a  5-cubic  yard  electric  shovel  loading  a 
20-ton,  side-dump  trailer. 

nearly  a  million  tons  are  mined  each  year  in  Canada  and 
another  five  million  tons  in  the  United  States.  A  clear  form  of 
calcium  sulphate,  called  alabaster,  is  used  as  an  ornamental  stone. 

Annual  production  of  sand  and  gravel  in  the  Dominion 
amounts  to  five  or  six  million  dollars.  Sand  contains  particles 
of  limestone,  feldspar,  and  metallic  oxides,  but  it  is  chiefly  a 
collection  of  fragments  of  quartz  crystals.  Quartz  is  silicon 
dioxide,  Si02,  sometimes  also  referred  to  as  silica.  The  purest 
form  of  silica  is  rock  crystal,  which  may  occur  in  natural  glass¬ 
like  crystals  varying  in  size  from  an  ounce  to  a  ton.  Quartz 
ordinarily  occurs  as  a  milk-white  solid  formed  by  the  interlac¬ 
ing  of  many  tiny  crystals.  Rarer  forms  of  silica  are  amethyst, 
agate,  and  opal.  An  interesting  form  of  silica  which  has  been 
mentioned  in  connection  with  the  refining  of  sugar  (page  215) 
and  again  in  the  manufacture  of  dynamite  (page  268)  is  variously 
known  as  diatomaceous  earth,  infusorial  earth  or  kieselguhr. 

Clay  consists  largely  of  aluminium  silicate  in  a  hydrated 
form  having  the  formula  A1203 . 2Si02 . 2H2Q.  Clays  of  a 


Fig.  11-2.  Water-clear  quartz  crystals  must  be  imported  from  Brazil  almost 
the  only  source  for  highest  quality  quartz. 


375 


376 


SCIENCE  AND  PROGRESS 


quality  suitable  for  the  manufacture  of  Portland  cement  are 
widely  distributed  in  Canada,  but  special  clays  for  china  and 
pottery  are  much  more  rare.  Deposits  of  pottery  clay  are  being 
worked  in  Eastern  Quebec  and  in  the  border  regions  of 

Southern  Alberta  and 
Saskatchewan. 

Asbestos  is  a  form  of 
magnesium  silicate.  Al¬ 
though  it  occurs  much 
less  abundantly  than  the 
other  four  minerals  with 
which  this  chapter  deals, 
its  unusual  properties 
give  it  an  importance  out 
of  all  proportion  to  its 
abundance.  Nearly  the 
entire  American  supply 
of  asbestos  comes  from 
the  province  of  Quebec, 
although  deposits  of  it 
are  known  to  exist  in  Rhodesia,  South  Africa,  and  Russia. 

How  were  the  deposits  of  these  minerals  formed?  Several 
natural  processes,  carried  on  with  infinite  slowness  through 
countless  centuries,  have  produced  our  useful  deposits  of  these 
essential  materials. 

Limestone.  All  deposits  of  limestone,  even  those  which 
outcrop  high,  on  the  sides  of  mountains,  are  of  sedimentary 
origin.  The  shells  and  skeletons  of  myriads  of  sea  creatures 
have  settled  upon  the  ocean  floor  and  built  up  layer  upon  layer 
of  granules  of  calcium  carbonate.  The  pressure  of  one  layer 
upon  another,  and  the  stress  of  subsequent  geological  changes 
in  the  earth’s  crust,  hardened  these  deposits  into  the  rock  we 
know  as  limestone.  The  chalk  cliffs  of  England  consist  of 
similar  deposits  which  have  not  been  subjected  to  enough 
pressure  to  produce  a  cohesive  rock.  The  combined  action  of 
heat  and  pressure  on  a  sedimentary  deposit  may  produce 
what  is  known  as  a  metamorphic  rock.  Marble  is  such  a 
metamorphic  form  of  calcium  carbonate. 


Fig.  11-3.  “Asbestos”  as  it  occurs  in 
Nature.  A  fine  sample. 
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Gypsum.  Calcium  ions  and  sulphate  ions  are  invariably 
present  in  large  quantities  in  sea-water.  Of  all  the  salts  which 
might  possibly  be  formed  from  a  combination  of  any  of  the 
ions  in  sea-water  calcium  sulphate  is  the  least  soluble.  It 
seems  logical  to  infer,  therefore,  that  the  deposits  of  gypsum 
and  anhydrite  have  resulted  from  the  evaporation  of  sea  water. 
It  is  not  surprising,  then,  that  large  deposits  of  calcium  sulphate 
are  associated  with  deposits  of  sodium  chloride.  Much  of  this 
calcium  sulphate  is  present  in  the  anhydrous  form  called 
anhydrite,  CaS04,  rather  than  as  gypsum,  CaS04 . 2H20.  This 
fact  may  be  satisfactorily  explained.  As  the  water  of  an  inland 
sea  evaporates,  the  surface  layers  become  a  highly  concentrated 
solution.  Certain  salts  may  reach  their  saturation  point  and 
begin  to  precipitate  in  solid  form.  Salts  which  are  relatively 
soluble  may  redissolve  in  the  less  concentrated  lower  layers, 
but  calcium  sulphate  quickly  saturates  even  the  lower  depths 
of  the  water  and  settles  on  the  bottom  as  gypsum.  Eventually 
the  lower  depths  become  saturated  with  the  more  soluble  salts, 
and  these  take  the  water  of  crystallization  from  gypsum,  causing 
the  formation  of  a  layer  of  anhydrite. 

Silica.  Sand  results  from  the  weathering  of  quartz-bearing 
rocks  such  as  granite.  The  tendency  of  particles  being  carried 
by  streams  to  become  sorted  according  to  size  and  density 
causes  a  partial  separation  of  the  silica  particles  from  the  lime¬ 
stone,  feldspar,  and  other  material.  In  most  cases  the  separation 
is  by  no  means  complete,  and  deposits  of  pure  quartz  sand  are 
not  common.  Most  of  the  silica  used  by  glass  makers  on  this 
continent  comes  from  a  sandstone  ledge  in  West  Virginia. 
A  good  grade  of  silica  also  comes  from  deposits  in  Quebec, 
between  Ottawa  and  Montreal. 

Clay.  •  Clay  comes  from  the  combination  of  the  chemical 
action  of  carbon  dioxide  and  water  and  the  physical  action  of 
the  weather  on  feldspar  and  mica.  The  resulting  particles  of 
hydrated  aluminium  silicate  are  generally  less  than  one  five- 
thousandth  of  an  inch  in  diameter.  Such  particles  form  a 
colloidal  suspension  in  the  water  of  streams  and  rivers.  Since 
electrolytes  tend  to  coagulate  a  colloid,  deposits  of  clay  usually 
occur  where  rivers  flow  into  the  sea. 
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Deposits  of  clay  vary  in  composition.  Particles  of  sand, 
feldspar,  and  mica  are  always  present,  and  there  are  usually 
variable  amounts  of  limestone  metallic  oxides  and  the  silicates 
of  iron,  calcium,  magnesium,  potassium,  and  sodium. 

Clay  which  contains  very  few  impurities,  and  which  remains 
white  even  after  heating,  is  called  kaolin,  a  European  corrup¬ 
tion  of  the  Chinese  place  name  Kau-ling,  one  of  the  earliest 
sources  of  this  rare  material.  The  finest  porcelain  and  china- 
ware  are  made  from  kaolin. 

Brick,  tile,  and  terra-cotta  products  are  made  from  a  less 
pure  clay  which  contains  lime,  sand,  and  iron  oxide.  This 
clay,  called  marl,  is  yellowish  green  in  colour  because  of  the 
presence  of  ferrous  compounds.  During  the  firing  process 
ferric  oxide  is  formed  and  imparts  a  characteristic  brick-red 
colour  to  the  manufactured  articles. 

A  clay  found  in  several  isolated  localities  is  known  as  fuller’s 
earth.  Originally  this  clay  was  used  in  England  to  remove 
grease  from  sheep’s  wool  a  process  known  as  “fulling”.  It  is 
still  of  considerable  value  as  a  filtering  material. 

A  highly  refractory  substance  called  fire-clay  is  used  to  line 
furnaces  and  to  make  bricks  for  the  fire-boxes  of  stoves.  This 
clay  is  unusually  high  in  silica  and  contains  very  little  won. 
Rich  deposits  of  fire-clay  are  found  under  most  of  the  coal 
deposits  in  England. 

Clay  particles  predominate  in  deposits  of  two  other  types, 
namely,  shale  and  slate.  Shale  is  a  soft  rock  formed  by  the 
compression  of  clay  deposits.  Slate  is  a  metamorphic  rock 
formed  from  shale. 

What  properties  make  limestone  one  of  the  most  important 
raw  materials  of  industry?  Some  of  the  uses  of  limestone 
depend  on  certain  convenient  physical  characteristics.  Although 
it  appears  to  be  a  solid  white  or  grayish  rock,  it  is  porous,  and 
hence  fairly  absorbent.  Because  of  its  granular  structure  it  is 
easily  quarried,  and  is  friable:  that  is,  it  is  easily  powdered. 
These  properties  lead  to  its  use  in  the  purification  of  water 
supplies.  The  porous  limestone  absorbs  impurities  from  the 
water  which  is  filtered  through  it.  It  is  also  used  as  an 
absorbent  for  linseed  oil  in  making  paint  and  putty.  Its 
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Courtesy  B.  C.  Cement  Co. 

Fig.  11-4.  Part  of  a  rotary  kiln  of  the  type  used  in  the  production  of  lime  or 
Portland  cement.  Special  bricks  are  required  to  line  the  kiln. 


porosity  prevents  ordinary  limestone  from  finding  much  use  as 
a  building  stone  except  in  very  dry  climates,  but  the  harder 
metamorphic  marble  is  used  as  a  decorative  stone  for  interior 
finishing. 

The  outstanding  usefulness  of  limestone  depends  on  the  fact 
that  when  fairly  strongly  heated  it  decomposes,  giving  off 
carbon  dioxide  and  leaving  a  powdery  residue  of  the  strong- 
base  calcium  oxide  or  quicklime: 

CaC03  CaO  +  CO,. 
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Because  calcium  oxide  is  strongly  basic,  it  combines  readily 
with  water  to  form  calcium  hydroxide: 

CaO  +  HoO  -»  Ca(OH)2. 

Calcium  hydroxide  is  only  moderately  soluble;  Its  clear  solu¬ 
tion  is  called  limewater.  When  more  of  the  hydroxide  i? 
formed  than  the  water  available  can  dissolve,  it  may  form  a 
chalky  liquid,  whitewash,  or  a  thick  white  paste,  slaked  lime. 

The  reaction  of  quicklime  with  water  is  quite  vigorous  and 
generates  enough  heat  to  cause  the  mixture  to  boil.  This  heat, 
and  the  strongly  basic  nature  of  the  product,  make  quicklime 
and  freshly  slaked  lime  somewhat  caustic  and  corrosive  to  the 
skin.  They  must  therefore  be  handled  with  reasonable  care. 

What  direct  uses  are  found  for  calcium  oxide  and  hydroxide? 

A  thick  paste  of  slaked  lime  will  adhere  firmly  to  a  lath-covered 
wall  and  is  the  commonest  form  of  wall  plaster.  It  may  be 
mixed  with  hair  to  provide  a  cohesive  mat  and  prevent 
cracking  of  the  plaster  during  the  hardening  process.  Lime 
plaster  hardens  by  evaporation  of  the  excess  water  and  absorp¬ 
tion  of  carbon  dioxide  from  the  air: 

Ca(OH)2  +  C02  CaC03  +  H20. 

To  harden  properly,  plaster  therefore  requires  good  drying- 
weather  and  good  circulation  of  air.  Occasionally  the  setting 
process  is  promoted  by  supplying  carbon  dioxide  from  tanks 
or  in  the  form  of  “dry  ice”.  The  hardened  plaster  consists 
practically  of  a  smooth  sheet  of  limestone.  The  mortar  used 
by  bricklayers  is  similarly  made  by  mixing  freshly  slaked  lime 
with  hair  and  sand. 

Calcium  hydroxide  in  the  form  of  either  slaked  lime  or  lime- 
water  is  the  cheapest  of  all  strong  bases  and  is  widely  used  to 
neutralize  excess  acid.  Of  particular  importance  is  its  use  to 
counteract  excess  acidity  in  the  soil.  It  is  ideal  for  this  purpose 
because  its  low  solubility  allows  a  single  application  to  give  a 
lasting  effect. 

Slaked  lime  is  a  convenient  source  of  calcium  ions  for  the 
manufacture  of  other  calcium  compounds  such  as  the  useful 
fertilizer,  calcium  nitrate: 

Ca(OII)_>  +  2HN03  Ca(N03)2  +  2LLO. 
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Limestone  itself  reacts  readily  with  acids,  releasing  bubbles  of 
carbon  dioxide: 


CaC03  +  2HNOs  Ca(N03)2  +  H20  +  C02. 

Slaked  lime  combines  with  chlorine  to  form  the  useful 
bleaching  powder,  chloride  of  lime: 

Ca(OH)  +  CL  ->  CaOCL  +  H20. 

Chloride  of  lime  is  a  double  salt  of  calcium,  partly  chloride  and 
partly  hypochlorite,  and  may  be  represented  by  the  structural 
formula  Cl— Ca— OC1.  Its  use  in  the  bleaching  of  wood  pulp 
has  already  been  described  (page  218). 


Quicklime  also  enters  into  the  manufacture  of  several  im¬ 
portant  substances.  A  water  solution  of  sulphur  dioxide  will 
react  with  either  quicklime  or  limestone  to  form  the  calcium 
bisulphite  required  in  the 
manufacture  of  sulphite 
pulp  (page  220): 

CaO  +  2HoS03  — » 

Ca(HS03)2  +  H20; 

CaC03+2HoS03  — > 

Ca(HS03)2+H20+C02 1 

Calcium  carbide  is  made 
by  a  reaction  between 
quicklime  and  coke  in  an 
electric  furnace: 

2CaO  +  5C  ^ 

2CaC2  +  C02t  • 

Calcium  oxide  also  com¬ 
bines  with  the  protein 
material  of  animal  hides 
and  assists  in  their  conver¬ 
sion  to  leather. 


What  is  Portland  ce¬ 
ment?  Portland  cement  is 
made  by  heating  a  mixture 
of  limestone  and  clay  in  a 
rotating  kiln.  The  chemi¬ 
cal  nature  of  the  product 


Fig.  11-5.  Bricks  used  to  line  Portland  cement 
kiln  must  have  high  magnesia  content. 


382 


SCIENCE  AND  PROGRESS 


is  far  from  simple.  The  five  main  constituents  of  the  finely 
powdered  product  are  two  forms  of  calcium  aluminate, 
(CaO)3  .  ALOg  and  (CaO)2  .  A1203,  two  forms  of  calcium  silicate, 
(C'aO)3  .  Si02  and  (CaO)2  .  Si02,  and  quicklime  CaO. 

When  water  is  added  to  cement  two  changes  take  place.  The 
calcium  aluminates  combine  with  water  in  a  process  known  as 
hydrolysis. 

(CaO)3 .  ALO3  +  6H20  3Ca(OH)2  +  2Al(OH)3; 

(CaO)2 .  A12Os  +  5H20  ->  2Ca(OH)2  +  2Al(OH)8. 

At  the  same  time  the  calcium  silicates  absorb  water  of  hydration 
and  form  a  network  of  crystals  which  firmly  bind  the  particles 
of  calcium  and  aluminium  hydroxides.  This  initial  setting 
takes  about  twenty-four  hours.  A  small  amount  of  gypsum  is 
generally  added  to  the  cement  to  slow  the  setting  so  that 
uniform  hardening  will  take  place  and  internal  stresses  will 
not  be  set  up. 

There  follows  a  slow  hardening  process  that  occupies  about 
four  weeks.  In  the  manufacture  of  concrete  road  surfaces  a 
newer  quick-hardening  cement  is  now  being  used.  It  contains 
a  much  larger  proportion  of  aluminium  oxide,  and  hardens  so 
quickly  that  a  newly  constructed  road  surface  may  be  ready  for 
use  in  as  little  as  twenty-four  hours. 

Portland  cement  is  too  expensive  to  be  used  alone  as  a 
building  material.  It  is  mixed  with  sand  and  gravel  to  form 
the  familiar  concrete.  The  main  mass  of  the  hardened  material 
is  rock  and  sand,  firmly  fastened  together  by  the  cement.  The 
extensive  use  of  concrete  in  buildings,  bridges,  piers,  and  other 
structures  depends  on  a  means  being  found  to  increase  its 
tensile  strength.  This  is  done  by  imbedding  in  the  concrete 
wire  netting  or  rods  and  bars  of  scrap  iron  and  steel.  The 
resulting  mass,  known  as  reinforced  concrete,  is  strong  enough 
for  use  in  the  largest  bridges  and  sky-scrapers  and  has  even 
been  used  in  the  recent  war  years  to  build  concrete  barges 
and  ships. 

The  hardening  of  cement  differs  from  that  of  plaster  and 
mortar  in  one  important  respect.  The  lime  preparations 
harden  by  losing  water  and  absorbing  carbon  dioxide  from 
the  air.  On  the  other  hand,  Portland  cement  hardens  by 
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Courtesy  U.  5'.  Bureau  of  Reclamation 

Fig.  11-6.  An  immense  tonnage  of  Portland  cement  was  required  in  the 
construction  of  Grand  Coulee  dam  on  the  Columbia  River. 


absorbing  water.  It  follows  that  concrete  can  be  used  for  the 
construction  of  piers  and  other  under-water  structures  as  it 
sets  quite  satisfactorily  under  water.  Indeed,  the  initial  setting 
of  concrete  highways  is  usually  assisted  by  keeping  them 
flooded  with  water. 

What  properties  of  limestone  are  utilized  in  metallurgy? 

The  metallic  ores  which  are  to  be  reduced  in  a  blast  furnace 
invariably  contain  compounds  of  silicon  and  aluminium  which 
do  not  melt  at  blast  furnace  temperatures.  If  some  means  were 
not  found  to  liquefy  these  materials,  they  would  soon  choke 
up  the  furnace.  Limestone  is  therefore  added  to  the  charge 
of  ore  and  coke  which  is  fed  into  the  top  of  the  furnace.  The 
high  temperature  converts  the  limestone  to  quicklime.  This 


384 


SCIENCE  AND  PROGRESS 


substance  then  combines  with  the  silica  and  alumina  to  form 
calcium  silicate  and  calcium  aluminate: 

CaO  +  Si02  CaSiOs; 

CaO  +  A1208  Ca(A102)2. 

Because  these  two  salts  are  liquid  at  the  temperature  of  the 
blast  furnace,  they  are  easily  tapped  off  as  slag.  Since  the 
function  of  the  limestone  is  to  cause  certain  materials  to  flow, 
it  is  referred  to  as  a  flux.  Production  of  a  ton  of  pig-iron 
requires  the  use  of  half  a  ton  of  limestone. 

In  Great  Britain,  steel  is  usually  manufactured  by  the 
Bessemer  process.  A  lining  of  quicklime  in  the  Bessemer 
converter  absorbs  the  phosphorus  which  is  present  in  most 
European  ores: 

3CaO  +  P2Os  -»  Ca3(P04)2. 

The  Thomas  slag  or  basic  slag,  so  produced,  is  an  important 
source  of  phosphate  fertilizers. 

In  America,  the  open-hearth  method  for  the  manufacture  of 
steel  is  preferred.  In  this  process  the  hearth  is  lined  with 
dolomite,  the  double  carbonate  of  calcium  and  magnesium. 
This  lining  removes  from  the  steel  the  two  undesirable 
elements,  phosphorus  and  sulphur. 

In  what  ways  is  gypsum  employed?  Gypsum  is  a  hydrated 
form  of  calcium  sulphate,  CaS04.  2H20.  If  it  is  carefully 
heated  in  such  a  way  that  the  temperature  never  exceeds 
125°  C.,  it  can  be  partially  dehydrated: 

2CaS04 . 2H20  ->  (CaS04)2 .  H20  +  3H20. 

When  the  resulting  compound  is  cooled  and  ground  to  a  fine 
powder  it  is  known  as  plaster  of  Paris.  If  water  is  added  to  this 
powder  to  make  a  thick  paste,  the  above  reaction  is  reversed 
until  a  firm  interlacing  mat  of  solid  gypsum  crystals  is  formed. 
Great  care  must  be  used  in  the  original  heating,  for  if  the  last 
molecule  of  water  of  hydration  is  driven  off  the  reverse  action 
will  not  occur  and  the  plaster  refuses  to  set. 

Because  swelling  accompanies  the  setting  process,  plaster  of 
Paris  has  long  been,  used  for  making  casts  and  moulds 
especially  those  used  to  support  human  limbs.  In  recent  years 
it  has  become  a  competitor  of  lime  for  wall  plasters. 
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Plaster  of  Paris  is  used  to  manufacture  gypsum  wall-boards 
such  as  the  well-known  “Gyp-roc”.  The  wet  mixture  is  spread 
over  a  sheet  of  paper  and  another  sheet  is  laid  on  top.  After 
a  preliminary  setting  the  long  strip  of  paper-covered  plaster  is 
cut  into  suitable  lengths  and  dried  in  carefully  regulated  kilns. 
An  important  feature  of  gypsum  wall-boards  is  that  they  are 
fh e-proof.  They  also  have  useful  insulating  properties.  In 
office  buildings  and  apartment  blocks  a  layer  of  gypsum  board 
under  the  flooring  reduces  the  transmission  of  sound  to  the 
floor  beneath.  In  a  similar  way,  flaked  gypsum  in  the  spaces 
above  cedings  and  between  walls  is  effective  as  both  a  heat 
insulator  and  a  sound-proofing  material.  A  porous  wall-board 
of  gypsum  is  used  as  an  acoustic  plaster”  to  improve  hearino- 
in  auditoriums  by  absorbing  echoes. 


Glass 


How  does  sand  enter  into  the  manufacture  of  glass? 

making  is  one  of  the 
oldest  crafts.  There  is 
positive  evidence  that 
the  Egyptians  knew 
how  to  make  glass 
3500  years  before  the 
birth  of  Christ.  We 
can  only  guess  how  the 
art  was  first  learned. 

Nature  makes  glass  on 
a  large  scale  by  melt¬ 
ing  such  forms  of  silica 
as  quartz  and  sand.  As 
the  melt  slowly  cools 
deep  within  the  earth, 
large  and  beautiful 
crystals  of  amazing 
transparency  are 
formed.  Unable  to 
duplicate  the  tempera¬ 
ture  of  nature’s  furn¬ 
ace,  men  somehow 
learned  that  the  addi-  T,  .  Courtesy  Corning  Glass  Work 

tion  Of  soda  and  lime  in  an  iron  pastTmould  PyreX  bnmk  beakei'  by  hand 


38(3 


SCIENCE  AND  PROGRESS 


to  the  sand  produced  a  mixture  which  melted  at  a  much  lower 
temperature  and  on  cooling  formed  an  artificial  glass.  They 
found,  too,  that  the  glass  could  be  shaped  while  still  hot  into 
containers  of  various  shapes. 


Samples  of  fine  glassware  manufactured  by  the  Romans  may 


be  seen  in  museums  all  over  the  world 


Courtesy  Corning  Glass  Works 
Fig.  11-8.  Glass  blower  shaping  a  retort. 


One  fairly  common 
article  is  a  double 
container,  daintily 
shaped,  with  a  semi¬ 
circular  glass  handle 
attached  to  the  top. 
Several  of  these  have 
been  found  with  a 
glass  rod  in  each  com¬ 
partment.  Flecks  of 
red  were  invariably 
found  on  one  rod  and 
flecks  of  black  on  the 
o  t  h  e  r.  W  e  m  u  s  t 
assume  that  the  ladies 
of  Rome  carried  their 
little  paint  pots  with 
them  in  much  the 
same  manner  as  the 
ladies  of  America  do 
today. 


Glass  was  first  used  for  windows  during  the  fourth  century, 
A.D.,  and  the  material  was  introduced  into  England  some  four 
hundred  years  later.  The  first  glass  factory  in  America  was 
located  at  Jamestown,  Virginia,  when  that  state  was  still  a 
British  colony.  Its  chief  product  was  coloured  beads  for  use 
in  trade  with  the  Indians. 


Until  the  present  century,  the  glass  making  industry  was 
extremely  conservative.  The  traditional  ingredients,  sand, 
soda,  and  lime,  were  melted  together  with  traces  of  metallic 
oxides  to  give  any  desired  colour: 

Si02  +  Na2CO:!  -»  Na2SiOs  +  C02 

SiQ2  -f  Ca(OH)2  CaSiOg  +  IUO. 
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It  will  be  seen  that  the  process  is  essentially  the  same  as  the 
conversion  of  silica  to  a  liquid  slag  in  the  blast  furnace,  and 
that  ordinary  glass  is  essentially  a  mixture  of  the  silicates  of 
sodium  and  calcium.  A  very  pure  silica  sand  must  be  used, 
since  the  merest  trace  of  a  metallic  oxide  present  as  an  impurity 
may  impart  an  undesirable  colour  to  the  glass.  The  cheap 
green  glass  used  in  some  ordinary  bottles  owes  its  colour  to  the 
presence  of  compounds  of  iron  in  the  low  grade  sand  which 
has  been  used. 


The  traditional  glass-making  shop  consisted  of  three  men, 
a  gatherer,  a  servitor,  and 
a  gaffer.  The  gatherer 
picked  up  a  blob  of  glass 
from  the  melting  tank  on 
the  end  of  a  long  iron 
tube,  blew  a  hollow  in  the 
glass,  and  handed  it  to  the 
servitor  who  fitted  it  into 
a  mould  for  shaping.  Final 
blowing  was  performed  by 
the  gaffer.  Window  glass 
was  first  blown  as  a  huge 
cylinder,  then  split  down 
one  side  and  flattened  by 
heat. 


During  the  present  cen¬ 
tury  great  changes  have 
occurred  in  the  glass  in¬ 
dustry.  Although  the 
skilled  individual  glass 
blower  is  still  an  important 
figure  in  the  making  of 
art-glass  objects  and  com¬ 
plex  scientific  apparatus, 
semi-automatic  mechanical 
methods  have  been  intro¬ 
duced  for  the  manufacture 
on  a  large  scale  of  such 
common  articles  as  bottles 


Courtesy  Corning  Class  Works 

Fig.  11-9.  Machine  blowing  of  bottle. 
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and  lamp  bulbs.  Elec¬ 
tric  light  bulbs,  for 
example,  are  now 
manufactured  entire¬ 
ly  by  machinery.  Me¬ 
chanical  arms  draw 
blobs  of  melted  glass 
from  the  furnace  and 
drop  them  into  de¬ 
pressions  in  rotating 
tables.  Jets  of  com¬ 
pressed  air  blow 
bubbles  in  the  blobs 
of  molten  glass  and 
at  precisely  the  cor¬ 
rect  moment  iron  moulds  are  clamped  around  the  bubbles. 
Other  parts  of  the  machine  cut  off  the  globes  at  the  neck,  frost 
them  on  the  inside,  and  stack  them  ready  for  packing.  Some  of 
the  new  methods  have  as  their  purpose  not  only  increased  mech¬ 
anization  of  the  plant  but  also  improvement  in  the  quality  of 
the  product.  The  uniformity  of  window  glass,  for  instance,  was 
greatly  improved  by  the  development  of  a  new  manufacturing 
method  in  which  a  stream  of  molten  glass  is  poured  between 
steel  rollers. 

Millions  of  dollars  have  been  spent  in  research  by  the  large 
glass  manufacturers  with  the  object  of  improving  the  properties 
of  glass.  Glass  owes  its  usefulness  to  four  of  its  physical  and 
chemical  characteristics.  It  is  a  transparent  solid.  It  has  no 
sharp  melting  point,  but  softens  gradually  as  the  temperature 
is  raised,  and  shows  extraordinary  ductility  at  the  higher  tem¬ 
peratures.  It  is  a  poor  conductor  and  therefore  a  good  insulator 
against  heat,  sound,  and  electricity.  Because  of  its  insolubility 
and  chemical  inactivity,  it  is  exceedingly  durable.  Although 
various  types  of  glass  vary  in  composition,  all  are  mixtures  of 
silicates,  the  commonest  being  sodium  silicate,  potassium 
silicate,  calcium  silicate,  and  potassium  borosilicate.  These 
substances  are  all  so  insoluble  and  inert  that  neither  the 
weathering  action  of  rain,  sun,  wind,  and  city  smoke  nor  the 
corrosive  action  of  chemicals  affects  them.  Glass  containers 
will  hold  every  known  chemical  except  hydrofluoric  acid, 
whether  they  arc  cold  or  hot. 
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Two  properties  of  glass  limit  its  usefulness.  It  shatters  easily 
as  a  result  of  mechanical  shock,  and  it  tends  to  crack  when 
heated  or  cooled  suddenly.  Modern  research  has  studied  many 
ways  of  overcoming  these  two  defects.  Manufacturers  were 
impelled  to  discover  methods  of  reducing  the  brittleness  of 
glass  as  a  result  of  the  appalling  number  of  injuries  and  deaths 
caused  by  the  shattering  of  plate  glass  windows  in  automobiles. 
A  man  weighing  160  pounds,  riding  in  an  automobile  at  60 
miles  per  hour,  has  9.68  foot-pounds  of  kinetic  energy.  If  a 
collision  stops  the  car  suddenly,  the  man  continues  forward, 
impelled  by  his  own  momentum  to  dissipate  9.68  foot-pounds 
of  energy  before  he  stops.  One  of  the  first  solid  objects  he 

F*  Ri  f «' 


Courtesy  Duplate  Canada  Limi  ' 


Fig.  11-11.  A  freight  car  overturned  and  dumped  part  of  its  load  of  sheet 
metal  on  this  Dodge  Sedan.  The  armourplate  glass  in  the  car  was  undamaged, 
only  twisted. 
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collides  with  is  the  windshield.  For  the  man  to  be  hurled 
against  the  jagged  edges  of  glass  at  sixty  miles  per  hour  is  just 
as  disastrous  as  if  the  glass  travelled  toward  him  at  the  same 
speed.  The  knife  of  the  famous  French  guillotine,  dropped 
from  a  height  of  only  twelve  feet,  struck  the  condemned  victim 
with  a  speed  of  less  than  twenty  miles  per  hour.  The  reason 
for  the  many  serious  injuries  caused  by  automobile  glass  is  thus 
apparent.  Two  kinds  of  safety  glass  for  automobiles  are  now 
manufactured.  The  older  kind  consists  of  two  thin  sheets  of 
glass  bonded  to  either  side  by  a  transparent  filler  of  shatterless 
plastic.  The  newer  kind,  known  as  tempered  glass,  crumbles 
to  a  powder  when  struck  a  blow  hard  enough  to  damage  it. 

The  need  for  a  glass  which  would  stand  changes  of  tempera¬ 
ture  arose  first  in  connection  with  laboratory  equipment. 
When  any  object  is  heated  unevenly,  the  parts  which  are 
heated  more  strongly  expand  more  than  do  the  other  parts, 
with  the  result  that  internal  stresses  are  set  up  within  the 
material.  If  the  stresses  are  sufficiently  great,  and  the  material 


Courtesy  Bausch  and  Lamb 

\  Fig.  1  l-12a.  Only  about  40%  of  this  “optical”  glass 
is  suitable  for  further  processing. 

fore  sometimes  made  of  fused  natural  quartz,  whose  ex¬ 
pansion  coefficient  is  exceedingly  low. 


brittle  enough,  the  re¬ 
sult  is  a  crack.  Since 
ffiass  does  not  conduct 

O 

heat  well,  heat  applied 
to  one  spot  on  a 
glass  object  is  not  car¬ 
ried  rapidly  to  the  rest 
of  the  object,  uneven 
expansion  occurs,  and 
the  resulting  stress 
cracks  the  glass.  One 
way  of  avoiding  this 
result  is  to  use  a  mater¬ 
ial  which  has  a  much 
lower  coefficient  of  ex¬ 
pansion  than  ordinary 
glass.  Laboratory  ap¬ 
paratus  which  is  to  be 
subjected  to  extremes 
of  temperature  is  there- 
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Fused  quartz,  however,  is  an  expensive  substitute  for  glass, 
and  the  need  soon  arose  for  something  cheaper.  Railroad  men 
found  that  the  glass  covers  of  signal  lamps  were  being  shattered 
by  the  combination  of  the  heat  of  the  oil  flame  and  the  cold  of 
snow  outside.  They 
needed  a  glass  which 
would  be  resistant  to 
thermal  shock.  Such  a 
glass  was  finally  devel¬ 
oped  by  replacing  some 
of  the  silicon  content 
of  the  glass  with  boron. 

A  descendant  of  this 
special  glass  is  the 
Pyrex  ovenware  manu¬ 
factured  by  the  Corn¬ 
ing  glass  works  of  New 
York.  More  recently  a 
glass  which  has  a  silica 
content  of  96  per  cent 
has  been  developed. 

It  can  be  heated  red 
hot  and  plunged  into 
ice  water  without 
breaking. 

A  special  glass,  very 
uniform,  free  from 
bubbles  and  other 
mechanical  flaws,  and 
without  any  trace  of 
colour,  is  required  for 
the  lenses  and  reflectors 
of  optical  instruments. 

Formerly  imported  from  Europe,  all  our  optical  glass  is  now 
made  on  this  side  of  the  Atlantic.  Instead  of  being  melted  in 
a  tank  and  poured,  the  ingredients  are  heated  in  a  fire-pot, 
allowed  to  solidify  in  the  pot,  and  freed  by  the  simple  procedure 
of  breaking  the  pot.  The  fat  cylinder  of  glass  is  then  broken 
up  with  the  aid  of  a  pneumatic  drill  and  lenses  are  ground 
from  the  fragments.  Very  pure,  iron-free  sand  must  be  used 


Courtesy  Bausch  and  Lamb 

Fig.  1 1  -1 2b.  Pots  and  stirring  rods 
are  made  from  clays  as  carefully 
chosen  and  prepared  as  ingredients 
for  the  glass. 
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in  the  mix  and  equally  iron-free  clay 
in  the  manufacture  of  the  fire-pots, 
since  even  a  small  trace  of  iron  would 
colour  the.  glass  green.  In  glass  for 
the  manufacture  of  lenses,  the  iron 
content  is  kept  below  two  parts  in  ten 
thousand.  It  is  safe  to  say  that  with¬ 
out  a  satisfactory  optical  glass  further 
scientific  achievement  would  be  im¬ 
possible.  Such  glass  is  needed  for  the 
spectroscope,  camera,  projector,  tele¬ 
scope,  microscope,  and  other  indis¬ 
pensable  tools  of  the  scientist.  During 
the  Second  World  War  the  glass 
industry  furnished  the  armed  services 
with  unprecedented  quantities  of 
lenses,  mirrors,  and  prisms  for  such 
essential  instruments  as  binoculars, 
night  glasses,  range-finders,  bomb- 
sights,  and  periscopes. 

In  recent  years  the  insulating  quali¬ 
ties  of  glass  have  been  intensified  in. 
two  ways.  The  first  method  involves 
spinning  thin  glass  threads  into  a 
fibre.  The  fibres  are  then  either  woven 
loosely  to  form  an  insulating  mat  or 
tangled  together  to  form  a  gossamer 
trap  for  insulating  air  pockets.  Aris¬ 
ing  from  this  method  have  been  some 
interesting  experiments  in  the  use  of 
spun-glass  fabrics  for  fire-proof  cur¬ 
tains  and  drapes.  The  second  method 
has  produced  a  satisfactory  substitute 

Courtesy  Corning  Glass  Works 

Fig.  11-13.  Steps  in  production  of  200-inch 
telescope  disc  made  for  use  on  Mount  Palomar 
by  the  California  Institute  of  Technology. 

Key:  A — mould  used,  B — ladle  containing  750 
pounds  of  molten  glass  on  way  to  mould, 
C — molten  glass  being  poured  on  ceramic  mould 
in  “Bee-hive”  furnace,  D — scientists  examining 
ribbed  structure  of  disc. 
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for  the  cork  used  to  insulate  refrigerators.  Powdered  carbon 
is  added  to  a  batch  of  molten  glass.  As  the  carbon  particles 
burn,  tiny  bubbles  of  carbon  dioxide  permeate  the  glass  so  that 
it  solidifies  as  a  mass  of  solid  foam  which  can  be  cut  with  a 
carpenter’s  saw. 

New  uses  for  glass  are  constantly  being  developed.  Electric 
irons  are  now  being  made  with  sole-plates  of  glass.  Factories 
for  the  manufacture  of  soups,  tomato  juice,  and  milk  products 
are  using  increasing  amounts  of  glass  plumbing.  Glass  tile  is 
finding  considerable  favour  in  the  building  trades.  By  way  of 
contrast,  we  may  note  that  the  principal  product  of  one  glass 
manufacturer  is  chimneys  for  oil  lamps  and  that  the  greater 
part  of  his  output  is  sold  for  use  in  the  East  side  tenements  of 
New  York  City. 

What  properties  of  clay  are  utilized  in  the  manufacture  of 
brick,  tile,  pottery,  and  chinaware?  Tiny  particles  of  clay  form 
a  firmly  coherent,  compact  mass  which  is  hard  and  firm  when 
dry,  but  slippery,  ductile,  and  tenacious  when  wet.  Since  clay 
is  a  universal  raw  material,  it  is  not  to  be  wondered  at  that  the 
shaping  of  clay  into  pots  was  one  of  the  first  arts  to  be 
acquired,  not  only  in  Babylon,  Egypt  and  the  other  great 
civilizations  of  the  Near  East,  but  also  in  China,  America,  India 
and  Australia.  Because  the  particles  of  clay  are  so  fine,  it  is 
possible  to  stir  them  with  water  until  a  homogeneous  mass  of 
creamy  consistency  is  reached.  When  the  excess  water  has  been 
removed  by  squeezing  the  suspension  in  a  cloth  bag,  a  mud  is 
formed  which  can  be  readily  shaped  and  which  is  able  to  retain 
its  shape  during  the  drying  process. 

All  the  ingredients  of  clay  have  high  melting  points.  Hence 
the  firing  of  clay  to  change  it  to  an  earthenware  material  is  a 
different  process  from  the  melting  of  various  ingredients  to 
form  glass.  Glass-making  definitely  involves  a  series  of  chemical 
reactions,  but  the  firing  of  clay  is  rather  a  physical  change.  The 
feldspar  and  other  more  fusible  ingredients  melt  and  flow 
between  the  solid  particles,  forming  a  closely  adhering  mass 
when  the  mixture  cools.  For  this  physical  change  to  produce 
a  satisfactory  product  it  is  important  that  the  clay  pat  tides  be 
extremely  fine  and  that  the  entire  mix  be  as  uniform  as 
possible.  The  presence  of  quartz,  which  does  not  melt  a:  firing 
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temperatures,  reduces  the  amount  of  shrinkage  during  firing  and 
adds  rigidity,  toughness,  and  hardness  to  the  finished  product. 


Dried  clay,  known  as 
bisque  or  biscuit,  is 
porous  and  lacks  the 
surface  smoothness  of 
the  wet  clay.  It  is 
possible,  however,  to 
apply  a  glaze  to  the 
dried  surface.  The 
glaze,  adhering  firmly 
because  it  enters  the 
pores  of  the  material, 
lengthens  the  life  of 
the  article,  renders  it 
waterproof,  and  makes 
it  easier  to  clean.  It  is 
important  to  use  a 
glass  which  has  the 
same  coefficient  of 
thermal  expansion  as 
the  pottery  underneath 
so  that  the  glaze  does 
not  crack  and  chip 
during  the  firing. 


Fig.  ll-14a.  Nunzeo  D’Angelo-Zavi  shaping  a  vessel  Articles  made  of  pot- 

tery  are  more  resistant 
to  sudden  changes  of  temperature  than  ordinary  glass,  but  not 
all  are  as  good  as  Pyrex  in  this  respect.  Pottery  is  resistant  to 
most  chemicals,  hydrofluoric  acid  being  the  outstanding- 
exception. 


How  are  the  various  clay  products  shaped?  Before  the  clay 
mix  can  be  properly  shaped,  several  preliminary  procedures 
are  necessary  to  ensure  a  thorough  mixing  of  the  various  types 
of  particles.  The  mix  is  first  cut  into  cubical  pieces  and  stored 
in  a  damp  cellar.  What  changes  take  place  during  this  ageing- 
process  is  not  quite  clear,  but  it  has  traditionally  been  referred 
to  as  fermentation.  Before  these  blocks  can  be  worked,  some 
water  may  have  to  be  added.  The  clay  is  then  put  through  a 
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machine  which  beats  and  bends  and  twists  and 
turns  it,  much  as  a  baker  kneads  his  dough. 

No  one  knows  who  invented  the  potter’s  wheel. 
Basically,  this  device  consists  of  a  flat  rotating 
plate  on  a  vertical  axis.  A  “chuck”  holds  the  clay 
in  the  centre  of  the  wheel.  The  clay  is  thrown  on 
the  rapidly  rotating  wheel  and  miraculously 
takes  shape  under  the  skillful  hands  of  the  potter. 
Intrigued  into  a  personal  attempt,  the  novice 
soon  realizes  that  this  art  demands  a  high  degree 
of  skill.  If  pressed  too  hard,  the  clay  shoots 
skyward  at  an  alarming  rate;  if  pressure,  even 
though  correct  is  applied  at  the  wrong  place,  the 
clay  disappears  from  the  wheel  to  spray  about 
the  room  and  over  the  persons  of  the  spectators. 

When  uniformity  of  product  is  required  rather 
than  artistic  individuality,  gypsum  moulds'  are 
used  to  shape  articles  made  from  clay.  The  clay 
may  be  placed  in  the  mould  and  a  plunger 
pushed  in  to  give  the  correct  shape  immediately, 
or  the  mould  may  be  rotated  on  the  wheel  and  a 
profile  used  to  produce  the  required  shape. 
Besides  ensuring  a  uniform  product,  the  use  of 
moulds  permits  employment  of  less  skilled  work¬ 
men.  Moreover,  moulds  must  always  be  used  to 
shape  ai  tides  of  porcelain  or  china.  The  particu¬ 
lar  clay  mix  used  for  these  articles  defies  the 
dexterity  of  the  most  expert.  In  recent  years, 
stoneware  of  very  intricate  shapes  has  been  made 
foi  chemical  industries  by  the  use  of  moulds.  For 
these  ai  tides,  cement  is  usually  added  to  the  clay. 

Biicks,  tiles,  diain  pipes,  and  terra-cotta  ware 
are  usually  shaped  by  machinery.  A  large  press 
is  used  to  stamp  out  many  such  articles  in  a  single 
operation. 


What  precautions  are  necessary  in  the  firino 
of  clay?  The  first  stage  in  the  firing  of  clay 


Fig.  H-14b.  Moulding  a  vessel  on  a  potter’s  wheel 
several  stages  in  the  operation. 


showing 
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articles  is  a  preliminary 
heating  during  which  the 
temperature  must  be  kept 
comparatively  low.  If  the 
water  is  allowed  to  evapo¬ 
rate  too  rapidly  at  this 
stage,  cracks  will  be 
formed  in  the  pi'oduct.  In 
earlier  times  this  prelimi¬ 
nary  drying  was  accom¬ 
plished  by  stacking  the 
articles  in  the  sunshine. 
The  same  method  is  still 
used  in  such  hot,  sunny 
countries  as  Mexico.  When 
thoroughly  dried  the  arti¬ 
cles  are  usually  repolished 
before  being  fired  at 
higher  temperatures. 

Careful  control  of  the 
temperature  is  required  in 
the  second  stage  of  the 
firing.  Hard  porcelain  can 
stand  a  temperature  of 
1400°  C.,  but  other  types 
of  pottery  undergo  unde¬ 
sirable  changes  at  that 
temperature.  Earthenware 
Fig.  11-15.  Moulded  pottery.  is  fired  at  1200°  C.  and 

vitreous  wares  at  1300°  C. 
For  the  vitrified  brick  used  in  chimney  linings,  higher  tempera¬ 
tures  are  used,  so  that  a  portion  of  the  ingredients  fuses  and 
gives  a  stony  texture  to  the  finished  product. 


Temperature  control  is  not  the  only  precaution  necessary 
in  the  firing.  To  protect  pottery  from  the  harmful  effects  ol 
furnace  gases  and  to  facilitate  handling,  the  articles  to  be  fired 
pass  through  the  kiln  in  large  earthenware  ovens  known  as 
saggers.  The  pottery  articles  are  stacked  loosely  in  these 
containers  and  are  given  extra  support  when  needed.  Porcelain 
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articles  in  particular,  must  be  carefully  supported  to  prevent 
them  from  collapsing  or  changing  shape  during  the  firing. 
Occasionally  such  articles  are  left  in  the  original  mould. 

How  is  glaze  imparted  to  earthenware  articles?  For  some 
purposes,  the  bisque  which  is  the  product  of  the  firing  process 
is  used  without  subsequent  glazing.  Water  containers  used  in 
hot  countries  are  not  usually  glazed.  Water  soaks  slowly 
through  the  porous  material  to  the  outside  and  its  evaporation 
cools  the  remaining  contents  of  the  vessel.  To  glaze  ordinary 
building  bricks  would  merely  add  to  the  expense  of  their 
manufacture  without  improving  their  useful  qualities.  Most 
pottery,  porcelain,  and 
china  wares  are  glazed. 


however,  to  make  them 
waterproof  and  easily 
cleaned,  and  to  improve 
their  appearance. 


Although  most  of  their 
pottery  was  unglazed, 
some  glazed  articles  have 
been  found  in  the  ruins 
of  the  ancient  Babylonian 
and  Egyptian  cities.  The 
art  was  introduced  into 
Europe  by  the  Arabs. 
After  this  people  had 
conquered  the  Mediter¬ 
ranean  island  of  Majorca, 


Fig.  11-16.  Vessels  made  from  Saskatchewan 
clay  and  glazed. 


off  the  coast  of  Spain, 

they  taught  the  art  of  making  glazed  pottery  to  the  inhabitants. 
First  made  in  the  fourteenth  century,  this  majolica  ware,  as  it 
was  called,  reached  its  highest  peak  of  perfection  between  the 
years  of  1530  and  1560. 

The  cheapest  method  of  applying  a  glaze,  the  method 
commonly  used  to  glaze  tile  and  cheap  earthenware,  is  to  add 
common  salt  to  the  fuel  of  the  bring  kiln.  At  the  heat  of  the 
furnace,  sodium  chloride  vapourizes  and  reacts  with  the  silica 
and  feldspar  of  the  clay  to  form  a  glassy  coating  of  sodium  and 
aluminium  silicates. 
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In  the  manufacture  of  chinaware  and  porcelain,  the  glazing- 
material  is  usually  incorporated  with  the  ingredients  of  the 
clay,  so  that  in  a  sense  the  material  may  be  said  to  be  glazed 
internally  as  well  as  externally.  Hence  a  single  firing  at  a 
high  temperature  is  all  that  is  required,  unless  a  pattern  of 
colour  is  to  be  applied. 

Good  grades  of  pottery  are  glazed  by  applying  a  coating  of 
glazing  material  to  the  outside  of  the  bisque  and  firing  a  second 
time.  The  glaze  consists  of  the  same  material  as  was  used  in 
the  body  of  the  object  with  borax,  lead  oxide,  or  a  similar 
compound  added  to  lower  the  melting  point  so  that  glassy 
silicates  and  aluminates  can  be  formed.  The  glazing  mixture 
may  be  applied  with  a  brush,  as  a  spray,  or  by  dipping.  Tin 
oxide  may  be  included  to  make  the  glaze  opaque,  or  oxides  of 
other  metals  may  be  added  to  produce  colours.  The  second 
firing  must  be  carried  out  at  a  carefully  controlled  temperature, 
especially  if  a  particular  shade  of  colour  is  desired. 

What  chemicals  are  used  to  paint  patterns  on  porcelain? 
Colours  may  be  produced  on  glazed  pottery  by  mixing  chemi¬ 
cals  with  the  glazing  materials.  The  chemicals  used  are  for 
the  most  part  salts  and  oxides  of  various  metals. 

Table  No.  19 

Chemicals  Used  to  Colour  Pottery 


Chemical 

Ferrous  salts 
Ferric  salts 
Uranium  salts 
Selenium  salts 

Metallic  gold  (finely  divided) 
Cobalt  oxide 
Cupric  salts 
Cuprous  salts 
Manganese  salts 
Chromium  oxide 


Colour 

Green 

Yellow 

Yellow 

Bright  red 

Ruby 

Deep  blue 

Green 

Brownish  red 

Violet,  amethyst  or  brown 

Green 


If  a  pattern  of  colour  is  desired,  the  designs  may  be  printed  on 
the  bisque  before  the  glaze  is  applied,  or  the  colour-producing 
mixture  may  be  put  on  top  of  the  glaze  and  the  article  given  a 
third  firing.  The  colouring  mixture  consists  of  the  metallic 
compound,  a  low-melting  lead  borosilicate,  oils  or  resins,  and 
turpentine.  The  pattern  may  be  applied  in  any  of  three  ways: 
it  may  be  printed  on  the  vessel,  printed  first  on  paper  and 
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transferred  to  the  vessel,  or  painted  on  the  vessel  with  a  brush. 
Carefully  controlled  hring  of  the  coloured  coat  is  essential 
because  the  colour  usually  changes  gradually  through  a  series 
of  tints.  Accurate  timing  and  control  are  especially  important 
when  the  colours  are  to  match  those  of  other  pieces  in  a  set. 

The  gold  trim  which  is  so  widely  used  in  the  colouring  of 
chinaware  is  actually  a  coating  of  metallic  gold.  Either  the 
potvdered  metal  or  gold  chloride  is  suspended  in  a  mixture  of 
resins,  gums,  and  turpentine.  When  freshly  applied,  it  is  a 
chocolate  brown  colour;  the  firing  changes  it  to  a  firmly  adher¬ 
ing  coat  of  burnished  gold.  The  complexity  of  the  art  of 
colouring  chinaware  is  indicated  by  the  fact  that  a  catalogue 
issued  by  Wengers,  Ltd.,  of  Stoke-on-Trent,  England,  offers  for 
sale  more  than  thirty  different  preparations  for  applying  gold, 
silver,  and  platinum  finishes  to  china. 

How  is  Medicine  Hat  ware  made?  The  Alberta  Potteries  at 
Medicine  Hat  manufacture  a  variety  of  dishes  in  beautiful 
pastel  colours  which  they  sell  throughout  Canada  as  Medicine 
Hat  ware.  A  brief  survey  of  their  procedures  indicates  that 
they  follow  closely  the  methods  described  in  the  foregoing 
sections.  Alberta  and  Saskatchewan  clays  are  the  chief  raw 
materials,  electricity  generated  from  Canadian  waterfalls  sup¬ 
plies  the  power  for  the  potter’s  wheel,  and  natural  gas  from 
Alberta  oilfields  is  used  to  heat  the  kilns. 

The  clay  is  crushed  and  mixed  with  water  to  form  a  heavy 
fluid,  from  which  impurities  are  removed  by  screening.  A  large 
press  squeezes  out  the  excess  water,  and  a  pug  mill  removes  by 
vacuum  the  undesirable  air-pockets. 

Plaster  of  Paris  moulds  are  used  on  the  potter’s  wheel  to 
shape  the  outside  of  the  dishes,  and  a  profile  quickly  shapes  the 
inside.  A  speedy  process  is  essential  in  the  manufacture  of 
such  low  or  medium  priced  articles. 

The  vessel  remains  in  the  mould  from  four  to  twelve  hours 
during  passage  through  the  electric  drying  oven.  It  is  then 
made  smooth  with  a  sponge  and  sent  to  the  firing  oven.  Biscuit 
firing  takes  from  32  to  64  hours,  cars  containing  the  saggers 
passing  slowly  through  the  oven. 

Next,  the  ware  is  dipped  in  a  colouring  glaze  and  passed 
again  through  the  firing  oven.  Sodium  uranate  from  the 
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Canadian  sub-arctic  is  one  of  the  minerals  used  in  the  colouring 
mixtures.  Firing  of  the  glaze  coat  is  carried  out  at  tempera¬ 
tures  ranging  from  1000°  C.  to  1400°  C.,  depending  on  the 
colour  and  hardness  required  in  the  glaze  coat. 

What  properties  of  asbestos  make  it  a  useful  mineral? 

Asbestos,  a  complex  magnesium  silicate,  is  of  particular  interest 
to  Canadian  students  since  about  60  per  cent  of  the  world’s 
supply  of  this  mineral  comes  from  the  Province  of  Quebec. 
Like  most  mineral  substances,  it  is  insoluble,  neither  melts  nor 
decomposes  even  at  quite  high  temperatures,  resists  the  cor¬ 
rosive  action  of  chemicals  and  of  petroleum  oils,  and  is  a  poor 
conductor  of  both  heat  and  electricity.  Its  peculiar  usefulness, 
however,  depends  on  its  unique  characteristic  of  having  a 
crystal  structure  which  resembles  a  bundle  of  fibres.  This 
structure  enables  us  to  make  from  shredded  asbestos  a  fluffy 
insulating  material,  laminated  pads,  or  woven  fabrics. 

A  problem  in  the  designing  of  automobiles  was  the  need  for 
a  brake-lining  material  which  would  be  soft  enough  to  give  a 
gentle,  easily  controlled  braking  pressure,  yet  hard  and  durable 
enough  to  have  a  satisfactory  service  life,  and  above  all  resistant 
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Fig.  1117.  Largest  asbestos  mine  in  the  world,  Asbestos,  Quebec. 
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in  the  intense  heat  gener¬ 
ated  by  the  friction  be¬ 
tween  lining  and  brake 
drum.  A  closely  woven 
asbestos  fabric  satisfies 
these  requirements  to 
perfection.  Woven  asbes¬ 
tos  fabrics  also  make 
excellent  fire-proof  cur¬ 
tains.  In  most  places 
theatres  are  required  by 
law  to  be  equipped  with 
such  a  curtain  which  can 
be  lowered  between  the 
stage  and  the  audience  in 
case  of  fire. 

A  packed  mass  of  asbes¬ 
tos,  held  together  with 
some  adhesive  or  mixed 
with  the  pulp  of  card¬ 
board,  makes  an  excel¬ 
lent  heat  insulator  for 
boilers  and  steam  pipes. 
A  similar  compacted 
form  of  asbestos  is  used 
for  gaskets  in  machinery, 
particularly  in  automo¬ 
bile  engines,  where  rub- 


Fig.  11-18.  Asbestos  fibre  ready  for  the  textile  mill. 


ber  gaskets  would  be  inferior  because  they  are  attacked  by 
petroleum  oils. 


A  large  quantity  of  asbestos  is  used  in  the  manufacture  of 
wall  boards  and  patent  roofing.  Besides  improving  the  insulat¬ 
ing  and  fire-proofing  qualities  of  the  product,  the  asbestos, 
because  of  its  fibrous  structure,  acts  as  a  binder  for  the  other 
ingredients. 


*Note  :  Activities  marked  with  asterisks  should  be  completed  by  all  students. 
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Activities 

A 

1.  Problem — To  determine  the  percentage  of  water  of  crystallization 
in  gypsum. 

Into  a  dry,  weighed  crucible  put  about  one-half  gram  of  gypsum, .  finely 
ground,  and  weigh  as  accurately  as  possible.  Heat  gently  for  15  minutes, 
then  strongly  for  10  minutes.  Cool  the  crucible  and  weigh.  Heat  strongly 
for  another  5  minutes,  then  weigh  again.  If  the  extra  heating  has  caused 
no  further  loss  of  weight,  you  may  assume  all  the  water  has  been  driven 
off;  otherwise  continue  five-minute  heatings  until  constant,  weight  has 
been  reached.  Find  by  subtraction  the  weight  of  water  which  has  been 
driven  from  the  gypsum,  and  calculate  what  per  cent  this  is  of  the  original 
sample.  How  does  your  experimental  result  compare  with  the  percentage 
of  water  indicated  by  the  accepted  formula  for  gypsum? 

*2.  Problem — To  illustrate  the  chemical  nature  of  limestone  and  some 
other  materials. 

To  indicate  that  limestone  is  a  carbonate,  put  some  limestone  chips 
into  a  flask  fitted  with  a  thistle  tube  and  a  delivery  tube.  Pour  dilute 
hydrochloric  acid  into  the  thistle  tube,  and  pass  the  gas  which  comes  off 
into  limewater.  A  milky  precipitate  in  the  limewater  indicates  the 
presence  of  carbon  dioxide. 

Perform  the  same  carbonate  test  on  chips  of  marble,  old  wall  plaster, 
and  concrete. 

If  a  Meker  burner,  a  blast  lamp,  or  some  other  source  of  intense  heat 
is  available,  use  it  to  heat  some  powdered  limestone  in  a  clay  crucible. 
Test  the  residue  with  moist  litmus  paper. 

Write  equations  for  all  the  reactions  which  have  occurred  in  this 
experiment. 

*3.  Problem— To  investigate  the  chemical  nature  of  gypsum.  Dissolve 
some  powdered  gypsum  or  plaster  of  Paris  in  dilute  nitric  acid.  Neutralize 
the  resulting  solution  with  ammonia,  and  perform  the  standard  test  for 
sulphate. 

4.  Problem — To  examine  the  nature  of  sand. 

Obtain,  if  possible,  a  sample  of  sand  from  your  own  locality,  a  sample 
of  pure  quartz  sand  and  a  sample  of  diatomaceous  earth.  Examine  a  few 
grains  of  each  under  a  low-power  microscope.  Perform  upon  each  the  test 
for  carbonate  outlined  in  Experiment  2.  Heat  a  sample  of  each  with  dilute 
nitric  acid,  filter  off  any  undissolved  residue,  neutralize  the  solution,  and 
test  for  sulphate.  Examine  the  residue  with  a  microscope.  What  consti¬ 
tuent  of  sand  does  not  dissolve  in  nitric  acid? 

5.  Problem — To  study  sedimentary  rocks. 

Obtain  samples  of  limestone,  gypsum,  shale  and  slate.  Observe  in  each 
the  layer  structure  (stratification)  that  is  characteristic  of  sedimentary 
rocks.  Granulate  some  of  the  limestone  and  examine  the  granules 
microscopically. 

6.  Problem— To  illustrate  the  coagulation  of  colloidal  clay  by  sea-water. 

Obtain  a  sample  of  muddy  brown  river  water.  Divide  it  into  two  parts. 

To  one  part  add  about  one-tenth  of  its  volume  of  a  concentrated  salt 
solution.  Let  both  stand  for  a  time,  side  by  side.  Which  sample  clears 
more  quickly  and  more  completely? 
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If  muddy  river  water  is  not  conveniently  obtainable,  the  experiment 
may  be  performed  on  an  artificial  colloid,  prepared  as  follows  :  Add  2  cc. 
oi  saturated  ferric  chloride  solution  to  200  cc.  of  boiling  water.  This  will 
torm  a  brown-red  colloid  of  ferric  hydroxide. 

7.  Problem  To  demonstrate  the  colours  produced  by  iron  compounds. 

Prepare  some  ferrous  carbonate  by  adding  sodium  carbonate  solution  to 

a  solution  of  ferrous  ammonium  sulphate.  Filter  off  the  insoluble  car¬ 
bonate,  dry  it,  and  heat  it  strongly  in  a  crucible,  uncovered  to  permit  free 
access  of  air.  What  colour  change  occurs?  Write  equations  for  the 
changes  that  have  taken  place. 

8.  Problem — To  demonstrate  the  slaking  of  quicklime. 

To.  some  dry  calcium  oxide  in  a  beaker  add  cautiously  some  cold  water 
(Caution:  Remember  that  quicklime  and  freshly  slaked  lime  are  corrosive 
it  spattered  on  the  skin.  Remove  quicklime  from  the  skin  as  thoroughly 
as  possible  with  a  dry  cloth  before  washing  with  water.)  What  evidence 
ot  chemical  action  is  apparent?  When  enough  water  has  been  added  to 
make  a  milky  liquid,  filter  it.  Test  both  the  precipitate  and  the  filtrate 
with  litmus.  Into  the  filtrate  pass  some  carbon  dioxide  gas.  Write 
equations  for  all  the  reactions. 


B 

1.  What  industries  are  included  in  the  term  “ceramics”?  (Consult  vour 

dictionary  and  encyclopedia).  What  ceramic  industries  are  there  in  your 
locality  and  in  your  province?  Canada  Year  Book,  Provincial  Department 
ot  trade  and  Industry,  and  local  Chamber  of  Commerce  are  potential 
sources  of  information). 

2.  Make  a  collection  of  samples  of  minerals  mentioned  in  this  chapter 
Label  each  with  its  name  and,  if  possible,  its  chemical' formula. 

3.  Make  a  list  of  all  the  chemical  fertilizers  which  you  have  studied 
up  to  this  point  in  the  course.  What  chemical  elements  does  each  con¬ 
tribute  to  the  growing  plant? 

4.  Prepare  a  report  on  the  ingredients  and  proportions  used  in  the 
mixing  of  concrete  for  various  purposes.  The  text -book  “Vocational 
Mathematics  ,  by  McLeish,  contains  some  information.  Local  architects 
building  contractors,  and  dealers  in  builders’  supplies  may  also  be  consulted. 

5.  Visits  may  be  made  to  limestone  quarries,  Portland  cement  manu¬ 
facturers,  .glass  works,  brick  or  pottery  plants,  and  reports  made  on  their 
activities. 

6.  On  page  388  of  the  text,  four  useful  properties  of  glass  were  men¬ 
tioned  Tabulate  three  or  four  uses  of  glass  which  depend  primarily  on 
each  of  these  properties. 

7.  In  Chapter  6  we  mentioned  two  transparent  plastics  which  compete 
with  glass.  What  are  the  names  of  these  two  plastics?  In  what  respects 
are  they  superior  to  glass,  and  in  what  respects  inferior? 

8.  Make  a  list  of  all  the  articles  in  your  home  which  are  clay  products. 

9.  What  parts  of  an  automobile  use  one  or  more  of  the  five  minerals 
which  form  the  subject  of  this  chapter? 

10.  List  all  the  building  materials  you  can  which  are  made  from  the 
five  minerals  discussed  in  this  chapter. 
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C 

(Do  not  write  answers  in  the  book.) 

1.  Most  of  the  common  minerals  are  classed,  chemically,  as  either 

■ -  or  - .  Many  of  their  crystals  also  contain  ■ — - — . 

2.  Limestone  is  a  form  of - ,  formula  - .  When  strongly 

heated  it  decomposes  into  - —  and - . 

3.  The  use  of  limestone  in  water  purification  depends  on  its 
structure. 

4.  In  the  pulp  industry,  limestone  is  treated  with - to  make  ■, 

which  is  a  solvent  for  - . 

5.  In  the  first  step  in  the  making  of  lime  wall-plaster,  quick-lime, 

formula - ,  combines  with - ,  forming  - ,  formula  .  I  he 

process  liberates  a  considerable  amount  of  - — . 

6.  When  lime  plaster  sets, - in  the  wet  plaster  combines  with 

-  from  the  air  to  form  - . 

7.  “Bleaching  powder”,  also  called  - ,  has  the  formula  and  is 

made  from  -  and  - — . 

8.  Calcium  carbide  is  made  in  an  electric  furnace  by  a  reaction  between 

. — -  and  - ■.  Its  most  important  use  is  in  the  manufacture  of - . 

9.  Gypsum  is  a  form  of - ,  formula - .  When  partially 

dehydrated  it  forms  - — - — — ,  formula  - . 

10.  Gypsum  wall  boards  are  made  by  spreading  - - —  mixed  with 

- - —  between  sheets  of  - . 

11.  Portland  cement  is  made  by  heating  together  -  and - . 

A  little  - - -  is  usually  added  to  make  the  cement  set  more  evenly. 

12.  When  Portland  cement  has  set  it  consists  of  a  network  of  crystals 

of  -  binding  together  a  mass  of  - — -  and  - — - .  The  formation  of 

both  the  crystals  and  the  filler  involves  the  absorption  of  -  - — . 

13.  Plaster  of  Paris  sets  by  absorbing - — . 

14.  In  the  blast  furnace,  limestone  is  used  as  a  - .  In  the  making 

of  steel  it  is  used  to  remove  the  undesirable  element  — - . 

15.  Glass  is  made  by  melting  together  - - ,  -  and  .  It  is 

essentially  a  mixture  of  -  and - . 

16.  The  superior  qualities  of  Pyrex  depend  on  the  fact  that  it  contains 

some  - .  Another  superior  new  glass  is  composed  of  about  96  per 

cent  - . 

17.  List  the  four  properties  which  account  for  the  varied  usefulness  of 
glass,  and  the  two  properties  which  limit  its  usefulness  severely. 

18.  Colours  in  glass  may  be  caused  by  the  presence  of  -  or  . 

Similar  materials  are  used  to  colour - . 

19.  If  impure  sand  is  used  in  making  glass,  an  objectionable  - 

colour  may  result  from  the  presence  of  compounds  of  - . 

20.  How  does  firing  harden  clay  products? 

21.  How  are  moulds  and  profiles  used  in  pottery  making? 

22.  Describe  three  ways  of  glazing  pottery.  The  finished  glaze  is 

essentially  a  smooth  coat  of  - . 

23.  The  usefulness  of  asbestos  is  due  largely  to  its - . 

24.  Sand  consists  chiefly  of  particles  of - ,  formula - . 
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25.  Clay  varies  in  composition,  but  usually  contains  a  large  amount  of 
•  Its  particles  are  generally  smaller  than  -  in  diameter. 

D 

1.  Devise  and  try  out  methods  of  making  plaster  of  Paris  models. 

2.  From  a  physics  or  chemistry  text  find  the  coefficients  of  linear 
expansion  of  glass,  quartz,  copper,  aluminium,  and  platinum.  Why  is 
platinum  wire  used  when  electrodes  or  electrical  contacts  are  to  be  sealed 
into  apparatus  made  of  glass  or  quartz? 

3.  Why  is  a  thin  glass  vessel  less  likely  to  crack  than  a  thick  one  when 
a  hot  liquid  is  poured  into  it?  How  does  the  development  of  glass  with 
a  high  tensile  strength  enable  glass  manufacturers  to  make  glassware  with 
better  resistance  to  heat  shock? 

4.  \  ou  find  yourself  in  possession  of  a  large,  undeveloped  limestone 
quarry.  Where  in  your  immediate  locality  will  you  look  for  markets? 
What  plant  will  you  wish  to  install  for  treatment  of  your  product?  What 
industry  might  you  establish  to  make  direct  use  of  a  part  of  your  lime¬ 
stone  production? 


UNIT  IV 


MAN’S  PRODUCTIVE  ABILITY  HAS  GROWN  AS  HE 
HAS  DEVELOPED  MORE  EFFICIENT  METHODS 
OF  TRANSPORTING  AN  INCREASING  QUAN¬ 
TITY  OF  MATERIALS,  GOODS  AND  PASSENGERS 


INTRODUCTION 

Primitive  man,  concerned  only  with  such 
simple  needs  as  food,  shelter,  and  clothing,  had 
little  or  no  use  for  means  of  transportation. 
Gradually,  as  living  conditions  changed  and  as 
his  productive  ability  improved,  he  began  to 
produce  goods  beyond  his  own  needs,  and  at 
the  same  time  to  develop  needs  which  he  could 
not  readily  satisfy.  He  had  then  to  develop 
methods  of  transporting  his  surplus  products 
either  to  his  immediate  neighbours  or  to  more 
distant  places  for  exchange.  Each  of  the  early 
peoples,  from  the  Egyptians  to  the  Roman 
Empire,  developed  its  own  particular  type  of 
civilization  which  was  supported  by  a  specific- 
type  of  economic  activity.  Each  also  developed 
methods  of  transportation  suited  to  its  needs. 

The  growth  of  towns  and  the  rise  of  craft 
and  merchant  guilds  during  the  middle  ages, 
the  development  of  city-states  and  larger  politi¬ 
cal  units,  and  the  expansion  of  the  European 
nations  after  the  discovery  of  America,  increased 
the  need  for  transportation  facilities  that  would 
carry  both  men  and  materials  over  greater  dis¬ 
tances.  Yet,  with  all  this  expansion  of  trade  and 
commerce,  no  great  fundamental  changes  in 
transportation  methods  had  taken  place.  Most 
of  the  great  nations  were  maritime  powers  and 
the  waterways  and  oceans  were  the  only  avenues 
for  the  shipment  of  goods  in  large  quantities. 
Horse-drawn  vehicles  and  the  camel  caravans  of 
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the  East  were  the  standard  means  of  overland 
transport. 

In  the  middle  of  the  eighteenth  century  a 
single  scientific  discovery  initiated  more  funda¬ 
mental  changes  in  production  and  transporta¬ 
tion  than  had  occurred  in  all  the  previous 
centuries.  The  steam  engine  has  been  respon¬ 
sible  for  so  many  changes  in  all  aspects  of 
western  civilization  that  it  is  considered  the 
most  significant  single  factor  in  the  Industrial 
Revolution. 

The  invention  of  the  steam  engine  by  New¬ 
comen  and  Watt  not  only  made  possible  the 
eventual  creation  of  the  steamship  and  the  steam 
locomotive,  it  made  their  development  inevit¬ 
able.  Previously,  manufacturing  had  been 
limited  in  both  quantity  and  kind  by  the  power 
available  from  such  natural  sources  as  the 
windmill  and  the  water- wheel.  The  use  of 
steam  power  not  only  increased  the  scale  of 
production  but  also  made  possible  new  types 
of  production,  for  it  facilitated  the  manufacture 
of  objects  that  were  both  heavy  and  bulky, 
particularly  those  made  from  iron,  steel  and 
other  metals.  These  were  best  made  in  factories 
situated  close  to  the  sources  of  raw  materials 
and  coal.  The  consequent  problem  of  providing 
heavy  inland  transport  was  solved  by  the  inven¬ 
tion  of  the  steam  locomotive. 


The  locomotive,  in  its  turn,  made  it  possible 
to  utilize  inland  resources  hitherto  untouched, 
and  to  settle  large  continental  areas  such  as  the 
United  States  and  Canada.  The  development 
of  such  territories  created  new  problems  in 
transportation,  and  it  became  increasingly  diffi¬ 
cult  to  service  such  large  areas  by  rail.  The  kev 
to  these  problems  was  the  creation,  about  the 
turn  of  the  present  century,  of  the  internal 
combustion  engine.  Rapid  development  of 
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motor  transport  was  the  first  result,  and  this  was  soon  followed 
by  the  extraordinary  growth  of  air  transport. 

Man  is  a  resourceful  creature,  and  the  history  of  his  progress 
does  not  follow  a  set  pattern.  Sometimes  he  progresses  by 
solving  his  problems  as  they  arise;  at  other  times,  as  a  result 
ot  his  thirst  for  knowledge,  he  makes  discoveries  which  have  no 
apparent  application,  but  which  later  yield  results  not  dreamed 
of  by  the  discoverer.  Indeed,  the  great  practical  discoveries  of 
men  like  Watt,  Stephenson,  and  Edison  might  never  have  been 
made  but  for  the  work  of  countless  so-called  pure  scientists, 
who  painstakingly  built  up  a  fund  of  organized  scientific 
knowledge.  Therefore,  if  the  student  sometimes  encounters 
scientific  principles  whose  application  is  not  immediately 
evident,  he  must  bear  in  mind  the  fact  that  the  more  practical 
aspects  of  science  can  be  neither  discovered  nor  understood 
without  a  prior  knowledge  of  the  fundamental  principles  upon 
which  they  depend. 


CHAPTER  12 


OUR  USE  OF  MACHINES  IN  TRANSPORTATION 
DEPENDS  ON  THE  APPLICATION  OF  ACCUMULATED 
INFORMATION  ABOUT  THE  BEHAVIOUR  OF 
MOVING  OBJECTS 

Since  any  transportation  system  is  essentially  a  system  of 
moving  carriers,  our  study  of  transportation  must  start  with 
the  factors  affecting  the  behaviour  of  moving  objects.  Our 
knowledge  of  these  factors  has  been  organized  into  a  set  of 
principles  which  are  referred  to  as  the  laws  of  motion. 

To  make  scientific  discussion  as  precise  as  possible,  many 
words  are  assigned  special  meanings  when  used  as  scientific 
terms.  Included  in  the  list  of  such  terms  are  work,  force,  equili¬ 
brium,  moment,  momentum,  mass,  weight,  stability,  gravity, 
speed,  velocity,  acceleration,  inertia,  energy,  and  power.  Since 
each  of  these  terms  is  used  again  and  again  in  the  study  of 
motion,  it  is  essential  to  have  a  clear  understanding  of  the 
meaning  of  each,  and  of  the  relationships  between  them. 

What  has  work  to  do  with  motion?  Whenever  a  force  acts 
on  a  body  and  causes  it  to  move,  work  is  done.  The  amount 
of  work  depends  on  the  distance  through  which  the  object  is 
moved  and  also  on  the  force  employed  to  produce  the  motion. 
This  fact  is  expressed  mathematically  in  the  equation: 

W  =  fd. 

If  the  object  is  being  lifted,  the  force  employed  is  equal  to  the 
weight,  but  in  cases  of  horizontal  motion  this  is  not  the  case. 
Consider,  for  example,  a  simple  problem. 

“If  it  takes  an  effort  of  50  pounds  to  push  a  wheelbarrow 
and  its  load,  which  together  weigh  200  pounds,  how  much 
work  is  done  in  moving  the  barrow  a  distance  of  20  feet?” 
The  answer  to  this  question  depends  on  which  is  the  working- 
force,  the  50  pounds  or  the  200  pounds.  If  the  loaded  wheel¬ 
barrow  is  being  lifted  bodily  through  a  vertical  distance  of 
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20  feet,  then  the  working  force  is  the  200-pound  weight,  and 
the  work  is  calculated  by  multiplying  200  by  20.  On  the  other 
hand,  if  the  barrow  is  being  pushed  20  feet  along  level  ground, 
the  working  force  is  50  pounds,  and  the  work  done  is  the 
product  of  50  and  20. 

What  is  force?  The  word  “force”,  as  used  in  oxdinary 
conversation,  has  many  shades  of  meaning.  We  use  such 
expressions  as  “the  force  of  circumstances”,  “to  speak  with 
force”,  and  “the  armed  forces”.  In  science,  a  word  must  have 
a  definite  significance.  If  a  new  word  cannot  be  found,  the 
meaning  of  the  old  one  must  be  limited.  Such  is  the  case  with 
the  word  “force”.  In  science  a  force  means  a  push  or  a  pull. 

How  is  a  force  measured?  It  is  one  of  the  important  rules 
of  science  that  all  measurement  must  be  expressed  in  terms  of 
the  thing  to  be  measured.  We  measure  weight  by  using  other 
weights,  and  volume  by  using  standard  volumes  such  as  pints, 
quarts,  and  gallons. 

We  do  not  have  to  look  far  to  find  a  force  which  can  be  used 
to  measure  other  forces.  If  any  object  is  held  out  in  the  hand, 


Fig.  12-1.  Three  examples  of  force  diagrams. 
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a  definite  downward  pull  is  felt.  Everyone  knows  that  this  is 
the  pull  of  gravity  and  that  the  gravitational  force  is  identical 
with  the  object’s  weight.  Thus,  the  units  of  weight  can, 
by  comparison,  be  used  to  measure 
the  magnitude  of  other  forces.  The 
pound,  ton,  gram,  and  kilogram  are 
all  commonly  used  to  measure  forces. 

How  can  a  force  be  represented  in 
a  diagram?  It  is  difficult  to  visualize 
forces.  Although  their  effects  can  be 
seen  in  the  motions  of  the  objects  on 
which  they  act,  the  forces  themselves 
cannot  be  seen.  A  method  of  repre¬ 
senting  them,  however,  has  been 
developed.  An  arrow,  or  vector,  is 
used.  The  length  of  the  arrow  repre¬ 
sents  the  magnitude  (size)  of  the  force, 
and  the  tip  of  the  arrow  indicates  the 
direction  in  which  the  force  acts.  Any 
quantity  which  has  both  magnitude 
and  direction  may  be  represented  by 
arrows  in  a  vector  diagram  and  is 
called  a  vector  quantity.  A  diagram 
in  which  vectors  represent  forces  is 
called  a  force  diagram.  Such  diagrams 
are  illustrated  in  Fig.  12-1. 


What  are  concurrent  forces?  The 

word  “concurrent”  means  “acting  at 
one  point”.  Rarely  do  we  find  only 
one  force  acting  on  an  object.  Objects 
on  the  earth  have  the  universal  force 
of  gravity  acting  on  them  at  all  times. 
Therefore,  unless  it  is  falling  under 
the  influence  of  gravity  through  a 
vacuum  so  that  the  force  of  air  fric- 


Fig.  12-2.  The  two  tugs 
.  .  represent  concurrent  forces, 

tion  is  absent,  any  object  on  the  earth  each  of  which  is  acting  at  an 

will  have  more  than  one  force  acting  an§le  t0  tlie  direction  in 
on  it.  In  many  cases,  the  various  forces  moving^  la'ger  VeSSd  IS 
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can  be  considered  as  acting  at  a  point  within  the  object  known 
as  its  centre  of  gravity,  and  are  therefore  called  concurrent 
forces. 

What  are  the  important  aspects  of  concurrent  forces?  If  we 

consider  problems  involving  pairs  of  concurrent  forces,  we  can 
discover  the  fundamental  principles  which  serve  to  explain 
more  complicated  combinations.  Two  concurrent  forces  may 
act  in  the  same  straight  line,  or  they  may  act  at  an  angle.  Let 
us  first  consider  the  case  of  two  forces  acting  at  an  angle. 
Figure  12-2  shows  two  little  tugs,  A  and  B,  towing  a  liner  out 
of  the  harbour.  If  we  assume  they  are  tugs  of  equal  power, 

we  can  see  that  they  will 
produce  the  same  effect  on  the 
liner  as  would  a  single,  more 
powerful  tug  at  C.  Figure 
12-3  is  a  vector  diagram  repre¬ 
senting  the  forces  supplied  by 
the  tugs.  The  two  forces  sup¬ 
plied  by  the  tugs  are  called 
component  forces _,  and  their 
effect  (the  imaginary  tug  at  C) 
is  called  their  resultant.  To 
put  this  principle  into  scien¬ 
tific  language,  the  resultant  of 
two  or  more  component  forces 
Is  that  single  force  which  ivill 
produce  the  same  effect  as  the 
combined  action  of  those 
forces. 

Using  these  new  terms,  let 
us  consider  the  combination 
of  two  concurrent  forces  acting  in  a  straight  line.  If  the  two 
forces  act  in  the  same  direction,  the  resultant  will  be  the  sum 
of  the  components;  if  the  component  forces  act  in  opposite 
directions,  the  resultant  will  be  the  difference  between  the  two 
and  will  be  in  the  direction  of  the  larger  component.  If  the 
two  forces  are  equal  and  opposite,  the  resultant  is  zero. 

Returning  to  the  tugs  and  the  liner  (Fig.  12-2),  we  can  see 
that  there  are  in  reality  three  forces.  They  are  the  two  forces 
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supplied  by  the  tugs  and  the  resistance  which  the  ship  offers 
to  their  combined  efforts.  We  can  study  this  problem  experi¬ 
mentally  by  substituting  spring  balances  for  the  two  tugs  and 
connecting  them  by  string  to  a  weight 
which  takes  the  place  of  the  liner.  This 
arrangement  (Fig.  12-4)  illustrates  another 
important  principle  of  concurrent  forces. 

If  we  hang  the  two  spring  balances 
from  the  ledge  above  the  blackboard  and 
connect  them  to  the  weight,  we  find  that 
the  sum  of  the  readings  of  the  two 
balances  is  greater  than  the  weight.  The 
weight  is  being  supported,  not  by  the  two 
individual  forces,  but  by  their  resultant. 

Their  resultant  must  therefore  be  equal 
to  the  weight  in  magnitude  and  opposite 
in  direction.  If  we  carefully  trace  a  line 
on  the  blackboard  along  each  of  the  two 
strings  from  the  point  where  they  meet,  Fig-  12'4- 

maik  off  the  distances  OM  and  ON  representing  the  forces  A 
and  B,  respectively,  and  complete  the  parallelogram  OMRN, 

we  wall  find  that  the  diagonal  OR  accurately  represents  the 
weight  C. 


This  experiment  illustrates  an  important  law  known  as  the 
principle  of  the  parallelogram  of  forces ,  which  has  many  appli¬ 
cations,  and  which  will  be  used  to  solve  transportation 
problems.  The  principle  may  be  stated  as  follows:  If  two 
concurrent  forces  are  represented  in  magnitude  and  direction 
by  the  adjacent  sides  of  a  parallelogram ,  the  diagonal  of  th& 
parallelogram ,  drawn  from  the  point  of  application  of  the  forces 
represents  the  magnitude  and  direction  of  the  resultant  force. 

Arising  out  of  this  principle  are  some  important  corollary 
principles. 


(1)  Thi  ee  foices  acting  at  a  point  are  in  equilibrium  when 
any  one  of  them  is  equal  in  magnitude  and  opposite  in  direc¬ 
tion  to  the  resultant  of  the  other  two. 

(2)  The  resultant  of  two  concurrent  forces  increases  as  the 
angle  between  them  decreases. 
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(3)  The  resultant  of  two  unequal  forces  lies  nearer  the 
larger  force. 

The  first  of  these  three  statements  is  sometimes  referred  to 
as  the  first  condition  of  equilibrium. .  An  alternative  statement 
of  the  same  law  is:  When  any  object  is  in  equilibrium,  the' 
resultant  of  all  the  forces  acting  on  it  is  zero. 

What  is  the  moment  of  a  force?  The  forces  under  discussion  so  far 
have  been  those  which  pushed  objects  or  pulled  them  in  a  straight  line. 
In  dealing  with  levers,  we  must  consider  forces  of  rotation,  which  act  in 

a  circular  path.  If  a  force  is 
applied  at  A  (Fig.  12-5)  to  raise 
the  weight  at  B,  the  path  followed 
by  the  weight  as  it  moves  to  Bi 
is  an  arc  of  a  circle.  At  the  same 
time  the  force  moves  from  A  to 
Aj,  and  its  path  is  also  the  arc  of 
a  circle.  Similar  applications  of 
rotational  forces  are  very  common 
in  the  mechanical  devices  used  for 
transportation.  The  turning  effect 
of  such  a  force  is  called  its  moment. 

How  are  moments  of  force  measured?  The  lifting  power  of  a  lever 
depends  on  the  length  of  the  lever  arm.  It  will  be  recalled  that  the  law 
of  the  lever  says : 

Effort  X  effort  arm  =  Resistance  X  resistance  arm. 

This  is  an  application  of  the  principle  of  moments.  The  moment  of  a  force 
is  obtained  by  multiplying  the  force  by  its  distance  from  the  turning  point, 
or  fulcrum.  Moments  may  act  in  either  a  clockwise  or  an  anti-clockwise 
direction.  In  Fig.  12-5,  the  resistance  has  an  anti-clockwise  moment  and 
the  effort  has  a  clockwise  moment.  The  principle  of  moments  states  that 
under  conditions  of  equilibrium  the  clockwise  moment  is  equal  to  the  anti¬ 
clockwise  moment.  We  may  consider  an  anti-clockwise  moment  as 
positive  and  a  clockwise  moment  as  negative.  The  principle  of  moments 
then  becomes  the  second  condition  of  equilibrium  and  may  be  stated  thus : 
When  any  object  is  in  equilibrium,  the  sum  of  the  moments  of  the  forces  acting 
on  it  is  zero. 

How  is  gravity  related  to  weight?  From  the  time  of  Galileo’s 
experiments  with  falling  bodies,  scientists  have  known  that 
there  is  a  definite  relationship  between  gravity  and  weight,  but 
it  was  not  until  1687,  when  Sir  Isaac  Newton  published  his 
“Principia”,  that  the  relationship  was  established.  One  of  the 
most  important  principles  that  Newton  enunciated  in  that 
book  was  his  Laic  of  Universal  Gravitation.  This  law  states 
that  any  two  objects  attract  each  other  with  a  force  that  is 
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directly  proportional  to  the  product  of  their  masses  and  in¬ 
versely  proportional  to  the  square  of  the  distance  between  their 
centres.  This  law  has  an  important  bearing  on  our  conception 
of  weight. 

The  terms  mass  and  weight  are  often  confused  and  we  should 
be  very  clear  as  to  their  true  meanings.  Mass  is  defined  as  the 
amount  of  matter  in  an  object,  whereas,  as  Newton’s  law  sug¬ 
gests,  the  weight  of  an  object  is  the  gravitational  force  exerted 
upon  it  by  the  earth. 

According  to  Newton’s  law,  the  gravitational  force  between 
the  earth  and  any  other  body  is  proportional  to  the  product  of 
theii  masses.  Hence,  the  weight  of  an  object  is  a  measure  of 
the  amount  of  matter  in  it.  But  the  law  also  states  that  the 
force  of  attraction  varies  inversely  as  the  square  of  the  distance 
between  the  centre  of  the  earth  and  that  of  the  object.  This 
means  that  if  by  some  means  we  could  take  the  object  4000 
miles  away  from  the  surface  of  the  earth  it  would  weigh  only 
one-quarter  as  much  as  it  does  while  at  the  earth’s  surface. 
Of  more  practical  importance  is  the  fact  that  a  mass  of  1000 
grams,  taken  to  the  top  of  a  4000-foot  mountain,  has  a  weight 
of  only  about  998  grams.  Moreover,  since  the  earth  is  not  a 
pei feet  spheie,  the  distance  of  an  object  from  the  earth’s  centre 
and  consequently  its  weight,  depend  on  its  geographic  location. 
We  see,  then,  that  units  of  weight  are  not  completely  reliable 
units  for  the  measurement  of  mass. 

How  does  the  force  of  gravity  affect  the  stability  of  an  object? 

A  very  impoitant  consideration  with  regard  to  a  moving  object 
is  its  stability.  An  automobile  would  not  be  of  much  use  to  us 
if  it  had  a  tendency  to  topple  over  at  every  curve  in  the  road, 
nor  would  a  ship  be  a  practical  means  of  transportation  if  there 
were  danger  of  its  capsizing  in  any  but  a  calm  sea. 

We  know  that  all  matter  is  made  up  of  tiny  particles  called 
molecules.  If  the  force  of  gravity  acts  on  all  bodies,  it  must  be 
acting  separately  on  each  individual  molecule.  The  weight  of 
an  object  is  the  cumulative  effect  of  all  the  little  gravitational 
forces  applied  to  all  of  its  molecules.  Weight  is  not  a  single 
force  but  the  resultant  of  a  large  number  of  forces.  A  resultant 
is  a  single  force  and  must  have  a  single  point  of  application 
In  this  case,  the  point  of  application  is  called  the  centre  of 


416 


SCIENCE  AND  PROGRESS 


gravity.  The  centre  of  gravity  of  any  object  is  that  point  where 
the  force  of  gravity  acts  as  if  all  the  mass  of  the  object  were 
concentrated  there. 

The  position  of  the  centre  of  gravity  determines  the  stability 
of  an  object.  In  Fig.  12-6,  a  tall  block  stands  on  a  moveable 

board.  Since  the  block 
is  symmetrical,  its 
centre  of  gravity  is  at 
its  geometric  centre. 
When  the  block  is  in 
positions  1  and  2  the 
gravitational  force,  act- 
z  £  3  ing  downward  from  the 

Fig.  12-6.  Gravitational  force  affect, 'the  «ntre  °f  gravity,  is 
stability  of  objects.  balanced  by  the  up¬ 

ward  force  of  the  board 
against  the  block.  In  position  3,  the  gravitational  force,  still 
acting  from  the  centre  of  gravity,  does  not  pass  through  the 
base  of  the  block.  The  weight  of  the  block,  no  longer  equalized 
by  the  upward  pressure  of  the  board,  has  an  unbalanced 
moment  of  rotation,  and  the  block  falls  over. 


Courtesy  J.  M.  Wood  Motors 


Fig.  12-7a.  A  sedan  that  was  popular  about  1910. 
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Courtesy  Chrysler  Corporation 

Fig._  12-7b.  The  modern  sedan  with  low  centre  of  gravity  is  more  stable  than 
earlier  models.  Note  also  the  streamlining  in  this  late  modeL 


From  this  demonstration  we  can  conclude  that,  whenever  a 
vertical  line  from  the  centre  of  gravity  of  an  object  passes 
through  its  supporting  base,  the  object  is  in  a  position  of 
equilibrium.  It  is  easy  to  see  that  the  taller  an  object  is  with 
respect  to  its  width  the  less  stable  it  is  because  of  the  small 
amount  of  movement  necessary  to  bring  the  line  through  the 
centre  of  gravity  outside  the  base.  A  broad  base  and  a  low 
centre  of  gravity  contribute  stability  to  any  object. 

What  sort  of  motion  takes  places  under  the  influence  of 
gravity?  Prior  to  the  time  of  Galileo,  it  was  accepted  as  a  fact 
that  heavy  objects  fell  at  a  faster  rate  than  light  ones.  Even 
today  many  people  would  be  inclined  at  first  glance  to  sub¬ 
scribe  to  the  same  view.  Yet  experiments  Galileo  performed 
over  three  hundred  years  ago  proved  that  all  objects  fall  at 
the  same  rate. 

If  we  were  to  repeat  one  of  his  experiments  we  would 
rediscover  some  very  significant  facts  about  both  falling  objects 
and  motion  in  general.  If  we  dropped  objects  from  various 
heights,  we  would  find  that  an  object  falls  16  feet  in  the  first 
second,  64  feet  in  the  first  two  seconds,  and  144  feet  in  the  first 
three  seconds.  The  fact  that  a  greater  distance  is  covered  dur¬ 
ing  each  succeeding  second  indicates  that  the  speed  is  increas¬ 
ing.  This  increase  in  speed  is  called  acceleration.  When  we 
look  at  these  distances  again,  we  see  that  they  are  in  the 
proportion  of  1  to  4  to  9.  Comparing  these  figures  with  the 
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time  intervals  of  1,  2,  and  3  seconds,  we  find  that  the  distance 
travelled  in  each  instance  is  proportional  to  the  square  of  the 
elapsed  time. 

Here  we  have  illustrated  one  of  the  fundamental  character¬ 
istics  of  motion.  When  a  body  is  moving  with  a  constant 
acceleration  there  is  a  definite  relationship  between  the  distance 
travelled  and  the  time  which  has  elapsed.  In  order  to  clarify 
this  relationship  we  must  now  investigate  the  characteristics 
of  motion  in  general. 

What  are  the  important  terms  used  in  explaining  simple 
motion?  The  .first  term  we  must  define  is  motion  itself.  A 
moving  object  moves  from  one  place  to  another  and  the 
definition  is  as  simple  as  that.  Motion  is  a  continuous  change 
in  position.  The  moving  object  may  follow  a  curved  path  or  a 
straight  line.  Motion  in  a  straight  line  is  referred  to  as 
rectilinear  motion.  If  the  speed  of  the  object  which  is  moving 
in  a  straight  line  does  not  vary,  the  object  is  moving  with 
uniform  rectilinear  motion.  Motion  is  said  to  be  uniform  if 
the  object  moves  equal  distances  in  equal  intervals  of  time. 

The  terms  speed  and  velocity ,  often  confused,  must  now  be 
distinguished  from  each  other.  A  simple  example  will  serve. 
Suppose  two  ships  leave  the  same  port,  one  travelling  north  at 
the  rate  of  twenty  knots,  and  the  other  travelling  south  at 
twenty  knots.  They  have  the  same  speed  but  different  velocities. 
Speed  concerns  only  the  rate  of  motion,  whereas  velocity 
implies  both  speed  and  direction.  Velocity  is  a  vector  quantity 
(page  411). 

Just  as  a  body  can  be  acted  on  by  two  or  more  forces,  so  an 
object  may  have  two  or  more  component  velocities,  and  the 
resultant  velocity  is  found  by  means  of  a  parallelogram  of 
velocities.  Suppose  a  ship  is  travelling  North  at  eight  knots  in 
a  tidal  current  which  flows  East  at  six  knots.  It  has  two 
velocities,  for  as  it  steams  North  it  is  being  pulled  East  by  the 
tide.  If  we  construct  a  velocity  diagram  (Fig.  12-8)  it  will 
indicate  that  the  resultant  velocity  of  the  ship  is  ten  knots  in  a 
direction  some  53  degrees  North  of  East. 

What  are  the  equations  of  rectilinear  motion?  Our  thinking 
about  any  scientific  principle  is  clarified  if  it  can  be  condensed 
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into  a  mathematical  equation  or  formula.  The  relationships 
between  distance,  time,  velocity  and  acceleration  in  cases  of 
rectilinear  motion  can  be  so  condensed. 

The  average  velocity  equation. 

Let  us  suppose  a  car  is  travelling 
at  a  velocity  of  20  miles  per  hour. 

If  it  travels  for  three  hours  it  will 
cover  a  distance  of  60  miles.  If 
we  call  the  distance  travelled  d, 
the  velocity  v,  and  the  time  t, 
then  the  relationship  between 
these  quantities  is  expressed  by  the 
equation: 

d  =  vt 

Objects  rarely  move  at  a  constant 
speed.  A  motorist,  for  example, 
must  slow  up  from  time  to  time 
for  traffic,  curves,  intersections  and 
the  like.  The  car  which  travels  60 
miles  in  three  hours  would  make  FlG-  12'8‘  A  veIocity  diagram- 
many  changes  in  speed  in  that  time.  Twenty  miles  per  hour  is 
not  its  true  velocity  but  its  average  velocity.  In  other  equations 
the  letter  v  will  be  used  to  refer  to  the  final  velocity  of  an 
object  which  is  moving  with  an  increasing  velocity.  We  there¬ 
fore  represent  the  average  velocity  by  the  symbol  v  (read  v-bar), 
and  our  equation  is  written: 

d  =  vt 

The  equation  for  uniform  acceleration.  We  have  been  speaking  of 
acceleration  in  very  general  terms  as  a  continued  increase  in  speed.  We 
must  now  consider  it  more  carefully.  Let  us  suppose  a  racing  car  starting 
from  rest  and  gathering  speed  at  a  constant  rate  reaches  a  speed  of  82 
miles  per  hour  at  the  end  of  two  minutes.  During  each  minute  its  speed 
increases  by  41  miles  per  hour.  Its  rate  of  gain  in  speed,  or  acceleration, 
is  41  miles  per  hour  per  minute. 

In  order  to  avoid  confusion,  it  is  customary  in  physics  to  express  all 
distances  in  feet  and  all  time  intervals  in  seconds.  In  the  above  example, 
therefore,  the  final  speed  of  82  miles  per  hour  should  have  been  converted 
to  feet  per  second.  Since  there  are  5280  feet  in  a  mile  and  3600  seconds 

5280 

in  an  hour,  the  conversion  is  accomplished  by  multiplying  by  This 

22 

fraction  may  be  reduced  by  cancellation  to  qyand  should  be  memorized  in 
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this  form  as  a  convenient  conversion  factor.  The  elapsed  time  should  also 
have  been  converted  to  120  seconds.  The  acceleration  of  the  car  would 
then  have  turned  out  to  be  one  foot  per  second  per  second.  This  quantity 
is  abbreviated  for  convenience  to  1  ft./sec2.  What  such  acceleration  means 
is  expressed  in  Table  No.  20. 


Elapsed  Time 

1  sec. 

2  sec. 

3  sec. 

4  sec. 


TABLE  NO.  20 
Acceleration 
1  ft./sec.2 
1  ft./sec.2 
1  ft./sec.2 
1  ft./sec.2 


Final  Speed 

1  ft./sec. 

2  ft./sec. 

3  ft./sec. 

4  ft./sec. 


From  the  table  it  appears  that  at  the  end  of  each  second  the  speed  can  be 
found  by  multiplying  the  time  by  the  acceleration.  This  relationship  is 
expressed  by  the  formula : 

v  —  at 

Here  v  represents  final  velocity,  a  represents  the  uniform  acceleration,  and 
t  represents  the  time. 

The  relationship  between  acceleration,  time,  and  distance. 

Since  the  racing  car  which  we  have  been  considering  started  from  rest  and 
had  a  constant  acceleration,  its  average  speed  during  the  time  it  has  been 
moving  is  one-half  its  final  speed.  For  example,  during  the  first  two 
seconds  its  average  speed  was  1  ft./sec.,  and  during  the  first  three  seconds 
it  averaged  \J/2  ft./sec.  In  general,  if  v  represents  final  velocity  and  v  average 
velocity,  it  is  true  of  any  object  starting  from  rest  that 

v  --  y2v 

Since  we  have  already  developed  the  relationship 

v  —  at 

we  can  therefore  say  that 

v  =J/2at 

Now  according  to  the  average  velocity  equation  developed  in  a  previous 
section  (p.  419) 

d  =  vt 

Substituting  y2at  for  v  in  this  equation,  we  find  that 

d  =  y2at 2 

This  formula  enables  us  to  calculate  the  distance  travelled  in  any  given 
interval  of  time  by  any  object  which  starts  from  rest  and  has  a  constant 
acceleration.  One  common  example  of  this  kind  of  motion  is  that  of 
falling  objects.  In  this  case  the  equation  is  often  written: 

d  =  Vigf 

where  g,  the  acceleration  due  to  gravity,  is  32  ft./sec.2,  or  in  metric  units, 
980  cm./sec.2. 


What  are  Newton’s  Laws  of  Motion?  Sir  Isaac  Newton,  the 
great  English  scientist  of  the  seventeenth  century,  laid  the 
foundation  for  our  present  day  knowledge  of  the  fundamentals 
of  physics,  and  our  modern  ideas  of  mechanics  are  based  largely 
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on  his  three  laws  of  motion.  In  the  preceding  paragraphs  we 
have  been  considering  various  kinds  of  motion.  Newton  was 
interested  in  discovering  the  cause  of  motion.  In  his  first  law 
he  developed  the  concept  of  inertia. 


Inertia  and  Newton’s  First  Law. 

Ignoring  the  transportation  com¬ 
pany’s  very  carefully  displayed  advice, 
many  of  us  at  one  time  or  another 
have  stepped  from  a  bus  or  street  car 
before  the  vehicle  stopped  moving, 
and  have  been  somewhat  rudely  thrust 
forward  by  an  unseen  force.  Many  of 
us  have  attempted  to  cross  an  un¬ 
lighted  room  and  had  a  brief  but 
painful  encounter  with  a  chair  or 
chesterfield  which  would  not  start 
moving.  In  each  case  we  had  a  demon¬ 
stration  of  Newton’s  first  laic  of 
motion  which  states  that  a  body  per¬ 
sists  in  a  state  of  uniform  motion  in 
a  straight  line,  or  in  a  state  of  rest, 
unless  acted  upon  by  an  outside  force. 
This  tendency  of  matter  to  remain  at 
rest  or  in  motion  is  called  inertia. 
Hence,  a  force  is  that  which  overcomes 
inertia. 


Momentum  and  Newton’s  second 
law.  Newton’s  second  law  of  motion 
is  concerned  with  the  size  of  the  out¬ 
side  force  mentioned  in  the  first  law 
and  with  the  effect  of  that  force  on  the 
motion  of  the  object  on  which  it  acts. 

Before  discussing  the  second  law,  we 
must  investigate  yet  another  characteristic  of  moving  objects. 
Everyone  knows  that  because  of  its  velocity,  it  is  difficult  to 
stop  a  swiftly  moving  baseball.  It  is  likewise  difficult  to  stop 
a  rolling  log  because  of  its  mass.  As  suggested  in  these  two 
examples,  the  quantity  of  motion  in  a  body  depends  upon  two 


Courtesy  Island  Tug  and  Barge 

Fig.  12-9.  A  familiar  sight  in 
coastal  waters.  The  tug  provides 
the  force  which  moves  the  harge. 
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factors,  its  mass  and  its  speed.  These  two  factors  together  give 
to  a  moving  object  its  momentum.  A  small  object  can  have  a 
great  momentum  if  it  is  moving  very  fast,  and  a  slow  moving 
body  can  have  a  great  momentum  if  it  has  a  large  mass. 
Momentum  is  defined  as  the  product  of  the  mass  of  a  body  and 
its  velocity : 

Momentum  =  mv 

The  effect  of  an  external  force  on  any  object  is  to  produce 
a  change  in  its  momentum.  When  the  force  acts  for  a  short 
time  it  produces  a  small  change  in  momentum;  when  it  acts  for 
a  long  time  it  produces  a  great  change  in  momentum.  Similarly, 
a  large  force  causes  a  more  rapid  change  in  momentum  than  a 
smaller  one.  These  facts  are  expressed  in  Neiuton’s  second  laiv 
which  states  that  rate  of  change  in  momentum  is  proportional 
to  the  applied  force  and  acts  in  the  direction  in  which  the  force 
is  applied. 

Since  the  application  of  a  given  external  force  on  a  body 
produces  a  definite  rate  of  change  in  momentum  it  must 
produce  a  definite  rate  of  change  in  velocity,  for  momentum  is 
the  product  of  mass  and  velocity,  and  the  mass  of  the  body  does 
not  change.  Hence,  the  second  law  may  be  expressed  in  a 
slightly  different  way  as  follows:  The  force  applied  to  a  body  is 
proportional  to  the  product  of  its  mass  and  acceleration,  and 
the  acceleration  is  produced  in  the  direction  of  the  force. 

The  Absolute  Unit  of  Force.  Physicists  have  used  Newton’s  second  law 
to  set  up  a  unit  for  the  measurement  of  forces  which  has  none  of  the 
geographical  variations  of  the  gram  or  the  pound.  For  this  reason  it  is 
called  the  absolute  unit  of  force.  It  is  that  force  which  will  give  a  mass 
of  one  gram  an  acceleration  of  one  cm./sec2,  and  it  is  called  a  dyne.  Now 
a  gram  of  force  is  the  pull  of  the  earth  on  a  mass  of  one  gram,  and  it  was 
indicated  earlier  that  that  force  gives  to  this  mass  an  acceleration  of 
980  cm./sec.2.  It  follows  that  it  takes  980  dynes  to  make  a  force  of  one 
gram.  When  we  consider  that  a  gram  is  not  much  more  than  one-thirtieth 
of  an  ounce  we  realize  that  the  dyne  is  an  exceedingly  small  force.  It  is 
about  equal  to  the  weight  of  a  very  small  raindrop,  one  with  a  volume  of 
one  cubic  millimetre. 

Formula  for  the  second  law.  Having  defined  a  dyne,  we  can 
use  it  in  developing  a  formula  to  express  Newton’s  second  law 
in  short  form.  Suppose  that  a  force  of  /  dynes  acting  on  a  body 
for  t  seconds  produces  a  momentum  mv.  The  momentum 

7TIV 

acquired  per  second  is-y-.  This  rate  of  change  of  momentum 
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is  equal  to  the  force  in  dynes. 

f  = 


mv 

~T 


This  equation  corresponds  with  the  first  statement  we  gave  for 
Newton’s  second  law. 

In  our  study  of  accelerated  motion  (p.  420),  we  developed  the 
equation 

v  =  at 

V 

We  may  therefore  substitute  a  for— in  the  second  law  equation, 
which  then  becomes 

/  =  ma 

This  equation  expresses  our  second  statement  of  Newton’s 
second  law. 

Both  of  these  equations  for  the  second  law  are  true  only  if 
we  are  careful  to  express  the  various  quantities  in  the  proper 
units:  mass  in  grams,  velocity  in  cm./sec.,  acceleration  in 
cm./sec.2  time  in  seconds,  and  force  in  dynes.  In  many  practical 
problems  the  force  is  not  expressed  in  dynes  but  in  grams  or 
pounds.  In  this  case  the  two  formulas  for  Newton’s  second  law 
should  be  written: 

/  =  — -and  /  = - 

g*  g 

In  these  equations,  g  is  the  gravitational  acceleration  (p.  420). 
If  we  use  980  cm./sec.2  as  the  value  of  g,  force  and  mass  can 
both  be  expressed  in  grams.  If  we  use  32  ft./sec.2  for  the  value 
of  g ,  both  can  be  expressed  in  pounds. 

It  is  also  to  be  remembered  that,  like  most  laws  of  physics, 
this  law  covers  more  than  simple  situations.  When  a  steamship 
is  ploughing  its  way  across  an  ocean  current  on  a  windy  day  it 
has  three  velocities,  for  the  progress  of  the  ship  is  affected  by 
several  forces,  including  those  exerted  by  (1)  the  propellers, 
(2)  the  ocean  current,  and  (3)  the  wind.  Accordingly,  the 
skipper  must  consider  the  effect  of  each  of  these  three  forces 
when  plotting  his  course.  We  can  summarize  this  observation 
by  saying  that  when  two  or  more  forces  are  acting  on  a  body 
each  tends  to  produce  an  acceleration,  and  each  acts  independ¬ 
ently,  producing  its  oxen  effect  as  if  it  were  acting  alone.  This 
fact  is  used,  for  example,  in  setting  the  sights  of  a  gun. 
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Although  the  sights  point  at  the  target,  the  barrel  of  the  gun 
points  above  the  target  because,  regardless  of  the  speed  of  the 
bullet,  gravity  will  cause  the  bullet  to  fall  sixteen  feet  during 
the  first  second  of  flight, 

Newton’s  third  law.  In  his  original  statement  of  his  third 
law,  Newton  said  that  to  every  action  there  is  an  equal  and 
opposite  reaction.  His  terms  “action”  and  “reaction”  refer  to 
forces.  Using  terms  with  which  we  are  more  familiar,  we  might 
re-state  the  law  in  these  words:  “It  is  impossible  to  exert  a  force 
on  any  object  without  at  the  same  time  exerting  an  equal  force 
on  some  other  object  in  the  opposite  direction.”  (Fig.  12-10). 


Fig.  12-10.  The  forces  exerted  on  the  two  balances  are  equal. 

A  simple  illustration  of  the  working  of  the  third  law  is  in 
the  operation  of  rowing  a  boat.  With  the  blades  of  the  oars  the 
rower  pushes  the  water  backward.  Automatically,  the  boat  is 
pushed  forward  by  an  equal  force.  The  same  principle  applies 
to  the  process  of  walking.  We  use  our  leg  muscles  to  exert  a 
backward  force  against  the  ground.  Automatically,  the  ground 
exerts  an  equal  force  urging  us  forward.  The  process  is  even 
clearer  in  the  case  of  a  sprinter.  Before  the  start  of  the  race 
he  digs  holes  at  the  starting  line  so  that,  by  placing  his  spikes 
against  the  back  of  the  hole,  he  can  exert  a  greater  backward 
force.  In  return,  the  ground  gives  him  a  flying  start  by  exerting 
a  greater  forward  reaction. 

Now,  according  to  Newton’s  second  law,  when  a  force  is 
applied  a  change  in  momentum  is  produced.  Hence,  it  follows 
from  the  third  law  that  ichenever  a  body  acquires  momentum 
some  other  body  acquires  an  equal  momentum  in  the  opposite 
direction. 

The  “kick”,  or  recoil,  of  a  rifle  illustrates  this  statement  of 
the  third  law.  When  the  explosion  takes  place  the  bullet  is 
pushed  forward  at  a  very  high  velocity,  and  the  rifle  is  pushed 
back  at  a  much  slower,  but  very  definite  rate.  Suppose  the 
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bullet  weighs  one-half  ounce  and  the  rifle  ten  pounds,  and  that 
the  muzzle  velocity  of  the  bullet  is  3200  feet  per  second.  Using 
the  formula  mv  for  momentum  and  expressing  all  weights  in 
pounds,  we  find  that  the  momentum  gained  by  the  bullet  is 

29  X  3200,  or  100  units.  According  to  the  third  law,  the  recoil 

momentum  of  the  rifle  is  also  100  units.  Since  the  mass  of  the 
rifle  is  10  pounds,  its  recoil  velocity  is  10  feet  per  second. 

The  operation  of  the  new  jet-propelled  aircraft  depends  on 
the  same  recoil  principle.  The  exhaust  gases,  although  rela¬ 
tively  small  in  mass,  are  emitted  with  a  terrific  velocity,  and 
consequently  have  acquired  a  high  momentum.  The  automatic 
operation  of  Newton’s  third  law  gives  the  aeroplane  an  equal 
momentum  in  the  opposite  direction. 

What  are  the  units  of  “work”,  “energy”,  and  “power”? 

Work  and  energy.  At  the  beginning  of  our  discussion  of 
motion  (p.  409)  we  referred,  in  rather  general  terms,  to  the  work 
equation 

W  =  fd. 

We  can  now  be  more  specific.  We  have  referred  to  three  units 
of  force,  the  pound,  the  gram  and  the  dyne.  From  each  of  these 
is  derived  a  unit  for  the  measurement  of  work.  If  the  force 
which  produces  motion  is  measured  in  pounds  and  the  distance 
through  which  it  acts  is  measured  in  feet,  then  the  work  done 
is  expressed  in  foot-pounds.  Similarly,  in  the  metric  system, 
the  distance  may  be  measured  in  centimetres,  the  force  in 
grams,  and  the  work  done  expressed  in  gram-centimetres. 

It  has  been  indicated,  however,  that  the  fundamental  force 
unit  is  the  dyne  (p.  422).  Accordingly,  when  we  make  our 
measurements  in  metric  units  work  is  commonly  expressed  in 
dyne-centimetres.  This  unit  of  work  is  also  called  an  erg. 
Since  a  dyne,  as  we  have  seen,  is  an  exceedingly  small  force  and 
a  centimetre  is  a  small  distance,  the  erg  is  likewise  a  very  tiny 
amount  of  work.  Because  the  erg  is  so  small,  another  unit  of 
work,  the  joule ,  has  been  adopted.  A  joule  is  defined  as  being 
equal  to  10,000,000  ergs  of  work.  A  joule  of  work  is  a  little 
less  than  three-quarters  of  a  foot-pound  (.738  ft.-lb.) 

A  body  which  can  do  work  possesses  energy.  The  amount  of 
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work  it  does  is  equal  to  the  energy  it  gives  up  while  doing  the 
work.  This  energy  is  measured  in  the  same  units  as  are  used 
to  measure  work,  namely,  the  foot-pound,  the  gram-centimetre, 
the  erg  and  the  joule. 


Power.  Power  is  the  rate  at  which  work  is  being  done. 


The  units  for  measuring  power  are  therefore  related  to  the 
work  units.  If  work  is  being  done  at  the  rate  of  550  foot-pounds 
per  second,  the  power  is  said  to  be  one  horse-power.  This 
definition  leads  to  the  further  power  equation 


H.P. 


W 

550; 


where  W  is  the  work  in  foot-pounds  and  t  the  time  in  seconds. 

The  metric  unit  of  power  is  the  watt,  which  is  defined  as  one 
joule  of  work  per  second.  The  watt  is  a  rather  small  unit  of 
power  (746  watts  equal  one  H.P.),  and  power  is  often  expressed 
in  kilowatts  (1000  watts  equal  one  kw.). 


What  kinds  of  energy  are  most  directly  related  to  motion? 

The  student  is  doubtless  aware  that  there  are  several  forms  of 
energy  including  chemical  energy,  heat,  mechanical  energy, 
and  radiant  energy.  Two  types  of  mechanical  energy  are 
closely  related  to  motion  problems  and  have  formulas  which 
are  related  to  the  motion  formulas. 


Potential  energy.  When  a  hundred-pound  iron  weight  rests 
upon  level  ground  it  is  not  capable  of  doing  work.  If  it  is  lifted 
ten  feet  off  the  ground,  however,  it  is  able  to  do  work,  for  if  it 
is  dropped  it  may  impart  motion  to  any  small  object  on  which 
it  falls.  The  act  of  lifting  the  weight  has  given  it  potential 
energy.  According  to  the  law  of  conservation  of  energy,  the 
potential  energy  it  has  gained  is  equal  to  the  work  done  in 
lifting  it.  The  force  required  to  lift  it  was  equal  to  its  weight 
of  100  pounds,  and  the  distance  through  which  the  force  acted 
was  the  height  of  10  feet.  The  amount  of  work  done  on  it,  and 
therefore  the  amount  of  potential  energy  which  it  contains,  is 
1000  foot-pounds.  This  example  illustrates  the  potential 
energy  equation 


P.E.  =  mh  ft.-lb. 
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In  this  equation,  if  mass  is  in  pounds  and  height  in  feet,  the 
energy  is  expressed  in  foot-pounds.  If  the  mass  is  in  grams  and 
the  height  in  centimetres,  the  energy  is  expressed  in  gram- 
bering  that  the  erg  is  a  dyne-centimetie  and  a  gram  of  force  is 
centimetres.  We  may  wish  to  express  the  energy  in  ergs.  Remem- 
980  dynes,  we  may  write  the  formula 

P.E.  =  mgh  ergs 

where  P.E.  is  in  ergs,  m  in  grams,  h  in  centimetres,  and  g  is  the 
gravitational  acceleration  of  980  cm./sec.2. 


Kinetic  energy.  When  the  hundred-pound  weight  has  fallen 
from  its  ten-foot  height,  it  has  lost  all  the  potential  energy  it 
contained.  It  now  contains  that  energy  in  another  form, 
energy  of  motion,  or  kinetic  energy.  To  trace  the  relationship 
between  the  formulas  for  the  two  kinds  of  energy  is  perhaps 
too  difficult  to  be  useful  in  the  present  discussion.  It  will  be 
sufficient  to  set  forth  the  kinetic  energy  equation: 


K.E.  =  1 


mv~ 

g 


ft.-lb. 


Here  the  mass  may  be  expressed  in  pounds,  velocity  in  feet  per 
second,  g ,  the  gravitational  acceleration,  as  32  ft./sec.2,  and  the 
resulting  kinetic  energy  in  foot-pounds.  Again,  if  mass  is 
expressed  in  grams,  velocity  in  centimetres  per  second,  and  g  as 
980  cm./sec.2,  the  kinetic  energy  will  be  expressed  in  gram- 
centimetres. 


As  in  the  case  of  potential  energy,  if  the  energy  is  to  be 
expressed  in  ergs  we  must  multiply  the  energy  in  gram- 
centimetres  by  980.  In  this  case  the  equation  becomes  simply 

K.E.  =  \mv2  ergs. 

Energy,  motion  and  transportation.  Energy  is  one  of  the 
most  important  factors  in  problems  of  motion  and  of  trans¬ 
portation.  The  story  of  the  discovery  of  new  sources  of  energy 
is  the  story  of  man’s  progress  in  the  field  of  transportation. 
Accordingly,  the  next  chapter  will  be  devoted  to  a  study  of 
how  scientists  and  engineers  have  developed  new  sources  of 
energy,  new  methods  of  utilizing  known  sources  of  energy,  and 
new  solutions  to  the  problems  of  transfer  of  energy  from  one 
place  to  another  and  transformation  of  energy  from  one  kind 
to  another. 
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ACTIVITIES 

A 

*1.  Problem — To  study  the  parallelogram  of  forces. 

Perform  the  experiment  described  on  page  413  (Fig.  12-4),  using  three 
different  combinations  of  forces.  Put  a  large  piece  of  paper  behind  the 
point  where  the  three  strings  meet  and  trace  carefully  the  lines  of  action 
of  the  three  concurrent  forces.  Using  the  same  scale  throughout,  make 
the  required  force  diagrams.  Tabulate  your  results  under  the  following 
headings : 

Calculated  Actual  Resultant 

Force  A  Force  B  Resultant  {Weight  C) 

*2.  Problem — To  study  the  principle  of  equilibrium  of  moments. 

Weigh  a  metre  stick.  Suspend  it  in  a  horizontal  position  from  two 
spring  balances  as  illustrated  in  Figure  12-11.  Hang  a  weight  at  any  point 
on  the  metre  stick.  Using  any  point  on  the  stick  as  fulcrum,  and  remem¬ 
bering  that  the  weight  of  the  stick  is  a  downward  force  acting  at  the 
50-cm.  mark,  show  that  the  moments  of  the  forces  acting  on  the  stick 
satisfy  the  second  condition  of  equilibrium. 


Fig.  12-11. 


Repeat  the  experiment,  using  a  different  weight  and  attaching  it  and 
the  spring  balances  at  new  positions. 

*3.  Problem — To  study  the  motion  of  bodies  moving  under  the  influence 
of  gravity. 

Arrange  a  sloping  wooden  track  about  20  feet  long,  with  a  groove  down 
the  centre.  Raise  one  end  of  the  track  about  18  inches  above  the  other 
so  that  a  marble  will  roll  freely  down  the  slope.  Devise  a  stop-block  that 
can  be  moved  up  and  down  the  groove.  Use  a  metronome  to  measure 
second  intervals. 

Allow  the  marble  to  start  rolling  just  as  a  click  sounds  on  the  metro¬ 
nome.  Slide  the  stop-block  up  and  down  until  the  marble  strikes  it  exactly 
one  second  after  starting  to  roll.  Measure  the  distance  the  marble  has 
rolled  in  one  second.  Repeat  the  measurement  for  two-second  and  three- 
second  intervals. 
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What  is  the  relationship  between  the  time  and  the  distance?  What 
equation  expresses  this  relationship?  Which  of  Newton’s  laws  is  illus¬ 
trated  by  this  experiment? 

B 

1.  Draw  a  force-diagram  to  illustrate  the  forces  acting  on  a  hammock 
which  is  in  use.  Indicate  the  lines  which  represent  two  component  forces. 
Draw  their  resultant.  Indicate  the  line  which  represents  the  equilibrant 
of  the  two  components  (the  force  which,  opposing  them,  produces 
equilibrium). 

2.  Many  simple  machines  depend  on  the  principle  of  equilibrium  of 
moments.  List  three  or  four  examples. 

3.  Forces  of  15  and  20  pounds  are  acting  at  right  angles  to  each  other. 
Draw  a  force-diagram  to  illustrate  and  measure  their  resultant.  Check 
your  drawing  by  calculating  the  resultant. 

4.  Two  objects  are  suspended  from  a  balanced  beam,  one  at  a  distance 
of  10  feet  from  the  fulcrum,  the  other  at  15  feet.  If  the  first  object  weighs 
30  pounds,  what  is  the  weight  of  the  second? 

5.  Use  the  concept  of  moments  to  explain  why  it  is  difficult  to  maintain 
one’s  balance  when  walking  on  stilts. 

6.  Which  will  have  the  greater  momentum,  a  10-pound  object  travelling 
5  feet  per  second,  or  a  one-ounce  object  travelling  720  feet  per  second? 
Which  will  have  the  greater  kinetic  energy? 

7.  If  a  racing  car  starts  from  rest  and  has  an  acceleration  of  8  feet  per 
sec.  per  sec.,  what  will  be  its  velocity  in  miles  per  hour  at  the  end  of 
11  seconds?  How  far  will  it  have  travelled? 

8.  When  an  object  is  dropped  from  a  plane  flying  at  1600  feet,  how  long 
will  it  take  to  reach  the  ground? 

9.  When  a  mass  of  20  grams  is  lifted  10  centimetres,  how  many  gram- 
centimetres  of  work  is  done  on  it?  By  how  many  ergs  has  its  potential 
energy  increased? 

10.  If  a  100-pound  bomb  is  released  at  an  altitude  of  10,000  feet,  how 
much  kinetic  energy  in  foot-pounds  will  it  have  when  it  reaches  the 
ground?  (Neglect  the  loss  of  energy  through  friction  with  the  air.) 

C 

1.  Work  done  is  equal  to  the  product  of - and - . 

2.  A  vector  quantity  has  both - and - . 

3.  The  three  units  commonly  used  to  measure  forces  are  the  - 

the - ,  and  the - — . 

4.  The  parallelogram  of  forces  enables  one  to  find  the  -  of  _ . 

5.  The  two  conditions  of  equilibrium  may  be  expressed  as  follows  : 

(2)  - - 

6.  The  gravitational  attraction  between  any  two  bodies  is  directly 

proportional  to  — — —  and  inversely  proportional  to  - . 

7.  The  stability  of  an  object  depends  on  the  size  of  its  -  and  the 

position  of  its  - . 

8.  Three  important  equations  which  concern  the  motion  of  a  uniformly 
accelerated  object  are: 

(1)  - ,  (2)  - ,  (3)  - . 
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9.  Newton’s  first  law  of  motion  states  that - . 

10.  Newton’s  second  law  is  expressed  by  the  equation  - . 

11.  Newton’s  third  law  states  that - 

12.  Work  is  usually  measured  in  - , -  or  - . 

13.  The  three  units  of  power  are  the  - — ,  the  -  and  the  - . 

14.  The  formula  for  potential  energy  is  - 

15.  The  formula  for  kinetic  energy  is  - . 

D 

1.  In  this  chapter  we  have  derived  certain  formulas  which  describe  the 
motion  of  an  object  which  starts  with  an  initial  velocity  of  zero,  undergoes 
a  constant  acceleration  a  for  a  period  of  t  seconds,  and  attains  a  final 
velocity  v.  List  these  formulas.  Derive  a  similar  set  of  formulas  for  an  object 
which  has  an  initial  velocity  u,  undergoes  a  constant  acceleration  a  for  t  seconds 
and  attains  a  final  velocity  v. 

2.  A  jet-propelled  aeroplane  draws  in  air  from  in  front  of  it,  burns  fuel 
in  its  jet  unit,  and  expels  the  hot  gases  behind  it.  A  rocket  plane  carries 
within  it  both  its  fuel  and  its  oxygen  supply.  Both  these  planes  are 
practical  applications  of  one  of  Newton’s  laws  of  motion,  but  one  plane  is 
capable  of  operating  outside  the  earth’s  atmosphere,  while  the  other  is  not. 
Explain. 

3.  A  uniform  metre  stick  has  two  forces  applied  to  it :  one  force  of  20 
grams  acting  upward  at  the  20-cm.  mark,  and  another  force  of  20  grams 
acting  downward  at  the  80-cm.  mark.  Such  a  combination  of  two  equal 
forces  acting  in  opposite  directions  at  different  points  on  an  object 
constitute  a  couple. 

Which  condition  of  equilibrium  is  satisfied  by  a  couple  and  which  is  not? 
Why  is  it  true  that  a  couple  cannot  be  balanced  by  a  single  force,  but  only 
by  another  couple? 


CHAPTER  13 


SOURCES  OF  READILY  AVAILABLE  ENERGY  ARE 
ESSENTIAL  TO  ALL  TRANSPORTATION  DEVICES 

As  soon  as  primitive  man  needed  to  move  loads  which  were 
beyond  the  capacity  of  his  strength,  he  had  to  explore  his 
environment  for  means  of  supplementing  his  own  energy. 
For  many  centuries,  his  resources  were  limited  to  such  natural 
agencies  as  the  wind,  running  water,  and  domestic  animals, 
and  these  he  used  with  little  or  no  mechanical  contrivance  on 
his  part.  It  is  only  during  the  last  century  and  a  half  that  we 
have  learned  to  convert  the  potential  energy  stored  in  wood, 
coal,  and  oil  into  useful  work.  In  fact,  most  of  the  mechanical 
appliances,  both  domestic  and  industrial,  which  today  are  taken 
for  granted,  were  not  in  existence  even  fifty  years  ago.  The 
debt  we  owe  to  scientists  of  the  past  hundred  years  in  this 
regard  is  one  which  every  student  should  know  and  appreciate. 

What  are  the  important  kinds  of  energy?  It  has  been  pointed 
out  in  Chapter  12  that  when  work  is  done,  energy  is  required 
to  do  that  work.  Hence  the  energy  available  in  any  system  is 
equal  to  the  work  it  is  capable  of  doing. 

In  general,  energy  exists  in  two  states,  potential  (or  stored) 
energy,  and  kinetic  energy,  which  is  the  energy  of  motion.  The 
problem  of  the  transportation  engineer  is  to  obtain  kinetic 
energy  from  a  reservoir  of  potential  energy.  There  are  many 
forms  of  potential  energy  from  any  of  which  kinetic  energy 
may  be  obtained.  As  many  of  them  have  little  or  no  bearing 
on  transportation,  they  will  merely  be  enumerated  here.  The 
most  important  forms  of  potential  energy  are  heat,  light, 
chemical,  electrical,  mechanical,  radiant  and  vital  energy. 
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How  is  energy  used?  All  moving  bodies  have  kinetic  energy 
which  they  have  acquired  either  at  the  expense  of  their  own 
potential  energy  or  from  some  source  or  sources  outside  them¬ 
selves.  Since  we  know  that  “the  sum  total  of  energy  of  the 
universe  is  always  the  same”  (the  law  of  conservation  of 
energy),  it  is  apparent  that  this  kinetic  energy  must  come  from 
somewhere.  It  must  have  existed  previously  in  some  other 
form.  Such  changes  from  one  kind  of  energy  to  another  are 
called  transformations,  and  work  is  always  done  by  virtue  of  a 
series  of  energy  transformations.  A  typical  chain  of  energy 
transformations  is  illustrated  in  Fig.  13-1. 

What  kinds  of  energy  are  useful  in  modern  transportation? 

To  be  of  value  for  transportation,  sources  of  energy  must  have 
certain  characteristics.  They  must  either  be  readily  movable 
so  that  they  may  be  carried  with  the  vehicle,  or  be  able  to 
deliver  energy  to  the  vehicle  while  it  is  in  motion.  They  must 
be  economical,  readily  available  along  the  route,  and 
dependable. 

Of  all  the  kinds  of  energy  available,  two  only  have  as  yet 
proved  to  have  all  these  essential  characteristics,  namely,  heat 
and  electricity.  The  former  requires  only  a  source  of  fuel, 


Fig.  13-1.  Energy  transformations. 
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which  can  be  carried  with  the  vehicle,  and  the  latter  delivers 
its  energy  through  wires  at  a  great  distance  from  the  source. 

Power  plants  for  transportation  may  thus  be  classified  in  two 
categories,  heat  engines  and  electric  motors.  The  steam  engine, 
steam  turbine,  and  internal  combustion  engine  are  the  main 
members  of  the  first  category;  the  electric  motor  is  the  sole 
practical  member  of  the  second. 

What  is  heat?  Before  commencing  a  detailed  study  of  heat 
engines,  we  must  investigate  the  nature  of  heat  and  some  of  its 
effects.  The  first  fact  to  be  understood  is  that  heat  exists  in  two 
forms.  It  may  be  transferred  through  space  as  a  wave  motion, 
known  as  radiant  heat,  or  it  may  exist  as  the  kinetic  energy  of 
moving  molecules. 

According  to  the  scientific  principle  known  as  the  kinetic 
molecular  theory,  all  matter  is  made  up  of  very  small  particles 
called  molecules.  These  particles  are  separated  by  space  and 
are  ceaselessly  in  motion  in  straight  lines.  They  have  perfect 
elasticity,  so  that  on  encountering  each  other  they  recoil.  When 
the  temperature  of  an  object  is  raised,  its  molecules  move 
faster,  and  consequently  their  kinetic  energy  is  increased. 

The  molecules  of  matter  in  the  solid  state  are  considered 
to  be  close  together  and  vibrating  in  such  a  manner  as  to  have 
a  constant  average  position.  The  maintenance  of  this  relatively 
fixed  position  implies  the  presence  of  a  force  which  restricts 
the  motion  of  the  molecules.  This  force  is  called  cohesion. 

When  a  solid  object  is  heated  there  is  an  increase  in  the 
kinetic  energy  of  its  molecules.  Eventually,  the  kinetic  energy 
of  the  molecules  becomes  so  great  that  the  cohesive  force  is  no 
longer  sufficient  to  keep  the  body  rigid.  At  this  point  the 
material  liquefies.  Further  heating  gives  many  of  the  molecules 
so  much  kinetic  energy  that  they  are  able  to  overcome  the 
cohesive  restraint  entirely,  escape  from  the  liquid,  and  become 
the  free  molecules  of  a  gas.  It  is  the  high  energy  of  these  free 
molecules  that  is  used  in  heat  engines. 

What  is  the  relation  between  heat  and  work?  The  pounding 
of  millions  of  free  molecules  of  steam  upon  the  pistons  of  steam 
engines  and  on  the  blades  of  steam  turbines  supplies  the  energy 
to  those  power  plants.  Similarly,  it  is  the  molecular  energy  of 
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rapidly  expanding  gas  in  the  cylinders  of  internal  combustion 
engines  that  produces  the  driving  force  on  their  pistons. 

That  there  was  a  definite  relationship  between  heat  and 
work  was  first  established  by  Count  Rumford  in  the  late 
eighteenth  century.  He  was  engaged  in  boring  cannon  for  the 
Prince  of  Bavaria  and  noticed  that  the  mechanical  process 
developed  enough  heat  to  boil  the  water  he  was  using  to  keep 
the  cannon  cool.  The  English  scientist,  James  Prescott  Joule, 
later  developed  a  method  of  measuring  what  he  referred  to  as 
“the  mechanical  equivalent  of  heat”.  His  apparatus  consisted 
of  a  system  of  paddle  wheels  in  an  insulated  tank  of  water. 
He  measured  both  the  heat  generated  in  the  tank  and  the 
energy  used  in  turning  the  paddles.  Modern  determinations, 
using  refinements  of  Joule’s  apparatus,  have  produced  the 
following  results  which  the  student  would  be  well  advised  to 
memorize: 

1  calorie  of  heat  =  4.19  joules  of  work. 

1  B.t.u.  of  heat  =  778  foot-pounds  of  work. 

The  law  of  conservation  of  energy  may  now  be  applied  to 
heat  engines  as  follows:  whenever  energy  is  put  into  any 
machine  an  exactly  equivalent  amount  of  energy  appears , 
either  as  useful  work  or  as  heat. 

Charles’  Law.  The  absolute  temperature  scale  and  heat 
engines.  The  expansion  which  drives  the  piston  of  an  internal 
combustion  engine  arises  in  two  ways.  First,  the  actual  com¬ 
bustion  results  in  a  volume  increase.  The  coefficients  in  the 
equation  for  the  burning  of  octane  (p.  304)  indicate  that  34 
volumes  of  gaseous  products  are  derived  from  only  27  volumes 
of  reacting  gases.  In  the  second  place,  the  great  heat  generated 
by  the  reaction  causes  a  rapid  expansion  of  the  gases  in  the 
cylinder.  This  sudden  expansion  provides  the  chief  driving 
force  on  the  piston. 

In  connection  with  this  expansion  phenomenon,  the  French 
physicist,  Charles,  discovered  that  all  gases  expand  to  the  same 
extent  when  subjected  to  the  same  temperature  change.  The 
expansion  of  any  mass  of  gas  when  the  temperature  rises 

1°  C.,  is  just  7^  of  its  volume  at  0°  C.  This  was  the  original 
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statement  of  Charles’  Law.  Likewise,  if  the  volume  of  a  given 
mass  of  gas  be  kept  constant  while  the  temperature  rises  1°  C., 
the  pressure  increases  by  ^^of  the  pressure  at  0°  C. 

Lord  Kelvin,  an  English  contemporary  of  Charles,  saw  the 
true  significance  of  the  Frenchman’s  discovery.  If  the  tempera¬ 
ture  of  a  gas  could  be  reduced  to  - — 273°  C.,  he  reasoned,  its 
pressure  would  become  zero.  Moreover,  since  the  pressure  of 
a  gas  depends  upon  the  kinetic  energy  of  the  molecules,  at 
this  temperature  of  —273°  C.  the  molecules  would  have  no 
kinetic  energy  at  all.  Kelvin  therefore  called  this  temperature 
the  absolute  zero  and  suggested  that  scientists  adopt  an 
Absolute  Scale  of  temperatures,  in  which  the  degrees  would  be 
the  same  size  as  Centigrade  degrees,  but  the  zero  point  would 
be  273  degrees  lower  than  0°  C.  The  freezing  point  of  water 
would  then  be  273°  A.,  its  boiling  point  would  be  373°  A.,  and 
in  a  similar  way  any  Centigrate  temperature  could  be  converted 
to  the  Absolute  scale  by  adding  273. 

The  Absolute,  or  Kelvin,  temperature  scale  may  be  used  to 
obtain  a  simpler  statement  of  Charles’  Law.  The  volume  of 
any  mass  of  gas  varies  directly  as  the  Absolute  temperature. 
This  statement  may  be  represented  mathematically  by  the 
formula: 

V_  _  T 
Vx  Tj. 


where  T  and  Tx  are  expressed  in  the  Absolute  scale. 

For  example,  suppose  200  cc.  of  a  gas  were  heated  from  20°  C. 
to  606°  C.  The  expanded  volume  of  the  gas  may  be  deter¬ 
mined  by  changing  the  Centigrade  temperatures  to  Absolute 
and  applying  the  formula. 


V  _T 

Vx  Tj 
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Thus,  Charles’  Law  and  Kelvin’s  concept  of  an  absolute  scale 
of  temperature  enable  us  to  determine  just  how  much  expan¬ 
sion  to  expect  in  a  heat  engine,  provided  we  know  the 
temperatures  at  which  the  engine  is  to  operate. 

Who  developed  the  steam  engine?  The  steam  engine  as  it  is 
known  and  used  today  was  not  produced  by  the  inventive 
genius  of  one  man  but  of  many.  In  the  history  of  human 
inventiveness,  an  urgent  industrial  or  social  need  is  often  the 
stimulus  which  sets  men’s  minds  at  work.  It  was  the  need  for 
dependable  city  water  supplies,  combined  with  the  need  for  a 
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practical  means  of  removing  water  from  the  lower  levels  of  the 
coal  mines,  that  led  to  the  series  of  experiments  which  culmin¬ 
ated  in  the  year  1712  with  the  first  successful  steam  engine. 

Denis  Papin,  a  Huguenot  refugee  working  in  London  with 
Robert  Hooke  of  the  Royal  Society  about  the  end  of  the 
seventeenth  century,  is  credited  with  the  first  use  of  a  piston 
and  cylinder  in  conjunction  with  steam.  In  his  apparatus, 
which  he  never  developed  beyond  the  laboratory  stage,  steam 
forced  a  piston  to  the  top  of  a  cylinder.  When  the  steam  was 
shut  off  by  a  hand-operated  valve  and  cold  water  was  poured 
over  the  cylinder,  condensation  of  the  steam  allowed  atmos¬ 
pheric  pressure  to  force  the  piston  back.  The  process  was  slow, 
erratic,  and  clumsy,  but  the  fundamental  principle  was  a  great 
discovery. 

It  was  Thomas  Newcomen  who,  in  1712,  made  the  first 
successful  steam  engine.  By  adding  two  ideas  of  his  own  he 
converted  Papin’s  piston  and  cylinder  into  a  practical  engine. 
First,  he  found  that  by  using  a  spray  of  cold  water  inside  the 
cylinder  he  was  able  to  induce  a  very  rapid  condensation  of  the 
steam.  This  made  possible  the  rapid  and  regular  back-and-forth 
motion  of  the  piston  which  is  called  a  reciprocating  action. 
By  using  a  beam,  arch-head,  and  chain  (Fig.  13-2a),  Newcomen’s 
engine  was  made  to  operate  a  pump.  Newcomen’s  second 
contribution  to  the  development  of  the  engine  was  the  intro¬ 
duction  of  the  timing  principle.  Realizing  that  hand  operation 
of  the  valves  was  clumsy  and  inefficient,  he  added  a  smaller 
arch  and  chain  to  the  piston  end  of  the  beam  and  used  it  to 
operate  the  steam  valve 
and  the  cold  water  injector. 

He  thus  created  the  first 
self-acting  machine,  other 
than  the  clock,  that  the 
world  had  yet  seen. 

The  year  1765  saw  the 
next  great  improvement  in 
the  steam  engine.  This 
was  James  Watt’s  inven¬ 
tion  of  the  external  con¬ 
denser.  Watt’s  engine,  like 
Newcomen’s,  was  a  vacuum 
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Fig.  13-2b.  Watt's  Engine  (1765). 
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engine  with  beam  and  arch.  Watt  improved  its  efficiency  by 
enclosing  the  cylinder  in  a  steam  jacket,  adding  the  outside 
condenser,  and  attaching  an  air  pump  to  withdraw  the  con¬ 
densed  vapour  and  air.  These  modifications,  together  with  a 
number  of  mechanical  improvements,  resulted  in  an  engine 
with  a  fuel  consumption  only  one-quarter  as  great  as  that  of  the 
Newcomen  engine.  Some  twenty  years  later,  Watt  developed 
the  first  double-acting  engine  in  which  the  steam  was  expanded 
and  condensed  on  both  sides  of  the  piston. 

It  is  strange  that  neither  Newcomen  nor  Watt  thought  of 
changing  the  reciprocating  action  of  the  piston  to  a  rotative 
motion  by  using  a  connecting  rod  and  crankshaft.  The 
demand  for  a  steam  engine  which  would  drive  mill  machinery 
did  lead  Watt  to  devise,  in  1783,  a  rotative  engine,  but  his 
means  of  obtaining  a  rotary  motion  was  much  more  complex 
and  less  efficient  than  the  modern  crankshaft. 

The  engines  built  by  Newcomen  and  Watt  are  referred  to  as 
indirect,  or  atmospheric,  engines.  The  actual  work,  in  such  an 
engine,  is  done  by  atmospheric  pressure  acting  on  the  piston 
after  the  steam  has  condensed.  The  direct-action  steam  engine, 
in  which  steam  under  high  pressure  moves  the  piston,  could 
not  be  developed  until  a  boiler  could  be  devised  which  would 
safely  produce  steam  at  high  pressures.  This  step  was  taken 
independently  at  about  the  beginning  of  the  nineteenth 
century  by  Richard  Trevithick  in  England  and  Oliver  Evans  in 
the  United  States.  The  stage  was  now  set  for  the  development 
of  the  modern  high-pressure,  direct  action,  double-acting  steam 
engine. 

The  modern  steam  engine.  The  steam  engine  is  a  device 
which  converts  heat  energy  into  mechanical  energy.  The  heat 
energy  is  derived  from  the  burning  of  a  fuel  in  a  fire-box  in 
direct  contact  with  a  boiler.  The  heat  is  transferred  to  the 
water  in  the  boiler  and  converts  it  into  steam.  This  steam  then 
enters  the  steam  engine  where  the  kinetic  energy  of  the  steam 
molecules  drives  the  piston  back  and  forth.  By  means  of  a 
crankshaft,  the  piston  transmits  energy  to  the  flywheel,  and 
the  flywheel,  by  means  of  a  belt,  connecting  rod,  or  some  such 
device,  transmits  the  mechanical  energy  to  the  driving  wheels 
of  a  locomotive,  the  drum  of  a  winch,  the  wheels  of  a  factory 
or  the  shaft  of  a  generator. 
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The  boiler.  The  early  steam  generating  units  were  simply 
large  cauldrons  mounted  on  brick  foundations  with  the  fire-box 
underneath.  With  the  development  of  the  high-pressure,  direct- 
action  steam  engine  came  the  need  for  a  more  economical  and 
speedy  method  of  steam  generation.  This  problem  was  par¬ 
tially  solved  by  Evans  and  Trevithick  who  arranged  to  blow 
the  flames  up  a  single  large  flue  through  the  centre  of  the 
boiler.  Modern  steam  plants  attain  still  greater  speed  and 
efficiency  through  a  further  development  of  this  principle. 

Modern  boilers  fall  into  two  main  classes,  fire-tube  boilers 
and  water-tube  boilers.  A  fire  tube-boiler  is  a  cylindrical  water 
tank  having  a  large  number  of  small  tubes  running  through 
it  lengthwise.  The  hot  gases  from  the  fire  are  blown  through 
the  tubes.  In  the  water-tube  boiler  the  water  is  in  coiled  pipes 
which  are  surrounded  by  the  hot  gases  from  the  fire.  In  both 
cases,  speed  and  economy  are  obtained  by  bringing  a  large 
surface  of  water  in  direct  contact  with  the  fire. 

The  fuels  most  commonly  used  for  steam  generation  are  coal 
and  crude  oil.  Coal  has  the  advantage  of  being  less  bulky;  oil 
is  cleaner  and  more  easily  handled.  Each  has  a  high  heat 
content.  Sawdust  or  hog-fuel  may  be  used  to  fire  stationary 
boilers  in  places  where  these  fuels  are  readily  available,  as  in 
saw-mills  and  pulp  mills. 

The  direct-action  steam  engine.  The  construction  of  a 
modern  steam  engine  can  be  best  understood  by  studying 
Fig.  13-3,  which  is  a  simplified  cross-sectional  diagram  of  a 
double-acting  slide-valve  engine.  The  engine  is  mounted  on  a 
frame,  and  most  of  the  parts  are  enclosed  in  a  housing,  both  for 
protection  and  for  lubricating  purposes.  In  the  diagram  only 
the  important  working  parts  are  shown  and  numbered.  These 
are:  1 — piston,  2 — piston  rod,  3 — connecting  rod,  4 — crank¬ 
shaft,  5 — flywheel,  6 — eccentric  rod,  7 — valve  stem,  8 — slide 
valve,  9 — steam  chest,  10 — stuffing  boxes  or  packing  glands, 
11— ports,  12— cylinder,  13— steam  inlet,  14— exhaust  "cham¬ 
ber,  15 — exhaust  outlet,  16 — condenser. 

The  function  of  each  part  can  be  understood  if  we  examine 
the  working  of  the  engine  as  a  whole.  Steam  under  pressure 
from  the  boiler  is  maintained  at  a  more  or  less  constant  pressure 
in  the  steam  chest.  This  steam  under  full  pressure  (sometimes 
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called  “live  steam”)  is  directed  by  the  slide-valve  through  the 
open  port  into  the  cylinder.  Here  it  drives  the  piston  toward 
the  opposite  end  of  the  cylinder.  The  motion  of  the  piston, 
transmitted  through  the  piston-rod,  connecting  rod  and  crank¬ 
shaft,  causes  the  flywheel  to  rotate.  As  the  piston  nears  the  end 
of  its  stroke,  the  eccentric  rod,  which  is  attached  to  the  crank¬ 
shaft  by  a  device  known  as  the  eccentric,  causes  the  valve  to 
slide  suddenly  over  to  the  opposite  position.  The  port  through 
which  the  steam  first  entered  the  cylinder  is  now  cut  off  from 
the  steam  chest  but  open  to  the  exhaust  chamber.  Live  steam 
enters  the  cylinder  through  the  other  port,  and  the  returning 
piston  drives  the  spent  steam  out  through  the  exhaust.  If  the 
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exhaust  chamber  is  connected  to  an  outside  condenser,  the 
condensation  of  the  steam  assists  the  live  steam  to  move  the 
piston,  for  it  reduces  the  pressure  on  the  exhaust  side  of  the 
piston.  A  relatively  smooth  reciprocal  action  of  the  engine  is 
maintained  by  the  inertia  of  the  heavy  flywheel. 

This  simplified  description  has  indicated  the  fundamental 
principles  which  govern  the  action  of  all  steam  engines.  There 
are  many  types  of  modern  engines  with  various  refinements  to 
suit  the  particular  purposes  for  which  they  are  used.  A  few 
of  these  modifications  will  be  described  now. 

What  is  the  function  of  a  condenser?  The  purpose  of  a 
condenser  is  to  condense  the  exhaust  steam  and  create  a  partial 
vacuum.  The  functioning  of  Watt’s  engine  depended  on  the 
condenser,  for  the  steam  was  generated  at  atmospheric  pressure, 
and  a  pressure  difference  between  the  two  sides  of  the  piston 
could  be  obtained  only  by  reducing  the  pressure  on  the  exhaust 
sides.  In  the  modern  engine  the  high  pressure  of  the  live 
steam  will  move  the  piston  without  the  aid  of  a  condenser. 
Condensers  may  still  be  used  to  decrease  fuel  consumption  by 
reducing  back  pressure  on  the  exhaust  side  of  the  piston. 
However,  the  condensation  requires  a  large  supply  of  cold 
water,  and  that  water  absorbs  heat,  which  is  lost.  It  is  there¬ 
fore  generally  true  that  condensers  are  used  only  if  an 
abundance  of  cold  water  is  readily  available  and  if  the  heat  of 
the  exhaust  steam  cannot  conveniently  be  used  to  heat  a 
building  or  vehicle,  to  pre-heat  the  water  entering  the  boiler, 
or  for  some  other  secondary  purpose. 

What  is  a  multiple-expansion  engine?  The  problem  of  utilizing  the 
heat  of  the  exhaust  steam  has  been  partially  solved  by  the  development 
of  the  multiple-expansion  engine.  In  this  type  of  engine,  the  steam  is 
expanded  partially  in  one  cylinder  and  exhausted  into  a  second  cylinder. 
The  exhaust  from  the  second  cylinder  may,  in  turn,  pass  into  a  third  and 
fourth  cylinder. 

Because  of  the  expansion  of  the  steam  as  the  pressure  is  successively 
reduced,  the  cylinders  increase  in  size  from  the  initial  to  the  final  stage. 
The  multiple-expansion  engine  is  considerably  more  efficient  than  the' 
single-expansion  type  used  in  locomotives,  but  because  of  the  complexity 
of  its  structure  it  is  practical  only  when  the  load  is  relatively  steady  as  in 
electric  power  plants  and  marine  engines. 

What  is  the  function  of  the  governor?  When  one  central 
engine  is  the  power  plant  for  a  number  of  machines  doing  a 
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variety  of  jobs,  some  arrangement  has  to 
be  made  to  prevent  the  engine  from 
slowing  down  when  the  load  is  heavy  and 
racing  when  the  load  is  light.  James  Watt 
solved  this  problem  by  inventing  a 
governor  (Fig.  13-4)  consisting  of  two 
balls  fastened  to  pivoted  arms  on  a  shaft 
rotated  by  the  engine.  As  the  speed  of 
the  shaft  increased,  centrifugal  force 
pulled  the  balls  outward,  and  the  arms 
pulled  a  sleeve  up  the  shaft.  The  sleeve 
was  connected  by  a  lever  system  to  a  valve 
which  controlled  the  steam  supply  to  the 
engine.  When  the  load  increased,  the 
engine  tended  to  slow  down,  the  decrease 
in  centrifugal  force  allowed  the  balls  to 
drop,  and  the  resulting  movement  of  the  sleeve  opened  the 
steam  valve  wider  and  increased  the  steam  supply  to  the  engine. 

The  flyball  governor  developed  by  Watt  is  still  in  use  on 
many  steam  engines  today.  There  are,  of  course,  other  types, 
but  all  depend  on  the  same  principle  of  centrifugal  action. 

How  is  a  steam  engine  reversed?  Reversing  a  steam  engine  means 
reversing  the  direction  of  motion  of  the  piston.  This  can  be  accomplished 
by  interchanging  the  function  of  the  intake  and  exhaust  ports. 

The  mechanism  most  commonly  used  was  developed  in  1842  by 
England’s  first  manufacturers  of  locomotives,  Robert  Stephenson  and 
Company.  In  this  device  the  eccentric  which  operates  the  slide  valve  of 
the  engine  is  replaced  by  a  pair  of  eccentrics  connected  to  a  curved  link. 
On  the  end  of  the  valve  stem  is  a  block  which  slides  in  a  slot  in  the  link. 
By  means  of  a  system  of  levers  the  link  can  be  moved,  and  its  position 
determines  which  of  the  two  eccentrics  shall  actuate  the  valve.  Changing 
from  one  eccentric  to  the  other  shifts  the  valve  in  such  a  way  as  to  reverse 
the  path  of  the  steam  through  the  ports  of  the  engine. 

What  characteristics  of  the  steam  engine  led  to  the  develop¬ 
ment  of  other  types  of  heat  engines?  Although  the  steam 
engine  has  many  useful  characteristics  which  still  make  it 
valuable  to  transportation  and  industry  alike,  it  has  certain 
weaknesses  which  limit  its  usefulness  in  the  modern  world. 

First  of  all,  as  a  heat  engine  it  is  not  very  efficient.  The 
unexpended  energy  of  the  steam,  even  after  it  has  passed  through 
multiple  expansion  cylinders,  is  still  very  great.  The  most 
modern  multiple  expansion  engine  has  an  efficiency  of  only 


Fig.  13-4.  A  flyball 
governor  which  auto¬ 
matically  controls  the 
flow  of  steam  to  the 
cylinder. 
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35  per  cent.  This  means  that  65  per  cent  of  the  potential 
energy  of  the  fuel  is  wasted  in  one  way  or  another.  In  the 
average  locomotive  engine  the  loss  is  nearly  90  per  cent. 

In  the  second  place,  the  nature  of  its  construction  makes  the 
steam  engine  bulky  and  heavy.  The  manufacturing  cost  is 
consequently  high  and  mass  production  almost  out  of  the 
question. 

Finally,  its  reciprocal  action  creates  a  considerable  amount 
of  vibration,  and  limits  the  speed  at  which  it  can  operate. 


How  do  steam  turbines  differ  from  steam  engines?  The 
invention  of  the  electric  generator  in  the  middle  of  the 
nineteenth  century  created  a  demand  for  a  smooth-running 
non-reciprocal  steam  engine  capable  of  a  high  speed  of  rotation, 
to  supply  power  to  generators  situated  in  localities  where  water 
power  was  not  available.  The  problem  was  eventually  solved 
by  the  development  of  the  steam  turbine,  of  which  there  are 
two  types.  The  operation  of  the  reaction  turbine  is  a  direct 
application  of  Newton’s  Third 
Law  of  Motion.  Steam  ex¬ 
panding  between  blades  set  on 
a  shaft  acquires  momentum  in 
one  direction.  In  accordance 
with  Newton’s  Third  Law 
(p.  424)  the  shaft  acquires  an 
equal  momentum  in  the  op¬ 
posite  direction,  and  this 
momentum  takes  the  form  of 
rotation  of  the  shaft.  In  the 
impulse  turbine  rotation  of 
the  shaft  is  produced  by  direct 
impact  of  jets  of  steam  against 
vanes  set  on  the  shaft. 
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Principle  of  turbine  illus- 


The  reaction  turbine.  The  first  successful  steam  turbine 
was  built  in  1884  by  an  English  engineer,  Charles  Parsons. 
While  working  on  water  turbines,  he  recognized  the  possibility 
of  substituting  steam  for  flowing  water.  He  arranged  a  series 
of  blades  in  rings  spaced  along  a  shaft.  This  part  of  the  turbine 
may  be  referred  to  as  the  rotor.  Surrounding  it  was  a  fixed 
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cylinder  with  a  series  of  fixed  blades  in  the  intervals  between 
the  rotor  blades.  Steam  admitted  horizontally  along  the  line 
of  the  shaft  had  to  weave  in  and  out  of  the  interstices  between 
the  movable  blades  and  the  fixed  blades.  The  angle  at  which 
the  blades  were  set  caused  their  reaction  to  the  passage  of  the 

steam  to  result  in  rotation  of 
the  shaft.  The  Parsons  tur¬ 
bine  thus  belonged  to  the 
reaction  type.  The  exhaust 
from  one  ring  of  blades  be¬ 
came  the  supply  for  the  next. 
In  order  to  reduce  the  strain 
on  the  shaft  bearings,  the 
steam  was  admitted  at  the 
centre  of  the  shaft  and  ex¬ 
hausted  at  each  end. 
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Fig.  13-6.  Fixed  blades  direct  used  had  two  very  important  effects, 
against  successive  sets  of  First,  the  speed  of  rotation, 

although  high  in  comparison 
with  that  of  reciprocal  engines,  was  not  so  high  as  to  cause 
undue  heating  of  the  shaft  bearings.  Secondly,  the  gradual 
utilization  of  the  energy  of  the  steam  increased  the  efficiency 
of  the  engine  to  more  than  twice  that  of  existing  reciprocal 
engines. 


The  impulse  turbine.  Carl  de  Laval,  a  Swedish  contem¬ 
porary  of  Parsons,  was  the  inventor  of  the  first  successful 
impulse  turbine.  He  is  noted  also  for  his  invention  of  the 
cream  separator.  The  de  Laval  turbine  is  operated  by  spraying- 
jets  of  steam  into  a  series  of  buckets  on  a  wheel.  The  impact 
of  the  steam  against  the  buckets  caused  the  wheel  to  rotate. 

The  weakness  of  de  Laval’s  turbine  was  an  excessive  speed 
of  rotation.  The  French  engineer,  Rateau,  overcame  this 
difficulty  by  putting  a  series  of  de  Laval  wheels  on  a  shaft, 
alternating  with  fixed  guide  blades.  The  drop  in  steam 
pressure  then  occurred  in  several  stages  in  separate  compart¬ 
ments  opening  one  into  the  other. 
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In  1897  Charles  Curtis,  an  American  inventor,  improved  the 
efficiency  of  this  type  of  turbine.  He  increased  the  size  of  the 
buckets  toward  the  exhaust  end  of  the  shaft  to  correspond  with 
the  gradual  expansion  of  the  partially  spent  steam. 

Finally,  in  1904,  Berges  Ljangstrom  of  Sweden  developed  the 
double-rotation  turbine.  In  all  the  existing  turbines  the  guide 
blades  were  immovable.  Ljangstrom  conceived  the  idea  that 
ifj  both  sets  of  blades  were  movable  both  parts  of  the  turbine 
could  be  made  to  work.  This  he  accomplished,  by  the  use  of 
two  shafts  rotating  in  opposite  directions.  The  advantage 
gained  by  this  development  is  that  a  double-rotation  turbine  is 
equivalent  in  work  output  to  an  ordinary  turbine  running  at 
twice  the  speed.  It  is  also  particularly  useful  in  electric  power 
plants  for  operating  a  pair  of  synchronized  generators,  one  of 
which  may  be  driven  by  each  shaft. 

Electric  motors  and  generators.  The  same  industrial  needs 
which  brought  about  the  development  of  the  steam  turbine 
played  a  major  part  also  in  the  development  of  electric  gener¬ 
ators  and  motors.  That  electric  power  preceded  the  invention 
of  the  internal  combustion  engine  is  another  example  of  the 
evolutionary  process  of  science.  The  electric  generator,  the 
storage  battery,  and  the  induction  coil  are  essential  to  the 
operation  of  the  gasoline  engine,  and  their  invention  had  there¬ 
fore  to  come  first. 

Characteristics  of  electro-magnetic  fields.  Before  discussing 
the  aspects  of  electricity  and  magnetism  which  are  applied  in 
the  construction  of  electric  power  devices,  we  must  establish 
two  definitions.  First,  the  direction  of  an  electric  current  is 
considered  to  be  the  direction  in  which  positive  electric  charges 
would  flow,  and  is  therefore  from  the  positive  to  the  negative 
terminals  of  a  circuit.  Actually  we  know  that  the  moving 
charges  are  negative  and  move  in  the  opposite  direction,  but 
the  definition  just  given  was  firmly  established  in  engineering 
practice  before  scientists  discovered  that  the  electrons  and  not 
the  positive  charges  move,  so  we  avoid  confusion  by  continuing 
to  follow  the  old  rule.  Secondly,  the  direction  of  a  magnetic 
field  is  the  direction  in  which  a  North  magnetic  pole  will  move 
if  placed  in  the  field.  Since  a  North  pole  is  repelled  by  another 
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North  pole  and  attracted  by  a  South  pole,  the  field  which 
surrounds  a  magnet  is  considered  to  be  directed  away  from  the 
magnet  at  its  North  pole  and  towards  the  magnet  at  its 
South  pole. 

If  a  wire  carrying  a  current  of  electricity  is  passed  through 

the  centre  of  a  piece  of  paper,  and 
iron  filings  are  dusted  on  the  paper, 
the  filings  will  arrange  themselves 
in  concentric  circles  around  the 
wire  (Fig.  13-7).  The  behaviour  of 
the  filings  indicates  that  the  wire  is 
surrounded  by  a  magnetic  field. 
The  direction  of  the  magnetic 
whorls  can  be  determined  by  apply¬ 
ing  the  right-hand  rule.  If  the  right 
thumb  points  along  the  wire  in  the 
direction  of  the  electric  current,  the 
fingers  will  curl  about  the  wire  in 
the  direction  of  the  magnetic  field. 

Now  if  the  wire  is  bent  into  a 
loop  and  passed  through  the  paper 
in  two  places,  the  lines  of  force  can 
be  seen  to  pass  through  the  centre  of  the  loop  (Fig.  13-8). 
The  side  of  the  loop  from  which  the  lines  emerge,  as  deter¬ 
mined  by  the  right-hand  rule,  acts  as 
a  magnetic  north  pole,  and  the  other 
side  acts  as  a  south  pole.  These  facts 
may  be  confirmed  by  testing  with  a 
compass. 

When  the  wire,  instead  of  being 
bent  into  a  single  loop,  is  coiled  into 
a  series  of  loops,  the  coil  is  called  a 
helix.  When  a  current  is  passed 
through  a  helix  each  individual  turn 
acts  as  a  small  magnet,  and  the  helix 
becomes  a  large  magnet.  Insertion  of 
a  soft  iron  core  in  the  centre  of  the 
coil  concentrates  the  magnetic  field 
and  consequently  increases  the  strength  of  the  magnet.  The 
polarity  of  this  electro-magnet  maybe  determined  by  a  variation 


Fig.  13-7.  The  magnetic  field 
about  a  wire  carrying  a  current 
of  electricity. 


Fig.  13-8.  Lines  of  force 
crowd  through  loop  (or  coil) 
in  the  same  direction. 
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Fig.  13-9.  The  magnetic  field  about  a  helix  may  be  predicted  when  we  use  a 
variation  of  the  right-hand  rule. 


of  the  right-hand  rule.  If  the  fingers  of  the  right  hand  are 
cuiled  around  the  helix  in  the  direction  of  the  current,  the 
thumb  will  point  to  the  north  pole.  (Fig.  13-9). 

One  other  electro  magnetic  effect  of  importance  to  the 
present  discussion  is  that  of  electro  magnetic  induction.  It 
may  be  illustrated  by  a  simple  experiment  which  is  shown  in 
Fig.  13-10.  A  coil  of  wire  is  connected  to  a  galvanometer. 


Fig.  13-10.  Electro-magnetic  induction. 
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If  a  magnet  is  thrust  in  and  out  of  the  coil,  a  current  is  induced 
in  the  coil,  and  is  detected  by  the  movement  of  the  galvano¬ 
meter  needle.  It  should  be  noticed  that  the  current  flows  only 
when  the  magnet  is  moved,  and  that  the  current  flows  in  one 
direction  when  the  magnet  is  thrust  into  the  coil  and  reverses 
when  the  magnet  is  drawn  out.  It  will  also  be  seen  that  the 
faster  the  magnet  is  moved  the  greater  is  the  induced  current. 
The  following  facts  have  been  illustrated  by  this  experiment. 
A  current  is  induced  in  a  coil  whenever  the  magnetic  field 
about  the  coil  is  changing,  and  the  strength  of  the  induced 
current  is  proportional  to  the  rate  at  which  the  magnetic  field 
is  being  changed. 

The  same  results  are  obtained  if  a  coil  of  wire  connected  to 
a  dry  cell  is  substituted  for  the  magnet,  the  magnetic  field  of 
the  helix  acting  in  the  same  way  as  the  magnet.  In  this  case, 
moreover,  a  current  may  be  induced  without  moving  the 
electro-magnet,  by  opening  and  closing  the  circuit  by  which 
the  dry  cell  supplies  it  with  current.  Each  time  the  circuit  is 
opened  or  closed  there  is  a  change  in  the  magnetic  field,  and 
consequently  a  current  is  induced  in  the  coil. 

How  does  a  direct  current  motor  operate?  The  direct 
current  motor  can  best  be  understood  by  referring  to  a 

diagram  (Fig.  13-11)  in  which  •  the 
essential  parts  are  simplified  to  indi¬ 
cate  only  their  functions  and  not  their 
actual  construction.  A  direct  current 
motor  has  four  essential  parts:  an 
armature  (A),  consisting  of  a  coil 
wound  around  the  iron  shaft  of  the 

Fig.  13-11.  Working  parts  motor’  a  field  magnet  (B);  the  brushes 
of  direct-current  motor.  (C);  and  the  commutator  (D).  The 

brushes,  which  are  spring-like  straps 
of  copper,  make  constant  electrical  contact  with  the  collar-like 
commutator.  The  commutator  is  attached  to  the  shaft  of  the 
motor  and  spins  with  it.  The  commutator  is  split  into  two 
semi-circular  pieces,  one  connected  to  each  end  of  the  wire 
which  forms  the  armature  winding. 

When  direct  current  from  an  outside  source  is  supplied 
through  the  brushes  and  commutator  to  the  armature,  the 
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armature  becomes  an  electro-magnet.  The  north  pole  of  the 
armature  is  attracted  to  the  south  pole  of  the  field  magnet  and 
therefore  swings  until  these  poles  come  together.  The  position 
of  the  split  in  the  commutator  is  so  arranged  that  at  this  instant 
the  brushes  make  contact  at  the  split  and  thus  touch  both  halves 
of  the  commutator.  For  a  moment  the  current  to  the  armature 
is  short-circuited  and  the  armature  loses  its  polarity.  The 
inertia  of  the  armature  carries  it  past  this  point,  and  imme¬ 
diately  the  current  in  the  armature  is  reversed,  for  each  brush 
is  now*  in  contact  with  a  new  section  of  the  commutator.  The 
reversal  of  the  current  reverses  the  polarity  of  the  armature, 
which  must  now  swing  through  a  half  revolution  in  order  once 
again  to  line  up  its  own  north  pole  with  the  south  pole  of  the 
field  magnet.  At  this  point,  of  course,  the  brushes  again  make 
contact  with  the  split  in  the  commutator  and  the  armature 
current  is  again  short-circuited.  The  repetition  of  this  series 
of  automatic  events  produces  a  steady  rotation  of  the  armature. 

This  description  has  been  deliberately  over-simplified.  In 
actual  practice  an  armature  is  made  up  of  many  coils,  each 
acting  as  a  separate  electro-magnet,  and  only  a  fraction  of  a 
revolution  apart.  Just  as  a  multi-cylindered  automobile  engine 
produces  less  vibration  than  a  one-cylinder  engine,  so  an  arma¬ 
ture  with  many  poles  at 
short  intervals  is  more  effi¬ 
cient  and  smooth-running 
than  one  with  a  single  coil. 
In  both  cases  smooth  oper¬ 
ation  is  obtained  by  reduc¬ 
ing  to  a  minimum  the  in¬ 
tervals  when  the  rotation 
is  dependent  upon  inertia. 

Series-  and  shunt-wound 
motors.  The  fact  that  a 
magnet  loses  its  strength 
both  by  contact  with  metals 
and  by  jarring  led  to  the 
development  of  motors  in 
which  the  field  magnet  is 
not  a  permanent  magnet 
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but  an  electro  magnet.  In  the  series-wound  motor,  the  coil  of 
the  field  magnet  (called  the  field  winding)  is  connected  with 
the  armature  winding  in  series,  so  that  the  same  current  goes 
through  both  (Fig.  13-12).  In  the  shunt-wound  motor  the  field 
winding  and  the  armature  winding  are  connected  in  parallel; 
the  current  supplied  to  the  motor  divides,  part  of  it  passing 
through  the  armature  and  part  through  the  field  winding. 

One  great  advantage  of  this  type  of  motor  is  that  it  can  be 
used  with  either  alternating  or  direct  current.  The  fact  that 
the  field  magnet  and  the  armature  obtain  current  from  the 
same  source  causes  the  alternations  of  an  alternating  current 
to  occur  simultaneously  in  both.  The  action  of  the  com¬ 
mutator  in  reversing  the  armature  current  at  the  proper  instant 
is  therefore  unaffected  by  fluctuations  in  the  current  supplied. 
This  can  be  verified  by  using  the  right-hand  rule  and  following 
on  the  diagram  the  changes  due  to  both  the  alternation  of  the 
current  and  the  action  of  the  commutator.  Since  with  very 
few  exceptions  city  power  is  alternating  current,  this  type  of 
motor  is  found  in  such  household  appliances  as  vacuum 
cleaners,  electric  fans,  and  washing  machines,  in  mechanical 
devices  such  as  electric  drills  and  sanding  machines,  and  in 
street-cars. 

How  are  electric  generators  constructed?  It  is  a  strange  fact 
that  the  electric  generator,  which  is  almost  identical  in  con¬ 
struction  with  the  electric  motor,  was  invented  almost  fifty 
years  before  the  development  of  the  motor.  Faraday  in  England 
and  Henry  in  the  United  States,  working  independently,  were 
the  first  to  demonstrate  electro-magnetic  induction  and  in  the 
year  1833  Faraday  produced  the  first  dynamo,  which  was  in 
principle  the  same  as  the  dynamo  of  today. 

The  only  real  difference  between  a  generator  and  a  motor  is 
in  the  transformations  of  energy  for  which  they  are  used.  The 
motor  transforms  electrical  energy  into  mechanical  work.  The 
generator  is  driven  by  mechanical  energy  which  is  supplied  to 
it,  and  transforms  this  mechanical  energy  into  electrical  energy. 
Structurally,  the  motor  and  generator  are  almost  identical. 

The  operation  of  a  direct  current  generator  can  be  demon¬ 
strated  by  using  the  same  diagram  (Fig.  13-11)  as  was  used  for 
the  direct  current  motor.  When  some  external  agency  turns 
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the  shaft,  the  armature  coil  cuts  the  held  of  force  between  the 
North  and  South  poles  of  the  held  magnet,  and  a  current  is 
induced  in  the  armature.  When  the  armature  is  making  the 
second  half  of  its  revolution  it  is  cutting  the  magnetic  held 
in  the  opposite  direction.  According  to  the  right-hand  rule 
this  reverses  the  induced  current  in  the  armature,  but,  as  in 
the  motor,  the  split  commutator  reverses  the  connection  of  the 
armature  to  the  external  circuit,  so  that  the  current  flows  out 
from  the  brushes  in  a  constant  direction.  The  device  is  there¬ 
fore  called  a  direct  current  generator. 

A  slight  change  in  the  commutator  converts  this  same  device 
to  an  alternating  current  generator.  If  the  commutator 
consists  of  two  separate  rings  (Fig. 

13-13),  each  in  constant  contact  with 
its  own  brush,  it  cannot  reverse  the 
connection  of  the  armature  to  the 
external  circuit.  Thus  the  reversing 
of  the  current  in  the  armature  is  not 
rectified  by  the  commutator,  and  the 
current  flowing  through  the  brushes  Fig.  13-13.  Commutator  used 
to  the  external  circuit  is  an  alternat-  with  A.C.  generator, 
ing  current. 

Just  as  in  the  case  of  motors,  the  generator  may  have  for  its 
field  magnet  either  a  permanent  magnet  or  an  electromagnet. 
If  it  uses  a  permanent  magnet,  the  generator  is  called  a 
magneto.  If  it  uses  an  electro-magnet,  activated  by  the  current 
which  the  generator  itself  produces,  it  is  a  dynamo.  Again,  as 
in  the  case  of  motors,  if  the  wiring  of  the  dynamo  is  com¬ 
pounded,  with  multiple  coils  in  the  armature  and  multiple 
field  magnets,  a  more  efficient  energy  transformation  occurs. 

Why  are  voltage  transformers  required?  Many  electric 
generators  are  situated  at  considerable  distances  from  the  areas 
which  they  serve.  In  the  case  of  such  developments  as  the 
Ontario  Hydro-Electric  and  the  Grand  Coulee  Dam  the  power 
is  transmitted  hundreds  of  miles.  This  long-distance  power 
transmission  results  in  a  serious  power  loss  unless  a  voltage  of 
fifty  thousand  volts  or  more  is  maintained.  That  voltage, 
however,  is  much  too  great  to  be  used  safely  by  either  domestic 
or  industrial  consumers.  Some  method  had  to  be  devised  to 
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raise  the  voltage  at  the  generator  end  of  the  transmission  line 
and  reduce  it  again  to  a  safe  level  at  the  consumer  end.  This 
is  the  function  of  the  voltage  transformer. 

It  will  be  remembered  from  the  previous  discussion  of 
induction  (p.  448)  that  an  induced  current  is  caused  by  a  change 
in  the  number  of  magnetic  lines  of  force  cut  by  a  coil.  This  is 
the  basic  principle  used  in  the  transformer.  The  transformer 
consists  of  a  laminated  iron  frame  around  which  are  wound  two 
coils.  One  coil  consists  of  a  few  turns  of  heavy  insulated  wire, 
the  other  of  a  large  number  of  turns  of  finer  wire.  If  alternat¬ 
ing  current  is  supplied  to  one  of  the  coils,  called  the  primary 
coil,  its  alternations  cause  variations  in  the  magnetic  field  cut 
by  the  secondary  coil.  An  induced  alternating  current  is  thus 
produced  in  the  secondary  coil.  The  voltages  of  the  currents 
in  the  two  circuits  are  proportional  to  the  numbers  of  turns  of 
wire  in  the  two  coils.  Thus,  if  current  is  supplied  to  a  primary 
coil  of  ten  turns,  and  the  secondary  coil  has  twenty  turns,  the 
induced  voltage  in  the  secondary  circuit  is  twice  as  great  as  the 
primary  voltage.  Similarly,  if  the  primary  coil  has  more  turns 
than  the  secondary  the  transformer  accomplishes  a  reduction 
in  voltage.  A  transformer  which  increases  the  voltage  is  called 
a  step-up  transformer;  one  which  reduces  the  voltage  is  a  step- 
down  transformer. 

It  should  be  noticed  that  a  transformer  of  this  type  can  be 
used  only  with  alternating  current.  It  is  the  continuous 
variation  in  the  primary  current  which  induces  a  current  in  the 
secondary  coil.  If  a  steady,  or  direct,  current  were  supplied  to 
the  primary  coil  there  would  be  no  changes  in  the  magnetic 
field,  and  therefore  no  induced  current  in  the  secondary  coil. 

The  power  consumed  in  any  electric  circuit  is  calculated 
from  the  equation: 

P  =  VI  watts 

where  V  is  the  voltage  and  I  the  current  strength  measured  in 
amperes.  When  a  transformer  is  used  to  step  up  the  voltage  it 
automatically  causes  a  corresponding  decrease  in  the  current 
strength.  There  is  thus  no  energy  change  in  the  process  except 
for  a  small  loss  through  the  generation  of  heat.  The  trans¬ 
former  is  an  outstandingly  efficient  machine,  for  the  heat  loss 
is  generally  less  than  five  per  cent  of  the  energy  supplied. 
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What  kind  o£  voltage  transformer  can  be  used  with  direct 
current?  Some  telegraph  circuits  and  the  ignition  systems  of 
modern  automobile  engines  are  supplied  with  current  from 
batteries.  To  produce  necessary  voltage  changes  in  these 
direct  current  circuits  a 
special  type  of  transformer 
known  as  the  induction 
coil  is  used. 

How  the  induction  coil 
works  is  illustrated  in  Fig. 

13-14.  A  primary  coil  (A) 
consisting  of  a  small  num¬ 
ber  of  turns  of  heavy 
insulated  wire  is  wrapped 
around  an  iron  core  (B). 

At  one  end  of  the  core  is 
a  strap  spring  (C)  with  an 
iron  tab  (D).  The  second¬ 
ary  coil  (E),  consisting  of 
many  turns  of  fine  wire,  is 
wound  on  top  of  the 
primary  coil  and  has  two  outlets  (F)  for  connection  to  the 
external  secondary  circuit.  The  primary  circuit  is  closed  only 
when  the  spring  is  back,  establishing  contact  with  the  set¬ 
screw  (G).  At  the  instant  when  this  contact  is  made,  two  effects 
are  produced.  One  of  these  effects  is  a  surge  of  induced  current 
in  the  secondary  coil.  The  other  is  magnetization  of  the  iron 
core,  which  consequently  attracts  the  iron  tab  on  the  spring 
and  breaks  the  contact  at  the  set-screw.  The  primary  circuit 
is  thus  opened,  and  again  two  results  follow.  A  second  surge 
of  induced  current  flows  in  the  secondary  circuit  and  the  core 
is  demagnetized,  allowing  the  spring  to  return  to  the  set-screw 
and  close  the  primary  circuit  again.  The  process  repeats  itself 
automatically  at  a  speed  which  depends  on  the  distance 
between  the  tab  and  the  core,  a  distance  which  can  be  regulated 
by  means  of  the  set-screw. 

The  induction  coil  in  the  form  here  described  was  used  in 
the  earlier  modifications  of  the  Ford  Motor  Company’s  famous 
Model  T.  The  ignition  coil  in  the  modern  automobile 


Fig.  13-14.  Induction  coil. 
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operates  on  the  same  principle,  but  is  modified  in  a  way  which 
will  be  described  when  ignition  systems  are  being  considered 
in  detail. 

The  internal  combustion  engine.  During  the  nineteenth 
century,  increased  industrial  activity,  coupled  with  enormously 
accelerated  settlement  of  the  American  continent,  created  the 
need  for  a  light,  relatively  inexpensive  engine  to  supply  power 
for  small  vehicles.  Scientists  realized  that  a  more  efficient  heat 
engine  might  be  evolved  if  the  fuel  could  do  its  work  without 
the  aid  of  such  a  medium  of  transfer  as  steam,  with  its  attendant 
heat  loss.  Knowing  Charles’  law,  they  understood  the  possi¬ 
bility  of  utilizing  the  great  expansion  of  gaseous  fuels  after 
combustion.  More  than  half  a  century  of  experimental  work 
based  on  these  ideas  finally  produced  the  gasoline  engine  and 
the  diesel  engine. 

Samuel  Brown,  an  English  engineer,  made  the  first  internal 
combustion  engine  in  1823.  It  used  illuminating  gas  as  fuel 
and  was  not  very  successful  until,  in  1838,  Brown’s  fellow 
countryman,  Barnett,  introduced  the  idea  of  compressing  the 
gas  before  combustion. 

In  1862  Beau  de  Rochas,  a  French  engineer,  suggested  that 
the  operation  of  an  internal  combustion  engine  should  consist 
of  a  sequence  of  four  strokes,  intake,  compression,  power  and 
exhaust.  His  ideas  were  developed  by  the  German  scientist, 
Otto,  into  what  is  now  called  the  “Otto  cycle’’  of  heat  transfer 
which  is  the  basis  of  all  modern  internal  combustion  theory. 

Otto  made  his  first  completely  successful  engine  in  1876, 
still  using  coal  gas  for  fuel.  Its  American  counterpart  was 
made  in  the  same  year.  The  use  of  gas  as  a  fuel,  although  very 
successful  for  a  stationary  plant,  prevented  the  engine  from 
being  used  in  transportation.  The  invention  of  the  carburettor 
by  Maybach  and  Butler,  about  the  year  1890,  made  possible  the 
modern  gasoline  engine,  with  a  liquid  fuel  vapourized  outside 
the  cylinder  and  fired  inside  by  electrical  ignition.  Meanwhile, 
Dr.  Rudolf  Diesel  had  developed  by  1892  an  engine  in  which 
the  heat  of  high  compression  both  vapourized  and  ignited  a 
liquid  fuel  inside  the  cylinder.  These  two  types  of  internal 
combustion  engines  have  had  a  great  influence  on  transporta¬ 
tion  of  all  kinds.  They  will  now  be  considered  separately  in 
some  detail. 
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What  are  the  principal  features  of  the  gasoline  engine?  The 
general  principles  governing  the  action  of  a  gasoline  engine 
can  best  be  understood  by  investigating  the  operation  of  a 
single  cylinder.  If  the 
functions  of  its  main  parts 
are  thoroughly  understood, 
each  part  can  then  be 
separately  investigated  to 
see  how  it  is  designed  to 
fulfill  its  purpose.  It 
should  be  noted  at  the  out¬ 
set  that  most  of  the 
mechanical  parts  of  a  gaso¬ 
line  engine  have  their 
counterparts  in  the  steam 
engine  and  that  their  func¬ 
tions  are  almost  identical 
in  the  two  types  of  engine. 

In  Fig.  13-15  only  those 
parts  needed  to  explain  the 
general  action  of  the  en¬ 
gine  are  shown. 

When  the  flywheel  is 
spun,  the  piston  moves 
down  (Fig.  13-16-A)  caus¬ 
ing  a  partial  vacuum  above 
the  piston.  The  intake 
valve  opens  and  a  mixture 
of  gasoline  and  air  is 
forced  into  the  cylinder  by 
atmospheric  pressure.  The 
inertia  of  the  flywheel 
drives  the  piston  up  (Fig. 

13-16-B),  both  valves  are  closed,  and  the  mixture  of  fuel  and 
air  is  compressed  in  the  combustion  chamber.  At  or  near  the 
top  of  this  stroke,  an  electrical  discharge  at  the  spark  plug 
ignites  the  explosive  mixture.  The  heat  developed  causes  a 
great  expansion  of  the  gaseous  products  of  combustion.  This 
expansion  creates  pressure  on  the  piston  head  because  both 


Fig.  13-15.  Simplified  diagram  of  gasoline 
engine. 

Key  :  A — cylinder  head,  B — exhaust  valve, 
C — exhaust  port,  D — valve  spring,  E — 
valve  stem,  F — intake  port,  G — intake 
valve,  H — cylinder,  I — spark  plug,  J — pis¬ 
ton  head,  K — piston  rod,  L — bearing,  M— 
offset  part  of  crankshaft,  N — chankshaft, 
O — eccentric  on  camshaft,  P — wrist-pin, 
Q — oil-pan. 
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valves  are  still  closed.  The  piston  is  driven  down  (Fig.  13-16-C), 
the  inertia  of  the  flywheel  again  takes  over,  and  the  piston  starts 

on  its  return  stroke.  The 
piston  drives  the  products 
of  combustion  upward 
(Fig.  13-16-D),  the  exhaust 
valve  opens,  and  the  gases 
are  driven  out  through  the 
exhaust  port.  At  or  near 
the  top  of  the  exhaust 
stroke  the  exhaust  valve 
closes,  the  intake  valve 
reopens,  the  inertia  of  the 
flywheel  drives  the  piston 
downward  and  the  process 
starts  all  over  again.  This 
is  de  Rochas’  cycle  in 
actual  operation:  intake, 
compression,  power,  and 
exhaust  strokes  following- 
each  other  in  rhythmical 
sequence,  with  one  power 
stroke  for  every  two  turns 
of  the  flywheel. 

Because  the  process  just 
described  involves  a  se¬ 
quence  of  four  strokes,  the 
engine  is  classified  as  a 
four-cycle  engine.  In  some 
marine  engines  the  func¬ 
tions  of  these  strokes  are 
.  combined  in  two  strokes, 

making  a  two-cycle  engine,  with  one  power  stroke  for  every 
turn  of  the  flywheel.  We  shall  confine  our  detailed  discussion 
to  the  more  common  four-cycle  engine. 


D 


Fig.  13-16.  The  four  strokes  of  a  four¬ 
cycle  engine  :  A — intake,  B — compression, 
C — power,  and  D — exhaust. 


What  energy  changes  occur  during  the  four-stroke  cycle? 
The  purpose  of  any  engine  is  to  transform  some  form  of 
potential  energy  into  mechanical  energy.  In  the  gasoline 
engine,  the  potential  chemical  energy  of  the  fuel  is  changed 
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into  heat  energy  at  the  explosion.  The  heat  energy,  existing 
as  kinetic  energy  of  the  gas  molecules  (p.  433),  creates  pressure 
on  the  piston.  The  piston  is  thus  given  kinetic  energy,  which 
in  turn,  through  the  agency  of  the  connecting  rod  and  crank¬ 
shaft,  rotates  the  flywheel  and  becomes  mechanical  energy. 

It  must  be  noted,  however,  that  much  of  the  heat  energy  is 
lost  during  this  process.  There  are  three  avenues  through 
which  energy  is  wasted.  First,  a  large  amount  of  the  heat  of 
combustion  is  absorbed  by  the  metal  parts  of  the  engine,  as 
anyone  knows  who  has  inadvertently  touched  the  exhaust 
manifold  of  an  automobile  engine.  That  heat  must  be  drawn 
off  by  the  cooling  system  and  dissipated  into  the  air,  otherwise 
the  engine  would  become  so  hot  as  to  reduce  the  amount  of 
expansion  in  the  power  stroke,  and  the  pistons  would  expand 
so  much  that  they  would  “seize  up”  in  the  cylinder.  In  the 
second  place,  although  proper  lubrication  and  modern  bearing- 
construction  minimize  fric¬ 
tion  in  the  moving  parts, 
there  is  still  a  considerable 
energy  loss  through  fric¬ 
tion.  Finally,  much  resi¬ 
dual  heat  is  lost  by  way 
of  the  exhaust  (Fig.  13-17). 

Collectively,  these  three 
factors  reduce  the  effi¬ 
ciency  of  even  the  best 
gasoline  engine  to  about 
thirty  per  cent. 

What  is  the  advantage  of  a  multi-cylinder  gasoline  engine? 

Although  many  one,  two  and  even  three-cylinder  engines  are 
used,  the  vast  majority  of  gasoline  engines  have  four  or  more 
cylinders.  For  this  fact  there  are  two  very  good  reasons.  First, 
multi-cylinder  engines  develop  more  power  in  proportion  to 
their  weight.  Secondly,  they  run  more  smoothly.  When  there 
are  a  number  of  cylinders,  the  power  impulses  overlap,  so  that 
before  one  cylinder  has  completed  its  power  stroke  another  has 
started.  Thus  the  engine  runs  with  less  vibration  and  greater 
efficiency.  A  glance  at  the  following  comparison  chart  will 
make  the  general  idea  clear: 


HEAT  LOSS 
IN  EXHAUST 


ZS%  OUTPUT  IN  WOPA 

J - - - — - i _ 


Fig.  13-17.  Chart  explaining  low  efficiency 
of  gasoline  engine. 
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Table  No.  21 

Comparison  of  Four-cycle  Engines 


Number  of 
Cylinders 

Number  of 

Power  Strokes 

Number  of 
Revolutions  of 
Flywheel 

1 

1 

2 

2 

2 

2 

4 

4 

2 

6 

6 

2 

8 

8 

2 

12 

12 

2 

16 

16 

2 

How  are  four-cycle  engines  classified?  Before  considering 
in  detail  the  individual  parts  common  to  all  gasoline  engines, 
it  will  be  useful  to  set  up  a  general  classification  of  engines  in 
order  to  develop  a  general  pattern  into  which  to  fit  the  parts. 
There  are  three  main  classifications,  (1)  by  valve  arrangement, 
(2)  by  cylinder  arrangement,  and  (3)  by  cooling  method. 


Fig.  13-18.  Valve  arrangements  used  in 
gasoline  engines. 


The  valve  arrangements 
fall  into  three  main  classes 
(Fig.  13-18).  The  “L” 
head  engine  has  its  valves 
in  the  cylinder  block  on 
one  side  of  the  cylinder. 
The  “T”  head  engine 
has  the  inlet  valves  on  one 
side  of  the  block  and  the 
exhaust  valves  on  the 
other  side,  with  the  cylin¬ 
der  between  its  two  valves. 
The  “I”  head,  sometimes 
called  the  “valve-in-head” 
engine,  has  its  two  valves 
in  the  cylinder  head  above 
the  cylinder.  A  fourth 
type  of  engine,  rather  rare, 
is  the  “F”  iiead  engine.  It 
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is  really  a  combination  of  “T”  and  “L”  head,  the  inlet  valves 
being  in  the  head  and  the  exhaust  valves  in  the  block. 

There  are  three  main  types  of  cylinder  arrangement.  The 

in-line  engine  has  its  cylinders  in  a  block,  arranged  one 
behind  the  other.  In  the  “V”  engine,  two  in-line  blocks  of 
cylindeis  aie  inclined  at  an  angle,  with  all  the  pistons  acting 
through  their  connecting  rods  on  a  common  crank-shaft.  The 
radial  engine  has  its  cylinders  mounted  on  a  crank-case, 
projected  outward  like  the  spokes  of  a  wheel. 

There  are  two  types  of  engines  according  to  their  method  of 
cooling,  the  air-cooled  and  the  liquid-cooled. 

Each  type  of  gasoline  engine  fulfills  a  purpose  for  which  it 
was  designed.  It  cannot  be  said  that  any  one  type  is  best.  For 
a  variety  of  reasons,  however,  the  in-line  liquid-cooled  engine 
is  by  far  the  most  common.  It  has  the  simplest  construction 
and  lends  itself  most  easily  to  mass  production.  Its  relative 
simplicity  makes  it  a  most  satisfactory  model  for  the  study  of 
all  the  types,  for  they  are  but  specialized  developments  from  it. 
We  shall  therefore  turn  now  to  a  detailed  description  of  the 
individual  parts  of  an  in-line,  liquid-cooled,  four-cycle  engine. 

The  cylinder.  The  cylinder  is  the  heart  of  the  gasoline 
engine.  As  in  a  steam  engine,  it  is  a  chamber  in  which  the 
piston  moves  up  and  down  under  the  alternating  impulses  of 
the  expansion  of  gases  and  the  inertia  of  the  flywheel.  In  the 
gasoline  engine,  however,  it  is  also  the  place  where  the  com¬ 
bustion  takes  place. 

The  cylinders  are  part  of  a  unit  known  as  the  engine  block 
(Fig.  13-19). .  This  is  usually  cast  in  one  piece  of  alloy  iron 
containing  nickel,  chromium,  and  molybdenum.  The  block 
is  not  solid,  but  contains,  besides  the  cylinders,  passages  for  the 
cooling  liquid,  intake  and  exhaust  ports,  and  valve  seats. 

Strictly  speaking,  little  combustion  takes  place  in  the  actual 
cylinders  themselves.  The  combustion  chamber  is  in  the 
cylinder  head,  which  is  a  removable  lid  covering  the  top  of  the 
cylinder  block.  The  cylinder  head  is  usually  cast  of  the  same 
material  as  the  block,  and,  like  the  block,  contains  passages  for 
the  cooling  liquid  and  valve  openings.  The  head  is  removable 
so  that  the  working  parts  beneath  are  easily  accessible  for 
servicing. 
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Courtesy  Chrysler  Corporation 


Fig.  13-19.  Engine  block  showing  details  of  structure.  How  many  parts  can 
you  identify? 

To  ensure  adequate  compression  in  the  cylinders  and  to 
prevent  the  cooling  fluid  from  getting  into  the  cylinders,  a 
gasket  is  placed  between  the  head  and  the  block.  This  head 
gasket  consists  of  two  thin  sheets  of  copper  with  an  asbestos  pad 
between  them.  There  are  openings  in  it  which  correspond 
exactly  with  the  cylinders  and  with  other  passages  from  block 
to  head.  The  gasket  is  placed  on  the  block  with  a  coating  ol 
gasket  cement  on  each  side  and  the  head  is  bolted  down  to  the 
block.  The  layer  of  asbestos,  being  somewhat  compressible, 
makes  a  water-proof  and  gas-proof  joint. 

The  piston.  The  function  of  the  piston  is  to  absorb  the 
energy  of  the  rapidly  expanding  gases  after  the  explosion  and 
convert  it  into  mechanical  energy.  To  do  this  satisfactorily  it 
must  have  three  characteristics.  It  must  be  strong  enough  to 
withstand  the  shock  of  the  explosion.  It  must  also  be  as  light 


Courtesy  Chrysler  Corporation 

Fig.  13-20.  Pistons  and  crankshaft,  with  numerous  accessories.  Motor 
mechanics  must  be  familiar  with  the  function  of  each  part. 


Key:  Fig.  13-20. 

1.  Piston  Rings. 

2.  Piston.  . 

3.  Piston  Pin  Lock  Ring. 

4.  Piston  Pin. 

5.  Connecting  Rod  Bushing. 

6.  Connecting  Rod  Assembly. 

7.  Connecting  Rod  Bolt. 

8.  Connecting  Rod  Bearing. 

S.  Connecting  Rod  Bolt  Lockwasher. 

10.  Connecting  Rod  Bolt  Nut. 

11.  Connecting  Main  Bearing  Shell — 

No.  1 . 

12.  Timing  Chain. 

13.  Crankshaft  Puller. 

14.  Starting  Jaw  Lockwasher. 

15.  Starting  Jaw. 

16.  Crankshaft  Gear. 

17.  Crankshaft. 

18.  Crankshaft  Main  Bearing  Shell— 

No.  1. 

19.  Main  Bearing  Cap  Screw. 

20.  Main  Bearing  Cap — No.  1. 

21.  Main  Bearing  Cap  Screw  Lockwasher. 

22.  Oil  Pan  Front  Oil  Seal  Plate. 

23.  Oil  Pan  Gasket — Front. 

24.  Oil  Pan  Gasket — Sides. 


25.  Oil  Pan  Assembly. 

26.  Oil  Pipe  Connection. 

27.  Main  Bearing  Cap — No.  2. 

28.  Main  Bearing  Shell — No.  2. 

29.  Oil  Pipe  Connection. 

30.  Oil  Pump  Outlet  Pipe. 

31.  Main  Bearing  Cap — No.  3. 

32.  Main  Bearing  Shell — No.  3. 

33.  Oil  Pan  Plug  Gasket. 

34.  Oil  Pan  Drain  Plug. 

35.  Oil  Pan  Gasket — Rear. 

36.  Oil  Pump  Suction  Pipe. 

37.  Floating  Oil  Strainer. 

38.  Main  Bearing  Shell — No.  4. 

39.  Main  Bearing  Cap — No.  4. 

40.  Rear  Main  Bearing  Oil  Seal  Plate. 

41.  Rear  Main  Bearing  Oil  Seal. 

42.  Flywheel  Bolt  Nut. 

43.  Transmission  Mainshaft  Pilot 

Bushing. 

44.  Flywheel. 

45.  Flywheel  Ring  Gear. 

46.  Rear  Main  Bearing  Oil  Seal  Plate. 

47.  Flywheel  Bolt. 

48.  Main  Bearing  Shell — No.  4. 

49.  Main  Bearing  Shell — No.  3. 

50.  Main  Bearing  Shell- — No.  2. 
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as  possible  to  reduce  the  stress  which  it  exerts  on  the  connecting 
rod  and  crankshaft.  Finally,  it  must  fit  so  snugly  into  the 
cylinder  as  not  to  allow  any  passage  of  gas  along  its  sides.  Its 
composition  and  design  give  it  these  characteristics. 

The  piston  is  usually  made  of  an  aluminum  alloy  of  great 
strength  and  lightness.  Its  hollow  cylindrical  form  (Fig. 
13-20-2)  increases  its  strength. 

In  order  that  the  piston  may  be  gas-proof  in  its  fit  and  yet 
be  free  to  move  up  and  down  the  cylinder  with  a  minimum  of 
friction,  piston  rings  are  fitted  into  ring  grooves  in  the  piston 
head.  These  rings  are  usually  of  cast  iron  and  have  an  open 
joint  in  their  circumference.  The  piston  is  eased  into  the 
cylinder  with  the  rings  contracted,  then  they  expand  and  fit 
snugly  against  the  cylinder  walls. 

Piston  rings  are  of  two  kinds.  Those  at  the  upper  end  are 
compression  rings  which  function  as  this  name  suggests.  The 
oil  rings  at  the  lower  end  fulfill  two  purposes,  (1)  they  collect 
oil  from  the  cylinder  walls  and  return  it  to  the  crank-case,  and 
(2)  they  prevent  excess  oil  from  working  up  into  the  combus¬ 
tion  chamber  where  it  would  burn  incompletely  and  form  a 
harmful  deposit  of  carbon. 

Connecting  rod.  Each  piston  is  connected  to  the  crankshaft 
by  a  connecting  rod  (Fig.  13-20-6).  The  upper  end  of  the 
connecting  rod  has  a  bushing  which  fits  over  the  wrist  pin. 
The  wrist  pin  is  a  hard  steel  pin  which  passes  through  the 
piston,  providing  a  movable  joint  so  that  the  connecting  rod 
may  swing  back  and  forth  while  its  other  end  revolves  on  the 
off-set  portion  of  the  crankshaft  (Fig.  13-20-17).  It  must  be 
free  to  rotate.  The  connection  is  therefore  made  by  means  of 
a  bearing. 

Connecting  rod  bearings.  The  necessity  for  a  tight  connec¬ 
tion  which  would  still  permit  rotation  with  a  minimum  of 
friction  resulted  in  the  development  of  the  modern  bearing, 
a  bearing  which  would  support  a  rotating  part  and  which  could 
be  either  fixed  or  movable.  Each  connecting  rod  bearing 
revolves  about  the  axis  of  rotation  of  the  crankshaft,  but  the 
actual  rotation  is  going  on  inside  the  bearing.  The  action  is 
similar  to  that  of  the  crank  handle  of  a  brace-and-bit. 
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Each  bearing  consists  of  two  portions  which  can  be  bolted 
together.  The  cylindrical  inner  surface  has  a  lining  (Fig. 
13-20-8)  of  either  Babbitt  metal  (which  is  an  alloy  of  tin, 
antimony,  and  copper),  a  copper-lead  alloy,  or  a  cadmium-silver 
alloy.  These  alloys  reduce  friction  by  developing  a  high  polish 
when  rubbed  by  the  harder  steel  or  iron  of  the  rotating  part. 

The  gradual  wearing  away  of  the  soft  lining  is  adjusted  by 
placing  very  thin  wafers  of  steel,  called  shims,  between  the  two 
halves  of  the  bearing  block.  As  the  lining  wears  down, 
successive  shims  are  removed  and  the  bearing  rebolted  more 
tightly.  There  is,  of  course,  a  limit  to  this  procedure,  and 
eventually  the  bearing  has  to  be  re-lined. 

Crankshaft.  The  crankshaft  (Fig.  13-20-17)  is  forged  or 
cast  in  nickel-steel.  As  its  name  implies,  it  is  a  shaft  with 
cranks  in  it.  These  cranks,  or  offset  portions  of  the  shaft,  turn 
the  vertical  motion  of  the  pistons  into  the  rotary  motion  which 
is  transmitted  to  the  flywheel. 

As  the  piston  in  a  single-cylinder  engine  moves  down  on  its 
power  stroke,  the  connecting  rod,  rocking  on  its  wrist  pin, 
pushes  the  crankshaft  through  half  a  rotation.  The  inertia  of 
the  flywheel  must  then  carry  the  shaft  around  through  a  revo¬ 
lution  and  a  half,  using  the  connecting  rod  to  drive  the  piston 
through  its  other  three  strokes.  In  a  multi-cylinder  engine, 
the  power  strokes  of  the  other  pistons  will  drive  the  crankshaft 
during  the  three  idle  strokes  of  the  first  piston.  In  this  case 
the  flywheel  acts  in  an  integrating  capacity,  smoothing  the 
individual  impulses  into  a  steady  rotation.  Vibration  is  further 
reduced  by  having  counterbalances  on  the  crankshaft  to  offset 
the  weight  of  the  pistons  and  connecting  rods. 
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Cam-shaft.  Since  the  crankshaft  governs  the  stroking  order 
of  the  pistons,  it  is  necessary  to  synchronize  the  opening  and 
closing  of  the  valves  to  correspond  with  the  correct  positions  of 
the  pistons.  This  is  done  by  the  cam-shaft  (Fig.  13-21)  which 
is  in  a  fixed  position  on  the  side  of  the  engine  block  and  driven 
from  the  forward  end  of  the  crankshaft  by  means  of  either  a 
belt  or  gears.  Set  on  it  at  various  angles  are  pear-shaped  eccen¬ 
tric  wheels  called  cams.  Each  valve  stem  sits  on  a  cam  and  is 
lifted  at  the  required  moment  by  the  cam  (Fig.  13-15-0). 

Valve  construction.  Since  1932  the  poppet  valve  is  the  only 
type  of  valve  used  in  the  engines  of  American  and  Canadian 
cars.  This  valve  (Fig.  13-15-B  &  G)  consists  of  a  mushroom-like 
head  and  stem.  The  head  has  a  bevelled  edge,  ground  to 
correspond  with  the  bevelling  of  the  valve  seat.  A  snug  fit  of 
these  two  surfaces  is  essential  to  prevent  loss  of  compression. 
Poppet  valves  must  therefore  be  ground  frequently  to  remove 
deposits  of  carbon  which,  accumulating  on  the  surfaces,  prevent 
proper  seating  of  the  valves. 

Formerly,  the  sleeve  valve  was  used  in  some  automobile 
engines.  Although  it  has  certain  advantages,  its  higher  cost  of 
construction  has  caused  it  to  be  abandoned  by  automobile 
manufacturers  in  favour  of  the  poppet  valve.  It  is  used  very 
successfully,  however,  in  some  English  aircraft  engines.  The 
sleeve  valve  consists  of  two  concentric  sleeves  which  slide  up 
and  down,  one  inside  the  other,  opening  and  closing  registers 
for  intake  and  exhaust  purposes.  Its  action  is  very  quick,  it 
cuts  compression  loss  to  a  minimum,  and  valve  grinding 
becomes  unnecessary  because  the  sleeves  clear  carbon  deposits 
from  each  other  as  they  slide. 

The  ignition  system.  The  ignition  system  has  to  solve  three 
problems:  (1)  It  must  produce  a  sufficiently  high  voltage  to 
cause  a  spark  to  jump  across  the  gap  between  the  points  of  the 
spark  plug;  (2)  it  must  cause  the  spark  to  occur  in  the  proper 
cylinders  in  a  precise  sequence;  and  (3)  it  must  ensure  the 
timing  of  the  spark  at  the  correct  instant  during  the  stroke  of 
each  piston.  In  the  automobile  engine  the  first  problem  is 
solved  by  the  use  of  a  battery  and  a  modified  induction  coil, 
the  second  by  the  distributor,  and  the  third  by  two  automatic 
timing  devices. 
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Key  :  A — high  tension  coil,  B — distributor  base,  C — distributor  shaft,  D — rotor, 
E— spark  plug,  F— circuit-breaker  arm,  G — condenser,  H — storage  battery, 
I — ignition  switch,  J — distributor  tab  (in  distributor  cap),  K — primary  coil, 
L — secondary  coil,  M — iron  core. 

How  does  the  ignition  coil  differ  from  an  induction  coil? 

The  ignition  coil  (Fig.  13-22-A)  is  essentially  the  same  as  the 
induction  coil  described  on  page  453.  Primary  and  secondary 
coils  are  similarly  wound  around  a  soft  iron  core,  and  a  high 
tension  current  is  induced  in  the  secondary  whenever  the 
primary  circuit  is  opened  or  closed.  There  is  a  difference, 
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however,  in  the  means  whereby  the  primary  current  is  inter¬ 
rupted.  The  continuous  action  of  the  buzzer-type  interrupter 
of  an  ordinary  induction  coil  would  be  an  unnecessary  drain 
on  the  battery.  Therefore,  circuit-breaking  is  done  intermit¬ 
tently  by  a  rubbing  block,  and  by  cam  and  ignition  points  on 
the  base  of  the  distributor  (Fig.  13-22-B).  The  cam  is  on  the 
shaft  of  the  distributor,  and  the  circuit-breaking  is  timed  so 
that  the  induced  current  is  synchronized  with  the  timing  of  the 
spark  to  the  cylinders. 

How  does  the  distributor  work?  In  the  accompanying  diagram  (Fig.  13-22) 
the  main  parts  of  the  distributor  can  be  distinguished.  High-tension 
current  from  the  ignition  coil  is  fed  into  the  top  terminal.  Wires  running 
to  each  spark  plug  are  connected  to  terminals  surrounding  the  high-tension 
terminal.  Inside  the  distributor  cap  and  connected  with  the  spark  plug 
terminals  are  small  metal  tabs  which  protrude  downward.  The  rotor,  made 
of  some  non-conducting  plastic,  fits  on  the  end  of  the  distributor  shaft. 
A  metallic  spring  on  the  top  of  the  rotor  makes  constant  electrical  contact 
with  the  high-tension  terminal.  Connected  with  the  spring  is  a  metal  bar 
which,  as  the  rotor  rotates,  makes  contact  with  one  tab  after  another. 

As  the  rotor  rotates,  the  cam  beneath  it  activates  the  circuit-interrupter 
in  the  primary  circuit.  The  high-tension  current  generated  in  the  second¬ 
ary  circuit  travels  to  the  central  terminal  of  the  distributor,  out  the  metal 
arm  and  through  the  appropriate  tab,  and  sparks  across  the  gap  of  the 
required  spark  plug.  * 

How  is  the  spark  accurately  timed?  For  maximum  efficiency 
in  a  gasoline  engine,  two  conditions  must  be  satisfied. 
First,  the  combustion  of  the  fuel  must  not  be  an  instantaneous 
explosion,  but  must  be  spread  over  a  small  but  appreciable 
period  of  time.  The  use  of  high-octane  gasoline  with  tetra¬ 
ethyl  lead  (p.  299)  accomplishes  this  purpose.  Secondly,  the 
combustion  must  be  complete  at  the  moment  when  the  com¬ 
pression  is  greatest,  that  is,  when  the  piston  is  right  at  the  top 
of  its  compression  stroke.  It  follows  that  the  spark  must  occur, 
not  during  the  power  stroke,  but  toward  the  end  of  the  com¬ 
pression  stroke,  and  it  must  be  timed  so  that  the  combustion 
which  it  initiates  will  be  complete  just  as  that  stroke  ends. 

In  an  engine  which  operated  at  a  steady  speed  under  constant 
load,  this  timing  of  the  spark  could  be  satisfactorily  controlled 
by  the  position  of  the  distributor  tabs.  In  an  automobile 
engine  the  problem  is  more  complex.  When  the  engine  accel¬ 
erates,  the  piston  moves  more  rapidly.  The  spark  must  there¬ 
fore  be  “advanced”  so  that  there  will  be  time  for  complete 
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combustion  before  the  piston  finishes  its  stroke.  On  the  other 
hand,  when  the  engine  is  under  heavy  load,  the  piston  moves 
more  slowly,  and  the  spark  must  be  “retarded”  lest  the  com¬ 
bustion  should  finish  too  soon  and  set  up  a  pressure  which 
would  oppose  the  piston’s  compression  stroke  and  cause  the 
engine  to  “knock”. 

In  older  types  of  engines  the  adjustment  of  the  spark  to 
varying  speeds  and  loads  was  carried  out  by  means  of  a  manually 
operated  spark  control,  which  was  frequently  forgotten  by  the 
driver.  The  modern  automobile  engine  has  two  devices  which 
make  the  necessary  adjustments  automatically.  The  first  of 
these  is  a  fly-ball  governor  (page  442)  in  the  distributor  head. 
As  the  engine  speed  increases  the  balls  fly  apart  and  operate  a 
lever  system  which  advances  the  spark.  The  other  device  is  a 
diaphragm  connected  with  the  intake  manifold  of  the  engine. 
When  a  condition  of  heavy  load  increases  the  fuel  consumption, 
the  increased  suction  at  the  manifold  distorts  the  diaphragm. 
The  diaphragm  in  turn,  through  its  connection  with  the 
distributor,  retards  the  spark. 

Magneto  ignition.  Instead  of  the  battery  and  induction  coil, 
most  aircraft  engines  have  a  magneto  ignition  system.  The 
battery  system  is  preferred  in  automobiles  because  it  gives  a 
ready  supply  of  direct  current  for  the  operation  of  lights, 
windshield  wipers,  cigarette  lighters,  and  other  electrical 
appliances.  The  magneto  system,  however,  is  more  reliable. 
Ignition  failure  in  an  automobile  or  truck  generally  results  in 
nothing  more  serious  than  inconvenience.  In  an  aircraft, 
ignition  failure  is  obviously  much  more  dangerous. 

The  simple  magneto  is  an  alternating  current  generator 
(page  451)  with  a  permanent  field  magnet.  The  magneto  used 
in  modern  aircraft  engines  is  a  high-tension  type  which  both 
generates  and  transforms,  and  produces  a  very  high  and  con¬ 
stant  voltage.  The  high-tension  magneto  (Fig.  13-23a)  has  a 
built-in  transformer  (2),  so  that  the  alternating  current 
generated  in  the  primary  circuit  is  automatically  transformed 
to  a  high  voltage.  It  has  a  distributor  (Fig.  I3-23b),  a  circuit- 
breaker  (6),  and  an  automatic  spark  control,  just  as  in  the 
battery  ignition  system.  Because  it  can  give  only  two  sparks 
per  revolution,  it  has  to  be  geared  up  proportionally  to  the 
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number  of  cylinders.  Thus  in 
a  multiple-cylinder  aircraft 
engine  it  revolves  at  a  high 
speed,  and  consequently  gives 
a  very  high  and  dependable 
voltage.  A  further  safety  pre¬ 
caution  used  in  most  aircraft 
engines  is  the  use  of  a  twin 
ignition  system,  with  two  mag¬ 
netos  firing  two  spark  plugs  in 
each  cylinder. 

How  does  the  carburettor 
serve  the  engine?  The  useful¬ 
ness  of  the  gasoline  engine  in 
transportation  is  due  in  large 
part  to  the  fact  that  it  burns 
a  gaseous  fuel  which  it  can 
carry  with  it  in  compact  liquid 
form.  A  carburettor  is  used  to 
convert  fuel  to  a  gas  as  it  is 
required. 

Strictly  speaking,  the  fuel  is 
not  completely  vapourized 
until  the  end  of  the  compres¬ 
sion  stroke.  The  carburettor 
vapourizes  part  of  the  fuel, 
atomizes  the  rest,  and  mixes  it 
with  a  varying  proportion  of 
air.  The  necessity  of  variation 
in  the  proportions  of  the  fuel- 
air  mixture  has  been  an  im¬ 
portant  factor  in  the  modern 
tendency  to  make  carburettors 
more  and  more  complicated  in 
construction.  The  theoretically 
perfect  mixture,  which  will 
burn  without  any  excess  of 
either  gasoline  or  air,  consists 
of  seventeen  parts  of  air  to  one 
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Fig.  13-23a  and  23b.  High-tension 
magneto. 

Key :  1 — permanent  field  magnet,  2 — ■ 
built-in  transformer,  3 — shaft  gover¬ 
nor,  4 — armature  shaft,  5 — leads 
(wires)  to  spark  plugs,  6 — circuit- 
breaker,  7 — distributor  tabs,  8— dis¬ 
tributor  cap. 
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of  fuel.  For  average  running,  however,  the  ratio  is  generally 
kept  at  about  16:1;  for  quick  acceleration  the  mixture  must 
be  “richer”,  about  12:1;  and  for  cold  starts  it  must  be  richer 
still.  On  the  other  hand,  for  maximum  economy  under  easy 
load  conditions  the  carburettor  must  supply  the  “lean” 
seventeen-to-one  mixture.  An  efficient  carburettor  must  adjust 
itself  automatically  to  these  varying  driving  conditions. 


Figure  13-24  is  a  diagram  of  a  simple  plain-tube  carburettor. 
Gasoline,  supplied  by  the  fuel  pump,  enters  the  float  chamber 
by  a  needle  valve  B.  This  valve  is  opened  and  closed  by  the 
falling  and  rising  of  the  float  C.  When  the  fuel  has  reached 
the  correct  level  in  the  float  chamber,  the  float  activates  the 
levers  D  at  the  top  of  the  needle  E,  causing  the  pointed  lower 
end  to  seat  on  the  bevelled  opening  F  and  seal  the  entry.  As 
the  fuel  is  used  the  float  is  lowered  and  the  arms  fall,  raising 
the  point  of  the  needle  and  allowing  more  fuel  to  enter.  The 
float  chamber  is  connected  to  the  mixing  chamber  G  by  a  tube 
H  at  the  end  of  which  is  a  jet  J.  The  orifice  of  this  jet  is  about 


470 


SCIENCE  AND  PROGRESS 


a  sixteenth  of  an  inch  above  the  maximum  level  of  the  fuel 
in  the  float  chamber,  so  that  no  fuel  will  flow  into  the  mixing 
chamber  when  the  engine  is  not  in  operation. 

All  the  intake  ports  of  the  engine  open  into  a  common  • 
hollow  tube  on  the  outside  of  the  engine  block  known  as  the 
intake  manifold.  The  intake  manifold  has  a  single  branch 
with  a  flange  on  its  end.  This  flange  is  connected  by  bolts  and 
a  gasket  to  an  identically  shaped  flange  K  at  the  top  of  the 
mixing  chamber. 

When  the  engine  is  turned  over  by  the  starter,  one  of  the 
pistons  will  be  on  its  intake  stroke.  Suction  will  therefore  be 
created  in  the  manifold,  and  air  will  flow  into  the  carburettor 
through  the  air  passage  L.  As  the  air  passes  the  orifice  of  the 
jet,  fuel  is  sucked  up,  atomized  and  partly  vapourized  by  the 
same  process  as  takes  place  in  a  perfume  atomizer  or  throat 
spray.  In  order  to  increase  the  velocity  of  the  air,  the  mixing 
chamber  is  constricted  around  the  jet,  forming  what  is  known 
as  a  “venturi  tube’’  M. 

The  operator  controls  the  power  of  the  engine  by  using  a 
damper  O,  known  as  the  throttle,  to  regulate  the  amount  of 
mixture  drawn  into  the  manifold.  In  the  air  intake  passage 
is  a  similar  device  P,  called  the  choke.  It  is  used  to  cut  down 
the  air  supply  and  thus  furnish  a  richer  mixture  for  cold 
starting. 

The  plain-tube  carburettor  is  quite  efficient  in  an  engine  that 
encounters  little  variation  in  load.  It  is  therefore  used  with 
few  changes  in  marine  engines  and  some  small  stationary  units. 
It  has,  however,  distinct  defects  for  use  in  automobiles.  Its 
most  serious  fault  is  the  fact  that  when  the  engine  speed 
increases,  the  flow  of  fuel  increases  faster  than  the  corresponding 
flow  of  air,  so  that  a  rich  mixture  is  furnished  when  a  lean  one 
would  be  more  economical.  On  the  other  hand,  when  the 
throttle  is  opened  suddenly,  or  when  the  engine  labours  under 
a  heavy  load,  the  fuel  lags  behind  the  air  flow, ‘and  the  mixture 
becomes  lean  just  when  it  needs  to  be  rich.  Finally,  a  manually 
operated  choke  may  easily  be  closed  too  tightly  or  too  long, 
flooding  the  manifold  and  cylinders  with  liquid  fuel  which  will 
not  burn  because  it  has  not  been  properly  atomized. 
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The  modern  carburettor  is  designed  to  produce,  automati¬ 
cally,  the  necessary  adjustments  to  varying  conditions.  To  do 
this,  it  has  not  one  simple  circuit  but  several  distinct  circuits. 
The  low  speed  circuit,  with  its  own  fuel  passages  and  nozzles, 
operates  under  starting,  idling,  and  low  speed  conditions.  The 
instant  the  engine  speed  attains  a  specified  level,  the  low  speed 
circuit  automatically  cuts  out  and  the  high  speed  circuit  comes 
into  action.  When  the  throttle  is  opened  suddenly  a  hydrauli¬ 
cally  operated  accelerator  pump  furnishes  extra  fuel  to  the 
high  speed  circuit.  Because  it  gives  a  temporary  boost  when 
necessary,  this  circuit  is  sometimes  referred  to  as  the  “booster 
pump”.  The  choke  is  automatically  controlled  by  a  thermo¬ 
static  spring.  When  the  engine  is  cold  the  spring  is  contracted 
and  closes  the  choke  damper;  as  the  engine  warms  up  the  spring 
expands  and  opens  the  choke  to  running  position.  Automotive 
engineers  are  constantly  testing,  rejecting,  and  accepting  new 
modifications  to  improve  the  carburettor’s  ability  to  supply  just 
the  right  mixture  under  all  driving  conditions. 

The  exhaust  system.  The  exhaust  system  of  the  engine 
performs  three  functions.  It  conducts  the  waste  gases  away 
from  the  engine  and  its  operator,  it  dissipates  some  of  the  waste 
heat,  and  it  silences  the  explosions  of  the  exhaust  gases.  It  has 
three  main  parts,  the  exhaust  manifold,  the  muffler,  and  the 
tail-pipe. 

The  exhaust  manifold  is  a  branched  cast  iron  tube  which 
collects  the  exhaust  gases  from  the  exhaust  ports  of  the  several 
cylinders.  It  is  stream-lined  to  reduce  back  pressure  which 
would  decrease  the  engine’s  efficiency. 

If  the  gases  passed  directly  into  the  air  from  the  manifold 
the  great  difference  in  pressure  would  produce  a  noise  like  the 
report  of  a  gun.  They  are  therefore  conducted  first  to  the 
muffler  where  they  expand  gradually  through  a  series  of  com¬ 
partments.  This  baffling  of  the  exhaust  gases  does  create  a 
back  pressure  in  the  exhaust  manifold  and  reduces  somewhat 
the  efficiency  of  the  engine,  but  this  is  a  price  which  most 
motorists  are  willing  to  pay  for  silence.  In  cases  where 
efficiency  is  more  important  than  quietness,  as  in  aircraft 
engines,  there  is  no  muffler.  Indeed,  the  manifold  is  often 
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omitted,  the  exhaust  ports  discharging  directly  through  short 
individual  exhaust  pipes. 

Cooling  system.  The  cooling  system  of  a  gasoline  engine  is 
designed  to  allow  the  engine  to  become  warm  enough  for 
efficient  operation,  but  to  conduct  away  excess  heat  which 
would  damage  the  working  parts  and  evaporate  or  burn  the 
lubricating  oil.  Gasoline  engines  are  generally  classified  as 
either  air-cooled  or  liquid-cooled.  Direct  air-cooling  is  used 
in  many  aircraft  and  motor-cycle  engines,  where  the  exposed 
position  of  the  engine  and  the  high  speed  of  the  vehicle 
through  the  air  enable  air-cooling  to  work  efficiently.  Air- 
cooling  of  automobile  engines  has  been  found  unsatisfactory 
because  of  the  high  cost  of  construction  and  the  power  loss 
involved  in  operating  the  large  fan  which  is  necessary.  The 

only  true  liquid-cooled 
engines,  on  the  other 
hand,  are  marine  engines 
in  which  a  constantly 
changing  supply  of  cold 
water  is  pumped  through 
the  cooling  system.  All 
automobile  engines  and 
many  aircraft  engines, 
referred  to  as  liquid- 
cooled,  actually  employ 
indirect  air-cooling.  The 
excess  heat  from  the  en¬ 
gine  is  absorbed  by  a 
liquid  coolant  and  subse¬ 
quently  dissipated  into 
the  air  as  the  liquid 
passes  through  the  radi¬ 
ator. 

This  so-called  liquid 
cooling  system  consists  of 
three  main  parts,  water 
jacket,  radiator,  and 
Fig.  13-25.  pump.  The  water  jacket 

Fooling  system  of  js  parf  Qf  t|ie  cylinder 
gasoline  engine.  1  ' 

Key.  1 — cooled  water,  2 — tiot  water,  3 — water 
jacket,  4 — radiator,  5 — fan,  6 — water  pump. 
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block  and  head,  and  allows  the  liquid  coolant  to  circulate 
around  the  combustion  chambers  and  cylinders  (Fig.  13-19). 
The  radiator  has  an  upper  and  a  lower  tank,  connected  by  a 
core  (Fig.  13-25)  which  is  designed  to  present  a  maximum 
cooling  surface  to  the  air.  The  hot  water  outlet  from  the  water 
jacket  is  connected  by  a  rubber  hose  to  the  upper  tank  of  the 
radiator.  As  the  hot  water  passes  down  through  the  core  it  is 
cooled  by  the  air  which  is  sucked  in  by  the  fan.  Cool  water 
re-enters  the  water  jacket  through  inlets  at  the  bottom  of  the 
block.  Circulation  of  the  liquid,  which  would  occur  automati¬ 
cally  by  convection,  is  assisted  by  the  pump  which  is  situated 
between  the  lower  tank  of  the  radiator  and  the  inlets  at  the 
bottom  of  the  water  jacket.  To  allow  a  cold  engine  to  warm 
up  to  running  temperature  as  quickly  as  possible,  there  is  a 
thermostatically  controlled  by-pass  circuit  which  cuts  out  the 
pump  temporarily. 

The  liquid  usually  used  in  such  a  cooling  system  is  water. 
It  is  not  only  cheap  but  also  the  most  efficient  of  all  liquid 
coolants,  for  its  high  specific  heat  enables  it  to  absorb  a  maxi¬ 
mum  amount  of  engine  heat  without  an  undue  rise  in  tempera¬ 
ture.  Precautions  must  be  taken,  however,  to  prevent  the  water 
from  freezing  in  winter  weather,  for  when  water  freezes  it 
expands,  setting  up  a  pressure  which  may  crack  the  radiator  core 
or  even  the  engine  block.  The  prudent  motorist  therefore  puts 
into  the  radiator  some  substance  which  will  dissolve  in  the 
water  and  depress  its  freezing  point.  The  commonest  “anti¬ 
freeze”  substances  are  alcohol  and  glycol.  The  latter  is 
preferred  because  it  has  no  tendency  to  evaporate  as  the  engine 
runs.  In  liquid-cooled  aircraft  engines,  water  is  replaced  by 
pure  glycol,  which  does  not  freeze  even  in  the  extreme  cold  of 
high  altitudes. 

How  are  internal  combustion  engines  lubricated?  It  is 

obvious  that  the  multitude  of  moving  parts  in  an  engine 
require  lubrication  to  reduce  friction  and  wear.  What  is  less 
apparent  is  the  fact  that  the  lubricating  system  serves  at  least 
four  other  important  functions,  and  is  designed  to  do  so  both 
by  structural  design  and  by  providing  an  excess  of  oil  above 
the  amount  required  for  actual  lubrication.  The  excess  oil 
acts  as  a  coolant  for  parts  not  reached  by  the  cooling  system. 
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In  conjunction  with  the  piston  rings,  it  completes  the  sealing 
of  the  pistons  for  compression  purposes.  It  helps  to  prevent 
vibration  by  cushioning  the  rapid  movements  of  the  working 
parts.  It  cleans  the  moving  parts  as  it  lubricates  them,  by 
carrying  away  such  impurities  as  carbon  and  scale. 

Most  engines  employ  a  pressure  system  of  lubrication. 
A  rotary  pump  geared  to  the  camshaft  maintains  a  pressure  of 
30  to  55  pounds  per  square  inch  throughout  the  system.  The 
main  supply  of  oil  is  kept  in  the  sump  or  crank-case.  From 
there  it  is  pumped  directly  to  the  main  bearings.  Through 
holes  drilled  in  the  bearings,  crankshaft,  and  connecting  rods 
it  reaches  other  working  parts.  The  cylinder  walls  are  splashed 
by  centrifugal  action  with  oil  which  escapes  from  the  connect¬ 
ing  rod  bearings. 

Oil  is  distributed  over  the  cylinder  walls  by  the  oil  rings. 
The  timing  gear  and  the  valve  stems  are  oiled  by  a  jet  system 
incorporated  into  the  general  system.  Such  exterior  parts  as 
the  generator,  starter,  distributor,  and  water  pump  are  lubri¬ 
cated  individually  by  oil  ducts  and  grease  cups.  As  it  returns 
to  the  sump,  the  oil  passes  through  a  filter  which  removes 
impurities. 

How  does  a  diesel  engine  differ  from  the  other  internal 
combustion  engines?  Although  Dr.  Rudolf  Diesel  designed 
his  engine  just  as  the  gasoline  engine  was  coming  into  common 
use,  its  development  was  considerably  less  rapid.  During  the 
past  thirty  years  its  use  has  increased  because  of  the  fact  that  it 
uses  a  cheaper  fuel  than  the  gasoline  engine,  and  uses  it  with 
greater  efficiency.  Operating  economy  has  led  to  the  use  of 
diesel  engines  in  such  heavy  transportation  units  as  motorships, 
submarines,  heavy-duty  trucks,  and  speedy  diesel-electric  trains. 
Its  heavy  construction  and  high  manufacturing  cost  have 
prevented  the  diesel  from  competing  with  the  gasoline  engine 
for  automobiles  and  aircraft. 

Structurally,  the  diesel  is  almost  identical  with  the  gasoline 
engine.  It  differs  chiefly  in  the  manner  in  which  the  fuel  is 
admitted  and  ignited.  There  is  no  electric  ignition  system. 
On  the  intake  stroke  pure  air  is  drawn  into  the  cylinder 
(Fig.  13-26)  through  the  intake  valve.  On  the  next  stroke  the 
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Fig.  13-26.  Diagram  of  diesel  engine. 

air  is  compressed  to  a  much  greater  degree  than  in  the  gasoline 
engine.  Near  the  top  of  the  compression  stroke  fuel  is  injected 
into  the  cylinder.  The  extreme  pressure  generates  so  much 
heat  that  the  mixture  of  fuel  and  air  immediately  ignites. 
There  follows  a  power  stroke,  and  then  an  exhaust  stroke, 
exactly  as  in  the  Otto  cycle. 

There  are,  naturally,  some  differences  in  design  between  the 
diesel  and  the  gasoline  engine.  The  very  high  compression  in 
the  diesel  engine  necessitates  a  very  heavily  constructed  block. 
This  heavy  construction  is  one  of  the  factors  which  has  pre¬ 
vented  the  development  of  automobile  and  aircraft  diesels. 
The  cylinder  head  is  made  rather  complex  by  the  incorporation 
into  it  of  the  fuel  injection  mechanism.  The  valves  must  be 
able  to  withstand  very  high  temperatures,  and  they  must  be 
designed  with  great  precision  to  prevent  even  the  smallest 
pressure  loss. 

How  is  a  diesel  engine  started?  Its  heavy  construction  and 
high  compression  make  a  diesel  engine  difficult  to  start.  Small 
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diesels,  like  gasoline  engines,  use  an  electric  starting  motor, 
but  heavier  ones  require  more  powerful  methods.  In  most 
cases  compressed  air  is  pumped  into  the  cylinders  in  the  proper 
sequence.  The  fuel  is  turned  off  until  the  engine  is  operating 
at  the  required  speed.  Then  fuel  is  injected  until  the  engine 
is  running  on  all  cylinders.  In  some  cases  a  small  gasoline 
engine  geared  to  the  flywheel  of  the  diesel  is  used  as  a  starter. 
When  the  diesel  starts,  the  gear  connection  is  automatically 
broken  just  as  in  the  case  of  an  electric  starting  motor.  Finally, 
there  are  some  diesels  in  which  an  auxiliary  fuel  system  enables 
them  to  be  started  on  gasoline  fed  from  a  carburettor  and  fired 
by  spark  plugs.  The  return  to  diesel  operation  is  either 
manually  or  automatically  operated. 

The  gas  turbine.  The  search  for  a  more  efficient  heat  engine 
continues.  A  sensational  recent  development  is  the  gas  turbine. 
The  idea  here  has  been  to  employ  the  mechanically  simple  and 
efficient  principle  of  the  turbine,  but  to  make  the  energy  of 
burning  gas  do  its  work  on  the  vanes  of  the  turbine  without 
the  wasteful  intermediate  use  of  steam. 

The  pioneer  in  this  work  has  been  the  Brown-Boveri  Com¬ 
pany  of  Switzerland,  which  produced  both  the  hrst  power  plant 
and  the  hrst  locomotive  powered  by  gas  turbines.  In  the  United 
States  the  Allis-Chalmers  Corporation  has  produced  a  5000- 
horsepower  gas  turbine  locomotive.  A  successful  variation  of 
the  gas  turbine  for  use  in  jet-propelled  aircraft,  invented  by 
Group  Captain  Frank  Whittle  of  the  Royal  Air  Force,  is  being- 
developed  experimentally  by  both  Power  Jets  Limited  in 
England  and  General  Electric  in  the  United  States.  Another 
English  development  is  a  small  gas  turbine,  burning  coal  gas, 
to  drive  such  home  appliances  as  washing  machines. 

Although  the  details  of  the  various  gas  turbines  are  veiled  in 
secrecy,  the  general  principle  of  the  Brown-Boveri  turbine  is 
known.  An  air  compressor  blows  air  through  a  burner  which 
burns  fuel  oil,  diesel  oil,  crude  oil,  or  powdered  coal.  The  blast 
of  flames  from  the  combustion  chamber  is  hurled  at  the  blades 
of  a  turbine  and  the  expansion  of  the  burning  gases  imparts 
a  tremendous  rotational  energy  to  the  rotor. 

The  importance  of  the  gas  turbine  lies  not  so  much  in  its 
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present  development  as  in  the  possibilities  that  lie  ahead.  At 
present  there  appear  to  be  two  main  problems  which  must  be 
solved  before  the  engine  is  entirely  successful.  First,  the  com¬ 
pressor  uses  up  more  than  half  the  engine’s  output  of  energy. 
Secondly,  the  engine  can  not  reach  maximum  efficiency  because 
no  suitable  alloy  has  been  developed  that  will  withstand  the 
temperature  required. 

An  unusual  characteristic  of  the  gas  turbine  is  an  extra¬ 
ordinary  increase  in  efficiency  as  the  outside  temperature  drops. 
A  locomotive  of  this  type  which  develops  2000  horsepower  on 
a  warm  day  will  produce  2600  horsepower  at  freezing  tempera¬ 
ture,  and  in  zero  weather  its  output  rises  to  nearly  3400  horse¬ 
power.  The  implications  of  this  fact  for  winter  railroading  in 
Canada  and  for  high-altitude  flying  are  startling. 


Activities 


A 


1.  Problem — To  determine  the  mechanical  equivalent  of  heat. 


If  the  school  has  an  apparatus  for  determining  the  mechanical  equiva¬ 
lent  of  heat,  use  it  to  discover  how  many  joules  of  mechanical  energy  are 
equivalent  to  one  calorie  of  heat.  Specific  details  of  the  experimental 
procedure  cannot  be  given  here,  for  they  will  depend  on  the  type  of 
apparatus  available. 


*2.  Problem — To  verify  Charles’  Law. 

As  in  the  case  of  Problem  1,  details  of 
the  experiment  will  depend  on  the  type  of 
apparatus  available.  Generally  the  apparatus 
(Fig.  13-27)  consists  of  an  air-filled  glass  bulb 
to  which  is  attached  a  U-tube  containing 
mercury.  The  bulb  is  surrounded  by  a  water 
bath  so  that  its  temperature  may  be  varied 
and  measured.  The  corresponding  changes 
in  pressure  are  indicated  by  changes  in  the 
mercury  level  in  the  U-tube,  and  are  measured 
by  a  vertical  scale  attached  to  the  tube. 

*3.  Problem — To  study  the  magnetic  fields 
set  up  by  electric  currents. 


(a)  Arrange  an  insulated  copper  wire  vertically  through  a  hole  in  the 
centre  of  a  horizontal  sheet  of  cardboard.  Send  an  electric  current  from 
a  dry-cell  through  the  wire.  Set  a  small  compass  on  the  cardboard 
platform.  Remembering  that  the  north  pole  of  the  compass  needle  points 
in  the  direction  of  the  magnetic  field,  move  the  compass  from  place  to 
place  on  the  cardboard  and  map  the  magnetic  field  surrounding  the  wire. 
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How  is  the  magnetic  field  affected  if  the  direction  of  the  current  in  the 
vertical  wire  is  reversed? 

(b)  Arrange  a  flat  coil  of  several  turns  of  insulated  wire  vertically,  with 
the  wire  passing  through  two  holes  in  a  horizontal  cardboard  platform. 
Use  the  small  compass  needle  to  map  the  magnetic  field  as  before. 

(c)  Using  a  compass  to  map  the  magnetic  field  about  a  current- 
carrying  helix,  verify  the  right-hand  rule  referred  to  on  page  447. 

*4.  Problem — To  demonstrate  electromagnetic  induction  (Fig.  13-10). 

Connect  the  two  terminals  of  a  long  coil,  or  solenoid,  to  a  galvanometer. 
Push  the  north  pole  of  a  bar  magnet  inside  the  coil  and  observe  the 
behaviour  of  the  galvanometer  needle.  Withdraw  the  magnet,  again 
observing  the  action  of  the  needle.  Repeat,  using  the  south  pole  of 
the  magnet. 

Insert  a  smaller  solenoid  inside  the  first  one  and  xonnect  its  terminals 
to  a  source  of  direct  current.  Insert  a  soft  iron  bar  inside  the  smaller 
coil  to  act  as  a  “core”.  How  does  the  galvanometer  needle  behave  when 
the  current  is  flowing?  How  does  it  react  when  the  circuit  is  broken? 
How  does  it  react  just  as  the  circuit  is  being  closed? 

5.  Problem — To  observe  the  action  of  the  electric  motor  and  generator. 

If  a  model  electric  motor  is  available,  supply  direct  current  to  it  from 

a  dry-cell  or  battery.  What  is  the  result?  Disconnect  the  battery  and  in 
its  place  put  a  galvanometer.  Then  spin  the  armature  of  the  motor  by 
hand.  What  does  the  galvanometer  indicate?  What  is  the  difference 
between  an  electric  motor  and  generator? 

6.  Problem — To  demonstrate  the  action  of  an  induction  coil. 

Connect  the  terminals  of  a  spark-plug  to  the  secondary  terminals  of 

an  induction  coil.  Produce  a  spark  across  the  gap  of  the  plug  by  supplying 
current  to  the  primary  circuit  of  the  induction  coil  from  a  six-volt  battery. 

Insert  a  switch  in  series  with  the  battery.  Open  the  switch.  With  a 
piece  of  wire,  short-circuit  the  commutator  of  the  induction  coil.  Close 
the  switch  momentarily.  What  result  is  observed?  What  part  of  the 
ignition  system  of  an  automobile  is  represented  by  the  switch? 

B 

1.  If  a  certain  donkey  engine  has  a  heat  efficiency  of  IS  per  cent, 
calculate  the  amount  of  heat  energy  it  must  consume  in  order  to  lift  a 
one-ton  pile  driver  to  a  height  of  50  feet. 

2.  If  the  gaseous  products  of  a  combustion  reaction  measure  100  cc. 
in  volume  at  0°  C.,  what  volume  will  they  occupy  at  800°  C.  ? 

3.  Examine  the  boiler  used  in  the  heating  plant  of  the  school  or  of 
some  business  or  apartment  building  in  your  community.  Is  it  a  water- 
tube  or  a  fire-tube  boiler?  Examine  the  inspection  certificate  which  goes 
with  it.  At  what  maximum  pressure  is  it  permissible  to  operate  it? 

4.  If  possible,  study  a  model  steam  engine.  Two  types  of  models  are 
commonly  used.  One  is  a  sort  of  animated  diagram  in  which  the  flywheel 
is  turned  by  hand  and  the  movements  of  pistons  and  valves  can  be 
observed.  The  other  is  an  actual  miniature  working  model,  supplied  with 
steam  from  a  small  boiler.  In  either  case,  try  to  identify  the  steam  chest, 
intake  and  exhaust  valves  and  ports,  cylinder,  piston,  connecting  rod  and 
flywheel,  and  observe  the  action  of  each  moving  part. 
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.  ^  y°u  have  access  to  an  operating  stationary  steam  engine,  try  to 

identify  its  various  parts. 

6.  Remove  a  small  electric  motor  from  its  housing  and  identify  the 
field  magnets,  shaft,  armature  winding,  brushes,  and  commutator.  Does 
it  have  permanent  field  magnets  or  electromagnets?  In  the  latter  case, 
is  it  series  wound  or  shunt  wound? 

7.  Obtain,  if  possible,  a  disused  automobile  engine.  Examine  the 
construction  of  cylinder  head,  engine  block,  pistons,  connecting  rods, 
crankshaft,  camshaft,  valves,  and  carburettor.  This  activity  is,  of  course, 
in  the  nature  of  a  class  project.  Once  the  engine  has  been  obtained  and 
dismantled,  it  will  then  serve  as  an  excellent  instructional  model  for  later 
classes. 

8.  Classify  some  of  the  popular  makes  of  automobiles  according  to  the 
valve  arrangement  (page  458)  and  cylinder  arrangement  (page  459). 
Information  for  this  project  may  be  obtained  by  examining  the  engines 
directly,  by  consulting  mechanics  or  dealers,  or  by  writing  to  the  manu¬ 
facturers.  Some  of  the  information  is  supplied  in  the  advertisements 
published  by  the  manufacturers. 

9.  Find  out  what  is  the  firing  order  of  the  cylinders  in  4,  6,  and 
8-cylinder  engines.  What  explanation  can  you  give  for  this  firing  order? 

10.  In  an  automobile  engine,  what  are  the  symptoms  of : 

(a)  too  lean  a  mixture? 

(b)  too  rich  a  mixture? 

(c)  advanced  timing? 

(d)  retarded  timing? 

(e)  dirty  valves? 

(f)  worn  piston  rings? 

11.  What  parts  of  an  automobile  engine  may  be  damaged  Avhen  the 
cooling  system  freezes? 

12.  Prepare  a  table  comparing  the  efficiencies  of  the  locomotive  engine, 
the  _  multiple  expansion  steam  engine,  the  steam  turbine,  the  gasoline 
engine,  and  the  diesel  engine. 

C 

1.  In  general,  energy  exists  in  two  states,  - -  and  — — — . 

2.  An  engine  is  a  device  which  does  work  by  causing  a  series  of 

energy - . 

3.  Heat  is  defined  as - of  the - . 

4.  Energy  put  into  any  machine  reappears  either  as  - or  as - . 

5.  When  the  volume  is  constant,  the  -  of  any  mass  of  gas  varies 

directly  with - . 

6.  In  the  early  steam  engines  built  by  Newcomen  and  Watt,  the  work 

was  done  by - -  pressure. 

7.  Modern  steam  boilers  attain  a  high  efficiency  by  bringing-  -  in 

contact  with  the  fire. 

8.  In  a  steam  engine  the  kinetic  energy  of  the  expanding  steam  is  first 

converted  to  the  motion  of  the  - .  This  is  then  transformed 

through  the  -  into  the  -  motion  of  the  - . 

9.  In  any  reciprocal  engine,  steady  action  and  reduction  of  vibration 

are  achieved  through  the  -  of  the - . 

10.  The  action  of  the  valves  is  timed  by  the  - . 


480 


SCIENCE  AND  PROGRESS 


11.  When  a  steam  engine  operates  under  a  varying  load,  constant  speed 

is  maintained  by  the  action  of  the - . 

12.  A  condenser  increases  the  efficiency  of  a  steam  engine  by  reducing 


13.  There  are  two  main  types  of  steam  turbine,  the  -  and  - 

types. 

14.  A  current  is  induced  in  a  conductor  whenever  there  is  a  change  in 

the  - . 

15.  The  -  current  induced  in  the  rotating  -  of  an  electric 

generator  is  changed  to  a - current  by  the  action  of  the  - . 

16.  At  the  end  of  each  half-revolution  of  an  electric  motor,  the  current 

in  the - is - by  the  action  of  the - . 

17.  A  simple  transformer  can  be  used  onfy  with - current. 

18.  The  ratio  between  the  primary  and  secondary  voltages  in  a  trans¬ 
former  depends  on  - . 

19.  The  order  of  strokes  in  a  four-cycle  gasoline  engine  is :  - — - , 


20.  The  spark  is  timed  to  occur  at  or  near  the  - of  the -  stroke. 

21.  In  an  internal  combustion  engine,  heat  is  wasted  in  three  ways : 

(1)  - 

(2)  - 

(3)  - • 

22  Increasing  the  number  of  cylinders  increases  the  - - -  of  the  engine 

and  reduces  - . 

23.  In  a  gasoline  engine  the  combustion  occurs  mostly  in  the  • — - - 

rather  than  in  the  cylinder  itself. 

24.  The  upper  piston  rings  prevent  loss  of - ;  the  lower  rings  assist 

in  the  process  of - . 

25.  The  valve  timing  in  a  gasoline  engine  is  controlled  by  the  - . 

26.  The  chief  spark-timing  device  is  the - . 

27.  Aircraft  engines  generally  employ  -  ignition  for  greater  - . 

28.  The  function  of  the  carburettor  is  to -  the  fuel  and  mix  it  with 

an  appropriate  amount  of  - . 

29.  The - controls  the  amount  of  mixture  drawn  into  the  manifold ; 

the - is  used  to  cut  down  the  air  supply  when  the  engine  is  cold. 

30.  The  purpose  of  the  muffler  is  to  reduce  - ;  in  doing  so  it  also 

reduces - . 

31.  The  cooling  system  of  most  automobile  engines  is  properly  classified 

as  -  cooling. 

32.  In  older  cars,  circulation  of  the  cooling  liquid  was  by  - ;  in 

modern  cars  it  is  assisted  by - . 

33.  The  lubrication  system  of  a  gasoline  engine  performs  five  functions : 


(1) 

(2) 

(3) 


(4) 

(5) 


34.  The  diesel  engine  differs  from  the  gasoline  engine  chiefly  in  the 
manner  in  which  the  fuel  is - -  and - . 


35.  Necessary  in  a  gasoline  engine,  but  absent  in  most  diesels  is  the 
-  system. 


CHAPTER  14 


THE  INVENTION  OF  THE  WHEEL  AND  ITS  SCIEN¬ 
TIFIC  APPLICATION  TO  TRANSPORTATION  HAVE 
MADE  POSSIBLE  THE  RAIL  AND  ROAD  SYSTEMS 
OF  TODAY 

The  wheel  is  perhaps  more  universal  in  its  use  and  more 
varied  in  its  applications  than  any  other  single  mechanical 
device.  Almost  every  land  vehicle  in  use  today,  from  the 
wheelbarrow  to  the  express  train,  runs  on  wheels.  Most  aircraft 
depend  on  an  under-carriage  of  wheels  for  taking  off  and 
landing.  In  marine  transportation,  the  advance  from  wind 
power  to  steam  power  was  accomplished  by  applying  the  wheel 
principle,  first  in  the  form  of  paddle  wheels,  then  in  the  form 
of  screw-type  propellers.  Similarly,  the  airscrew  which  drives 
most  aeroplanes  is  a  modification  of  the  wheel.  The  new 
jet-propelled  planes,  eliminating  the  airscrew,  still  employ  the 
wheel  principle  in  their  air  compressors  and  turbine  jet  units. 

We  have  seen  that  the  reciprocating  steam  engine  developed 
by  Newcomen  and  Watt  had  only  very  limited  application  until 
the  wheel  principle  was  combined  with  it  in  the  form  of 
connecting  rod  and  crankshaft.  Internal  combustion  engines 
depend  on  the  same  device  to  transform  the  reciprocating 
action  of  their  pistons  to  a  more  useful  rotary  motion. 

Our  most  useful  devices  for  gaining  a  mechanical  advantage 
are  combinations  of  wheels.  The  block  and  tackle  which  we 
use  to  hoist  heavy  weights  gains  its  mechanical  advantage  from 
the  fact  that  the  effort  is  applied  to  a  single  rope,  while  the  load 
is  lifted  by  a  number  of  strands  of  rope.  This  mechanical 
advantage  would  be  more  than  counteracted  by  friction  losses, 
however,  but  for  the  fact  that  the  ropes  pass  over  wheels  in  the 
pulley  blocks.  Belt  drives  and  gear  systems  derive  their 
mechanical  advantage  from  the  use  of  wheels  of  different  sizes. 
Our  method  of  calculating  the  mechanical  advantage  of  such 
systems  is  an  application  of  the  law  of  conservation  of  energy. 
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Fig.  14-la.  Several  methods  used  for  land  transportation  in  Western  Canada 
prior  to  the  advent  of  trains  and  automobiles. 

Key:  A — -pack  dog,  B — dog  team,  C — 14  oxen  in  one  team  hauling  freight  over  Cariboo  Trail 
in  1865,  D — horses  hauling  freight  over  Cariboo  Trail,  E — early  stage  coach. 
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Consider,  for  example,  a  belt  drive  in  which  the  diameter  of 
the  driving  wheel  is  one-half  that  of  the  driven  wheel. 
Work,  we  have  seen,  is  the  product  of  force  and  distance. 
Because  the  larger  driven  wheel  makes  only  half  as  many  revo¬ 
lutions  per  minute  as  the  smaller  driving  wheel,  it  follows  that 
it  will  develop  a  force  twice  as  great  as  that  supplied.  In  a 
similar  way,  the  mechanical  advantage  of  a  gear  system  depends 
on  the  numbers  of  teeth  in  the  two  wheels,  since  that  is  the 
factor  which  governs  the  ratio  of  their  speeds.  Both  belt  and 
gear  systems  may  also  be  built  with  large  driving  wheels  and 
small  driven  wheels.  Their  purpose  is  then  to  increase,  not  the 
force,  but  the  speed  of  rotation.  The  chain  drive  of  a  bicycle 
and  the  belt  drive  of  a  wood-turning  lathe  are  examples  of  this 
use  of  such  devices. 

The  purpose  of  these  introductory  paragraphs  has  been 
merely  to  indicate  the  diversity  of  uses  to  which  wheels  are  put 
in  modern  machinery.  It  is  generally  recognized  that  the 
invention  of  the  wheel  wa3  the  greatest  single  achievement  in 
engineering  history. 

What  is  the  connection  between  friction  and  the  use  of 
wheels?  Undoubtedly,  the  first  use  of  wheels  was  an  effort  to 
reduce  friction.  When  an  object  is  moved  along  a  level  surface 
by  sliding,  the  force  necessary  to  keep  it  moving  depends  on  the 
coefficient  of  sliding  friction  between  the  two  surfaces.  For  a 
metal  surface  sliding  on  metal,  this  coefficient  varies  from  .15 
to  .20;  for  metals  on  wood  from  .20  to  .60;  for  metals  on  stone 
or  concrete,  from  .30  to  .70.  The  force  necessary  to  maintain 
motion  is  calculated  by  multiplying  the  weight  of  the  object 
by  the  coefficient  of  friction.  Thus,  if  a  metal  trunk  weighing 
120  pounds  is  being  pushed  along  a  wooden  floor,  where  the 
coefficient  of  sliding  friction  is  .40,  the  effort  required  will  be 
48  pounds.  If  the  same  trunk  is  mounted  on  wheels,  the  force 
needed  to  move  it  depends  on  the  coefficient  of  rolling  friction, 
which  is  very  much  smaller.  A  force  of  much  less  than  48 
pounds  will  therefore  suffice. 

As  long  as  wheels  were  merely  rollers  on  vehicles  which  were 
pulled  or  pushed  from  outside,  this  substitution  of  rolling 
friction  for  sliding  friction  was  the  important  consideration! 
With  the  development  of  such  self-propelled  vehicles  as 
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locomotives  and  automobiles,  the  matter  of  traction  became 
more  important.  If  the  motive  force  supplied  to  the  wheels 
of  such  a  vehicle  is  just  large  enough  to  overcome  rolling 
friction,  the  vehicle  will  start  to  move.  If,  however,  the  force 
is  large  enough  to  overcome  the  sliding  friction  between  the 
wheels  and  the  road,  the  wheels  will  spin  without  moving  the 
vehicle.  Now  we  have  seen  that  the  friction  force  is  the 
product  of  the  weight  and  the  coefficient  of  friction.  It  follows 
that  in  the  case  of  a  locomotive,  where  there  is  a  low  coefficient 
of  friction  between  steel  wheels  and  rails,  traction  must  be 
obtained  by  building  a  heavy  vehicle.  On  the  other  hand,  the 
automobile,  with  its  light  weight,  powerful  engine,  and  quick 
acceleration,  must  be  equipped  with  rubber  tires  having  a 
grooved  tread  to  obtain  traction  by  means  of  a  high  coefficient 
of  friction. 

What  historical  factors  have  affected  the  use  of  wheeled 

vehicles?  Although  wheeled  vehicles,  by  taking  advantage  of 
the  low  coefficients  of  rolling  friction,  attain  a  high  efficiency, 
their  use  is  limited  by  their  requirement  of  a  relatively  flat 
running  surface.  No  one  knows  who  invented  the  wheel  nor 

when  it  was  first  used  for 
transportation,  but  the 
earliest  historical  records 
of  wheeled  vehicles  appear 
to  be  connected  with  the 
ancient  Babylonian  civiliz¬ 
ation  of  Biblical  times. 
The  problem  of  roads  was 
not  a  difficult  one  for  the 
ground  was  hard  and  the 
country  relatively  flat.  In 
order  to  use  chariots  and 
other  vehicles  in  Europe, 
the  Romans  built  a  great 
network  of  stone-surfaced  roads,  some  of  which  were  so  soundly 
constructed  that  they  are  in  usable  condition  today.  During 
the  period  of  European  history  known  as  the  Dark  Ages,  the 
Roman  roads,  along  with  most  of  the  achievements  of  civilized 
man,  fell  into  a  neglected  and  decadent  state.  Such  traffic  as 


Courtesy  Forest  and  Outdoors 


Fig.  14-lb.  Travel  in  India.  A  bullock  cart 
becomes  a  useful  conveyance  during  a  flood. 
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Courtesy  Imperial  Oil 

Fig.  14-lc.  Burros  are  still  used  to  transport  freight  in  Peru. 


there  was  in  Europe  moved  almost  entirely  on  foot  or  by  pack- 
animal.  With  the  Renaissance  period  came  some  improvement 
of  roads  and  a  revival  of  the  use  of  horse-drawn  vehicles.' 
However,  although  the  stage-coach  appears  to  have  been  intro¬ 
duced  into  England  during  Elizabethan  times,  land  transport 
continued  to  develop  very 
slowly  and  it  was  not  until 
1788  that  London  and  Glas¬ 
gow  were  hrst  connected  by  a 
coach  route. 

Rapid  industrial  expansion 
in  England  during  the  nine¬ 
teenth  century  created  a 
demand  for  more  adequate 
methods  of  land  transporta¬ 
tion.  The  solution  to  the 
problem  was  George  Stephen¬ 
son’s  locomotive,  self-propelled 
by  a  steam  engine  and  running 
on  a  smooth  surface  of  iron 
rails.  Later,  as  a  network  of 
railways  opened  up  such  large 
areas  as  the  United  States,  the  need  for  lighter,  more  flexible 
transport  units  led  to  the  development  of  the  automobile. 


Courtesy  Hudson’s  Bay  Co. 
Fig.  1 4-1  d.  Snowshoes  facilitate 
travel  when  the  snow  is  deep. 
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Fig.  14- 1  e.  Early  types  of  locomotives. 

Key.  1— Cugnot,  2— Trevithick,  3— Blenkinsop,  4 — Evans,  S— Stephenson’s 
Rocket,  6 — De  Witt  Clinton. 
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Who  devised  the  first  steam  locomotives?  The  first  successful 
attempt  to  “put  steam  on  wheels”  was  made  by  Nicholas  Joseph 
Cugnot,  a  French  engineer.  He  built  two  road  locomotives, 
one  in  1769  and  one  in  1771.  They  achieved  the  ‘magnificent’ 
speed  of  three  miles  per  hour  (Fig.  14-le). 

We  have  referred  to  Richard  Trevithick  as  a  pioneer  in  the 
construction  of  high-pressure  steam  boilers  (p.  438).  In  1801, 
Trevithick  built  a  locomotive  which  developed  a  speed  of 
fifteen  miles  per  hour.  It  was  the  first  locomotive  to  use  hori¬ 
zontal  pistons  and  driving  rods  (Fig.  14-le).  Several  collieries 
had  Trevithick  build  haulage  railways  for  them,  and  thus  the 
seed  of  the  modern  railway  network  was  sown. 

Other  early  steam-powered  vehicles  included  an  amphibious 
model  built  in  the  United  States  by  Oliver  Evans  and  a  rail 


Courtesy  City  Archives,  Vancouver,  B.  C. 

Fig.  14-1  f.  First  locomotive  to  enter  Vancouver  and  a  modern  type 
photographed  together. 
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locomotive  with  a  toothed  driving  wheel  built  by  John  Blen- 
kinsop  (Fig.  14-le).  The  toothed  driver,  intended  to  ensure 
adequate  traction,  was  not  widely  adopted,  although  Blenkin- 
sop’s  locomotive  operated  successfully  for  twenty  years  and  was 
able  to  haul  a  load  of  ninety  tons. 

In  1825,  the  first  public  railway  was  powered  by  George 
Stephenson’s  famous  “locomotive  No.  1”.  His  later  model,  the 
“Rocket”,  was  able  to  haul  a  load  of  twenty  tons  at  ten  miles 
per  hour  (Fig.  14-le).  Uncoupled  from  its  carriages,  the 
locomotive  reached  the  unheard-of  speed  of  thirty  miles  per 
hour.  The  “Rocket”  was  the  first  locomotive  to  bear  a  strong 
resemblance  to  the  modern  railway  engine.  Among  its  features 
were  a  high-pressure  tubular  boiler,  two  horizontal  cylinders, 
direct  driving  rods,  a  valve-gear  and  reversing  mechanism 
similar  to  those  used  today,  and  a  forced  draft. 


Fig.  14-2.  Modern  locomotive. 


The  modern  steam  locomotive.  The  modern  locomotive  is 
a  very  complex  piece  of  machinery.  The  accompanying 
diagram  (Fig.  14-2)  shows  a  much  simplified  cross-section  of  a 
locomotive  of  the  “Mikado”  type.  Its  main  parts  are  the 
horizontal  boiler  (K),  the  fire-box  (A),  and  the  two  engines  (D). 
These  are  attached  to  a  frame,  or  chassis  (C),  the  boiler  by 
supports  at  intervals  along  its  length,  and  the  engines  by  a 
saddle. 

Supporting  the  frame  is  the  running  gear,  consisting  of  large 
driving  wheels  (P)  and  small  truck  wheels  (B).  The  truck 
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Fig.  lb-3a.  Springs  and  equalizing  levers  which  support  railway  locomotives 
(an  X-ray  diagram). 


wheels  are  so  called  because  they  are  attached  to  trucks  which 
are  pivoted  to  enable  the  long  locomotive  to  negotiate  curves 
in  the  track.  The  driving  wheels  are  joined  by  driving  rods 
(M)  which  distribute  to  the  several  drivers  the  energy  supplied 
by  the  engines  through  the  connecting  rods  (L).  The  wheels 
are  not  attached  rigidly  to  the  frame,  nor  does  the  weight  of  the 
boiler  and  engines  rest  directly  on  the  axle  bearings.  Instead, 
the  connection  is  by  means  of  a  system  of  springs  and  equalizing 
levers  (Fig.  14-3a)  which  distribute  the  weight  and  absorb 
vibration. 

The  boiler  is  tubular  in  design.  Because  it  is  horizontal  and 
the  fire-box  is  at  the  back,  a  forced  draft  is  required  to  draw 
the  hot  gases  through  the  boiler.  This  is  accomplished  by 
directing  the  exhaust  steam  from  the  engines  up  the  smoke 
stack  (G)  through  a  blower 
(H).  By  an  action  similar 
to  that  of  the  automobile 
carburettor  (page  469)  this 
reduces  the  pressure  in  the 
smoke  box  (F)  and  causes  a 
powerful  draught  from  the 
fire-box  through  the  boiler 
tubes.  Even  distribution 
of  the  gases  through  the 
whole  boiler  is  achieved  by 
means  of  a  baffle  plate  (R). 

Fig.  14-3b.  Locomotive 
engineer  “at  the  throttle”. 
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The  two  engines  are  usually  of  the  single  expansion  type 
(page  441),  although  some  modern  locomotives  are  equipped 
with  the  more  efficient  double  expansion  engines.  The  flow 
of  steam  to  the  engines  is  regulated  by  a  throttle  valve  (S), 
which  is  controlled  through  a  system  of  levers  connected  with 
the  throttle-arm  in  the  cab  (N).  The  steam  passes  through 
steam  pipes  (J)  to  the  steam  chests  of  the  two  engines. 

How  is  the  locomotive  supplied  with  fuel  and  water?  In  one 

hour  a  heavy  locomotive  may  use  as  much  as  a  ton  of  coal  and 
six  tons  of  water.  To  keep  available  a  supply  of  both,  a  tender 
is  coupled  to  the  locomotive  behind  the  cab.  It  contains  large 
water  tanks  and  either  bunkers  for  coal  or  a  tank  for  oil.  These 
may  be  refilled  by  stopping  the  train  at  intervals  along  the 
route,  but  many  tenders  are  equipped  with  retractable  curved 
scoops  to  pick  up  water  from  reservoirs  between  the  tracks 
while  the  train  is  in  motion. 

How  are  locomotives  classified?  Locomotives  are  classed  as 
simple  or  compound,  depending  on  whether  the  engines  are 
of  the  single  or  double  expansion  types.  Their  size  and  use  are 
also  indicated  by  Whyte’s  system  of  running-gear  classification, 
a  classification  which  is  also  known  as  the  American  system 
although  it  has  now  been  adopted  in  Europe  as  well.  The 
“Mikado”  type  we  have  been  discussing  would  be  classified  as 
a  2-8-2  locomotive,  indicating  that  it  has  a  two-wheeled  truck 
in  front,  four  pairs  of  driving  wheels,  and  a  two-wheeled  truck 
under  the  cab.  This  classification  scheme,  simple  as  it  sounds, 
is  nevertheless  quite  comprehensive.  The  larger  and  more 
powerful  locomotive  requires  more  driving  wheels,  both  to 
distribute  the  weight  and  to  provide  sufficient  traction.  Thus, 
an  0-4-0  type  could  be  nothing  but  a  small  yard  locomotive. 
A  4-4-4-4  locomotive  is  “articulated”;  that  is,  it  has  two  pairs 
of  engines,  each  supplying  power  to  two  pairs  of  drivers. 
A  number  of  common  locomotive  types  are  illustrated  and 
classified  in  Figure  14-4. 

What  braking  systems  are  used  on  trains?  The  very  early 
trains  were  so  small  that  manually-operated  brake  systems  were 
adequate.  A  modern  train  may  weigh  more  than  1500  tons, 
and  consequently  possesses  an  enormous  momentum  when  in 
motion.  The  problem  of  providing  such  a  heavy  unit  with  an 
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Fig.  14-4.  Four  modern  steam  locomotives 
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adequate  and  dependable  brake  system  has  been  met  by  the 
development  of  compressed  air  brakes  of  the  Westinghouse  and 
New  York  types.  A  compressor  attached  to  the  engine  main¬ 
tains  pressure  in  storage  tanks  on  the  locomotive,  tender  and 
rolling  stock.  By  means  of  a  control  in  the  cab,  air  may  be 
admitted  from  these  tanks  to  a  cylinder  and  piston  attached 
to  each  wheel  of  each  car.  The  motion  of  the  piston  brakes  the 
wheel  by  applying  a  metal  brake  shoe  to  its  rim.  In  order  to 
prevent  accidents  which  could  result  from  the  bursting  of  an 
air-line  or  the  parting  of  a  coupling,  each  car  has  an  auxiliary 
tank  which  automatically  applies  the  brakes  in  case  of  any 
rupture  in  the  main  system. 

What  problems  must  be  solved  in  constructing  the  lights 
of-way?  On  a  standard  gauge  railroad,  the  right-of-way  consists 
essentially  of  parallel  steel  rails  laid  four  feet,  eight  and  one- 
quarter  inches  apart  on  wooden  cross-ties,  or  sleepers.  The 
first  problem  that  arises  is  that  of  maintaining  the  rails  in  their 
correct  positions.  Three  precautions  that  are  taken  may  be 
mentioned.  First,  to  prevent  the  rails  from  buckling  as  they 
expand  in  the  summer  heat,  the  individual  sections  of  rail,  each 
thirty-nine  feet  long,  are  laid  with  small  spaces  between  them. 
Secondly,  to  provide  adequate  drainage  and  prevent  wash-outs 
in  wet  weather,  the  sleepers  are  laid  on  a  “ballast”  of  gravel  and 
elevated  above  the  surrounding  countryside.  Finally,  to  spot 
trouble  before  it  can  cause  an  accident,  an  army  of  maintenance 
men  is  kept  busy  day  and  night  patrolling  the  right-of-way. 

A  second  problem  in  railway  construction  is  that  of 
gradients.  Such  comparatively  light  units  as  motor  trucks  can 
climb  steep  hills  by  resorting  to  a  gear  transmission,  but  no 
transmission  could  be  built  to  withstand  the  enormous  weights 
and  stresses  of  a  railway  train.  Railroad  grades  must  therefore 
be  very  low  as  compared  with  those  on  highways.  The  gradient 
of  a  road-bed  is  generally  expressed  as  a  percentage.  For 
example,  a  one  per  cent  grade  is  one  which  rises  52.8  feet  in 
one  mile  of  track.  This  may  not  seem  like  a  very  steep  hill, 
yet  a  locomotive  which  can  pull  a  load  of  4000  tons  on  a  level 
track  can  handle  little  more  than  800  tons  on  a  one  per  cent 
grade.  Thus  the  haulage  problems  on  a  given  line  are 
governed  by  the  steepest  hill,  or  “ruling  grade”,  on  that  line. 
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In  Table  No.  22  a  comparison  is  made  of  the  ruling  grades  on 
five  roads  through  the  Rocky  Mountains.  The  table  shows 
quite  clearly  why  extra  engines  are  required  by  Canadian 
Pacific  trains  in  the  Kicking  Horse  Pass  but  not  by  Canadian 
National  trains  through  the  Yellowhead  Pass. 

Table  No.  22 

Ruling  Grades  Through  the  Rockies 
Railway  Maximum  Grade 

Westbound 

C.P.R.  (Kicking  Horse  Pass) .  116 

C.N.R.  (Yellowhead  Pass  to 

Prince  Rupert)  .  26 

C.N.R.  (Yellowhead  Pass  to  Kamloops)  52 

Great  Northern  .  116 

Union  Pacific  . . 105 


The  necessity  of  keeping  railroad  grades  low  entails  much 
cutting  of  shoulders,  filling  of  valleys,  boring  of  tunnels,  and 
building  of  bridges,  trestles  and  viaducts  (Fig.  14-5a  and  5b). 
It  also  involves  building  into  the  line  a  great  many  curves,  and 
here  more  problems  arise.  According  to  Newton’s  laws  of 
motion,  when  any  object  moves  in  a  curved  path  a  force  must 
act  to  cause  the  change  in  direction.  Such  a  force  is  called  a 
centripetal  force.  Newton’s  third  law  also  states  that  there  will 


in  Feet  per  Mile 
Eastbound 

118 

21 

52 

116 

116 
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be  an  opposed  reaction, 
which  we  call  centrifugal 
reaction.  The  factors 
which  govern  the  sizes  of 
these  forces  may  be  investi¬ 
gated  by  mounting  a 
weight  on  the  end  of  a 
spring  and  rotating  it  in  a 
horizontal  circle.  The  ex¬ 
tension  of  the  spring  is  a 
measure  of  the  force  pro¬ 
duced.  It  is  easily  shown 
that  there  are  three  ways 
of  increasing  the  centri¬ 
petal  and  centrifugal  forces 
First,  a  higher  speed  of  rotation  causes  a  greater  extension  of 
the  spring.  Secondly,  a  large  weight  produces  a  greater  exten¬ 
sion  than  a  small  one.  Finally,  if  the  radius  of  the  circle  is 
small  so  that  the  curvature  is  sharp,  the  force  produced  is  large. 
These  results  are  expressed  in  the  formula  for  centripetal  force: 

_  mv- 

~  gr 

in  which  /  is  the  force,  m  the  mass,  v  the  velocity  of  the  rotating 
object,  r  the  radius  of  the  curve,  and  g  the  gravitational 
acceleration  of  32  feet  per  second  per  second. 

The  instant  a  train  starts  around  a  curve,  centrifugal  force 
becomes  the  crucial  factor  in  terms  of  safety.  There  are  three 
methods  of  controlling  this  force  and  preventing  it  from  caus¬ 
ing  derailment  of  the  train.  The  first  method  is  to  make  the 
radius  of  the  curve  as  long  as  possible.  The  second  is  to  limit 
the  speed  at  which  trains  are  permitted  to  operate  on  the  curve. 
The  third  is  to  “bank”  the  curve  by  “superelevation”  of 
the  outer  rail. 

A  second  consideration  arises  in  connection  with  centrifugal 
force.  This  force  acts  at  the  centre  of  gravity  of  the  railway 
car.  Since  the  centre  of  gravity  is  some  distance  above  the 
track,  there  is  a  moment  of  rotation  (page  414)  tending  to  over¬ 
turn  the  car.  This  moment  may  be  reduced  by  controlling  the 
size  of  the  centrifugal  force  through  the  means  just  described. 


Fig.  14-5b.  Wooden  trestles  are  being  replaced 
by  modern  steel  structures. 
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Fig.  14-5c.  Three  interesting  bridges.  A— old  Indian  bridge  near  New  Hazel- 
ton  ( Courtesy  B.  C.  Archives),,  B— lift  bridge  over  second  narrows,  Vancouver, 
B.  C.,  C— Lions’  Gate  suspension  bridge  (Courtesy  Dominion  Bridge  Co.) 
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It  may  also  be  reduced  by  shortening  the  lever  arm,  that  is, 
by  building  the  car  with  a  low  centre  of  gravity. 

The  factors  we  have  been  discussing  are  graphically  illus¬ 
trated  in  the  accompanying  table  of  safe  speeds  (Table  No.  23). 

Table  No.  23 
Safety  Speeds  in  M.P.H. 

Superelevation  in  inches 


Safety  S reefs 
//?  M.  RR. 


Degree 

of 

Curve 

Scs/oere/evcrf/or  /r  /nch&s 

/' 

E 

3 ■ 

A  3 

A 

_ 

8 

A 

8 

/* 

38  i 

l  //S 

106 

/B4 

113 

/3E 

180 

/40 

zT 

-7XT. 

1  82. 

75 

88 

80 

0* 

Bb 

39 

cT 

57  | 

i  6r 

61 

7/ 

65 

I  76 

69 

7/ 

49  1 

1  57 

53 

G8 

57 

\67 

60 

70 

The  figures  in  the  “A”  columns  apply  to  a  train  -whose  centre 
of  gravity  is  84  inches  from  the  roadbed;  those  in  the  “B” 
columns,  to  one  whose  centre  of  gravity  is  but  48  inches  from 
the  roadbed.  The  quantity  referred  to  as  the  “degree"  of  the 
curve  is  defined  as  the  angle  subtended  at  the  centre  of  curva¬ 
ture  by  a  chord  of  100  feet.  Thus,  a  large  degree  of  curvature 
means  a  short  radius  and  a  sharp  curve. 

What  new  types  of  locomotives  have  been  designed? 

Although  the  steam  locomotive  has  contributed  greatly  to  the 
development  of  our  industrial  civilization,  yet  in  several 
respects  it  is  somewhat  less  than  satisfactory.  Its  efficiency  as 
a  heat  engine  is  generally  less  than  15  per  cent.  The  length  of 
time  it  requires  to  get  up  steam  and  be  ready  for  use  is  an 
inconvenience.  The  reciprocal  action  of  its  engines  produces 
vibration  and  noise.  In  urban  areas  it  contributes  to  the 
troublesome  smoke  problem.  We  have  already  mentioned  the 
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fact  that  it  is  impossible  to  equip  such  a  heavy  engine  with  a 
gear  transmission  for  hill-climbing.  Therefore,  there  has  been 
a  tendency  to  design  ever  more  powerful  locomotives.  That 
can  only  be  accomplished  by  steadily  increasing  their  already 
great  weight,  and  this  creates  difficult  problems  of  road-bed 
and  bridge  construction.  Attempts  to  improve  the  locomotive’s 
performance  in  these  var¬ 
ious  respects  have  resulted 
in  the  development  of 
several  radically  new  types. 

The  first  important  new 
departure  was  the  electric 
locomotive  (Fig.  14-6).  It 
is  generally  powered  by 
several  heavy  electric 
motors  connected  in  series 
and  controlled  by  a  single 
set  of  controls.  The  motors 
are  too  large  to  be 
mounted  on  the  axles  of 
the  driving  wheels,  as  in 
the  case  of  street-cars, 
hence  they  are  housed  above  and  connected  to  the  drivers  by 
gears  or  coupling  rods.  The  locomotive  picks  up  its  power 
either  by  an  overhead  frame,  or  “pantograph”,  which  makes 
sliding  contact  with  an  overhead  wire,  or  through  a  cast-iron 
“shoe”  in  contact  with  a  “live”  third  rail  on  the  sleepers. 

The  outstanding  advantage  of  the  electric  locomotive  is  its 
great  power  in  proportion  to  its  weight.  This  advantage  is 
increased  by  the  fact  that  serial  connection  of  motors  with  a 
single  set  of  controls  makes  possible  both  the  multi-motor  loco¬ 
motive  and  the  coupling  of  locomotives.  Consequently,  the 
electric  locomotive  finds  its  greatest  use  in  mountainous  regions 
where  its  great  power  is  most  useful  and  where  hydro-electric 
power  can  be  developed  abundantly  and  cheaply.  Some  of  the 
American  trans-continental  systems,  for  example,  have  electri¬ 
fied  sections  through  the  Rocky  Mountains. 

The  electric  locomotive  has  several  other  advantages  over  the 
steam-driven  type.  Since  its  power  unit  is  rotary  rather  than 
reciprocating  and  does  not  draw  its  energy  from  expanding 


Courtesy  Canadian  National 

Fig.  14-6.  An  electric  locomotive. 
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gases,  it  operates  quietly  and  with  little  vibration.  The  ease 
and  delicacy  with  which  an  electric  current  may  be  controlled 
facilitates  smooth  starting.  As  the  motor  is  not  a  heat  engine, 
it  is  clean  and  smokeless,  and  is  ready  to  go  without  any 
preliminary  warm-up.  The  electric  locomotive  therefore  lends 
itself  readily  to  use  in  the  underground  and  elevated  suburban 
lines  of  such  large  metropolitan  areas  as  London,  Paris,  New 
York,  and  Chicago,  where  the  heavy  traffic  pays  for  the  high 
cost  of  installation. 

A  unique  feature  of  the  electric  locomotive  is  “regenerative 
braking”.  As  the  locomotive  coasts  downhill,  the  power  is 
shut  off  so  that  the  motors  are  being  driven  by  the  momentum 
of  the  train.  Since  electric  motors  and  generators  differ,  not 
in  construction,  but  only  in  function  (page  450),  the  motors  of 
the  locomotive  now  act  as  generators  and  feed  electrical  energy 
back  into  the  line.  Thus,  the  motors  serve  the  double  purpose 
of  braking  the  coasting  train  and  supplying  power  to  some 
other  locomotive  on  an  up-grade  elsewhere  on  the  line. 

The  weaknesses  of  the  electric  locomotive  all  arise  from  its 
method  of  obtaining  power.  The  cost  of  installing  the  power 
transmission  lines  is  high,  a  disadvantage  which  is  partly 
neutralized  by  the  greater  efficiency  of  this  type  of  locomotive 
and  its  lower  maintenance  costs.  Despite  all  precautions,  there 
is  also  the  danger  of  power  failure  in  the  central  plant  or  sub¬ 
station  immobilizing  an  entire  section  of  railroad.  Finally, 
trouble  sometimes  arises  through  hoar  frost  or  ice  coating  the 
power  line  and  insulating  it  from  the  locomotives. 

A  second  new  type  of  railroad  power  unit  is  the  diesel-electric 
locomotive.  A  diesel  engine  operates  an  electric  generator 
which  may  be  mounted  on  an  extension  of  the  crankshaft  or 
may  be  a  separate  unit  operated  by  a  chain  drive.  The  current 
generated  supplies  energy  to  electric  motors  which  drive  the 
train.  The  result  is  an  electric  locomotive  which  is  not 
dependent  on  a  central  power  station  and  long  transmission 
lines,  but  carries  its  power  supply  with  it. 

The  advantages  of  the  diesel-electric  locomotive  (Fig.  14-7) 
over  steam  include  an  efficiency  which  may  be  as  high  as  40  per 
cent,  together  with  quieter,  cleaner,  smoother  operation,  and 
economy  in  both  fuel  consumption  and  maintenance  cost.  Its 
most  spectacular  success  has  been  in  connection  with  the  light, 
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Courtesy  Southern  Pacific 


Fig.  14-7.  Diesel-electric  streamliner  in  Sierra  Nevada  Mountains. 

fast  streamlined  train.  During  the  past  decade  or  two,  increas¬ 
ing  competition  from  bus  and  air  lines  has  compelled  railroad 
men  to  cast  about  for  ways  to  speed  up  their  service  while 
maintaining  their  advantages  of  safety  and  comfort.  The 
answer  to  their  problem  appeared  to  be  a  combination  of  light¬ 
weight  construction,  compact  power  units,  streamlining  to 
reduce  air  resistance,  and  a  low  centre  of  gravity  for  safety  at 
the  increased  speeds  (page  496).  The  power  unit  chosen  for 
the  new  light  train  was  the  diesel-electric  locomotive,  whose 
compact  design  lent  itself  readily  to  streamlining.  These 
compact  power  units,  combined  with  the  use  of  light  alumi¬ 
nium  alloys  to  reduce  the  weight  of  both  locomotive  and  rolling- 
stock,  have  produced  modern  “streamliners”  (Fig.  14-7)  capable 
of  operating  safely  and  smoothly  at  speeds  of  more  than  100 
miles  per  hour. 

To  harness  the  smooth  and  efficient  power  of  the  steam 
turbine  to  the  driving  wheels  of  a  locomotive  has  been  a  dream 
of  engineers  for  many  years.  The  Pennsylvania  Railroad  has 
now  in  experimental  operation  a  giant  steam  turbine  locomo¬ 
tive  (Fig.  14-8)  designed  to  develop  6900  horsepower  and  pull 
a  full-length  passenger  train  at  100  miles  per  hour.  It  is  said 
to  operate  with  a  startling  absence  of  noise  and  vibration. 
If  successful,  it  will  certainly  have  many  times  the  efficiency  of 
the  standard  steam  locomotive.  This  development,  and  that 
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of  the  gas  turbine  locomo¬ 
tive  (page  476)  may  have  a 
profound  effect  on  the  rail¬ 
roads  of  the  immediate 
future. 

How  have  the  railroads 
contributed  to  the  develop¬ 
ment  of  Canada?  Broadly 
speaking,  the  railways  have 
contributed  to  the  develop¬ 
ment  of  Canada  in  three 
ways:  opening  up  new  re¬ 
gions  for  settlement,  tap¬ 
ping  new  natural  resources, 
and  unifying  Canada  by 
overcoming  natural  barriers  which  stood  in  the  way  of  inter¬ 
provincial  communication  and  trade.  The  Grand  Trunk 
Railway  system,  built  in  Upper  and  Lower  Canada  about  the 
year  1850,  brought  an  era  of  prosperity  to  those  areas.  The 
building  of  the  Canadian  Pacific  Railway  into  the  West  opened 
up  the  Prairies  after  1880,  and  brought  millions  of  settlers 
westward.  Settlement  of  the  West,  in  turn,  created  a  market 
for  Eastern  manufacturers,  and  a  parallel  wave  of  prosperity 
developed  in  Ontario  and  Quebec.  Completion  in  1876  of  the 
Inter-colonial  Railway,  in  compliance  with  the  terms  of 
Confederation,  provided  markets  for  Maritime  products  and 
stimulated  manufacturing  in  the  St.  Lawrence  Valley  to  supply 
the  Maritimes.  The  extension  of  the  Canadian  Pacific  to 
Vancouver  in  1885  opened  markets  on  the  prairies  for  British 
Columbia’s  coal,  fish,  lumber  (Fig.  14-9)  and  fruit,  and  provided 
a  new  port  for  shipment  of  prairie  wheat.  When  the  Canadian 
Northern  and  Grand  Trunk  Pacific  Railways  were  completed 
to  the  Pacific  Coast  and  finally  united  in  1922  as  the  govern¬ 
ment-owned  Canadian  National  Railway,  Canada  was  equipped 
with  the  highest  per  capita  mileage  of  railroads  in  the  world. 
Indeed,  this  seemed  to  be  too  much  transportation  for  the  size 
of  the  population  and  became  a  burden  on  the  economic  life 
of  the  country.  Yet,  when  war  came  in  1939  the  excessive 
transportation  facilities  proved  of  incalculable  value. 


Courtesy  Pennsylvania  Railzvays 

14-8.  A  powerful  steam-turbine  locomotive. 
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In  many  cases,  railways 
built  for  one  purpose  have 
found  an  equal  value  in 
another.  The  gold,  silver, 
and  nickel  mining  indus¬ 
tries  of  Northern  Ontario 
originated  from  discoveries 
made  while  railways  were 
being  built  in  the  hope  of 
opening  new  areas  for 
agricultural  settlement. 
The  mineral  wealth  of 
Northern  Manitoba  was 
discovered  during  con¬ 
struction  of  the  Hudson’s 
Bay  Railway. 


Courtesy  National  Film  Board 
Fig.  14-9.  Hauling  out  timber  by  log  train, 
Vancouver  Island.  Note  the  old  type  of  loco¬ 
motive  and  the  spark  arrester. 


Today  the  Maritimes,  the  St.  Lawrence  Valley,  the  Prairies, 
and  the  Pacific  Slope,  each  part  of  a  separate  geographical 
region  extending  southward  into  the  United  States,  are  joined 
in  an  economic  unity  beyond  the  dreams  of  the  Fathers  of 
Confederation.  Canada  has  become  a  nation  because  it  has 
provided  itself  with  a  great  system  of  transportation. 


Who  invented  the  automobile? 

as  it  was  of  the  locomotive, 
that  it  is  the  product,  not 
of  one  inventive  mind,  but 
of  many.  However,  Karl 
Benz  of  Karlsruhe,  Ger¬ 
many,  is  generally  credited 
with  producing  the  first 
practical  gasoline-powered 
vehicle.  His  first  model, 
built  in  1883,  was  a  large 
tricycle  with  the  engine 
under  the  single  seat.  In 
1892,  Charles  Duryea  of 
Chicago  made  the  first 
successful  American  auto¬ 
mobile.  Henry  Ford  pro- 


It  is  true  of  the  automobile 


Fig.  14-10. 
Road,  1912. 


Courtesy  Provincial!  Archives 

An  automobile  on  the  Cariboo 
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cluced  his  first  vehicle  a  year  later.  To  Ford  goes  the  credit  for 
devising  the  system  of  mass-producing  a  single  model  with 
interchangeable  parts. 

The  modem  automobile.  The  whole  structure  of  the 
modern  automobile  should  be  considered  as  a  co-ordinated 
unit.  For  purposes  of  analysis  and  study,  however,  the  vehicle 
may  be  divided  into  two  main  sections,  the  body  and  the 
chassis.  The  former  includes  those  parts  which  concern  the 
safety  and  comfort  of  driver  and  passengers;  the  latter,  those 
which  cause  the  vehicle  to  run.  The  chassis,  with  which  this 
discussion  will  be  chiefly  concerned,  may  also  be  divided  into 
five  sub-divisions.  These  are  the  power  plant,  the  power  train, 
the  running  gear,  the  control  system,  and  the  electrical  system. 
The  power  plant  supplies  the  energy  which  turns  the  rear 
wheels.  Since  a  gasoline  engine  does  not  readily  start  from 
rest  under  load,  and  because  the  rotation  of  the  crankshaft  and 
fly-wheel  is  at  right  angles  to  the  required  rotation  of  the 
wheels,  some  means  is  needed  both  to  smooth  out  the  starting 
load  and  to  accomplish  the  transmission  of  power  to  the  rear 
wheels.  This  is  the  function  of  the  power  train,  which  consists 
of  clutch,  transmission,  drive  shaft,  differential,  and  rear  axle. 
The  running  gear  is  the  system  of  wheels,  axles,  springs,  and 
shock  absorbers  which  supports  the  chassis  and  body  and 
cushions  them  against  shock  and  vibration  arising  from  rough¬ 
ness  in  the  road.  The  control  system  includes  power  controls, 
steering  control,  and  brakes.  The  electrical  system  consists 
not  only  of  those  electrical  circuits  required  for  the  ignition 
system  of  the  engine,  but  also  those  which  supply  headlights 
and  tail-lights,  the  starting  motor,  and  such  auxiliary  devices 
as  automatic  signals  and  motor-driven  windshield  wipers. 

Power  plant.  Strictly  speaking,  the  power  plant  is  the  engine 
itself,  but  attached  to  it  or  associated  with  it  are  such  items  as 
the  generator,  starting  motor,  cooling  system,  accessories,  and 
parts  of  the  control  and  electrical  systems.  The  motor  in  the 
majority  of  cars  is  a  six-cylinder  in-line  engine  (page  459), 
although  the  8-in-line  and  V-8  engines  are  also  common. 

Clutch.  The  clutch  has  two  functions  to  perform:  (1)  It 
disconnects  the  transmission  from  the  engine  and  enables  the 
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Fig.  14-12.  Diagram  showing  clutch  and  transmission. 

driver  to  charige  gears,  and  (2)  it  permits  a  gradual  application 
of  the  starting  load  so  that  the  engine  will  not  stall.  The 
standard  dry-plate  clutch  has  four  main  parts,  the  driving  disc, 
pressure  plate,  clutch  plate,  and  clutch  shaft.  The  driving  disc 
is  attached  to  the  flywheel  and  the  pressure  disc  is  attached  by 
means  of  powerful  compression  springs  to  the  clutch  cover. 
The  clutch  cover  is  bolted  to  the  fly-wheel  so  that  both  the 
driving  disc  and  the  pressure  plate  rotate  with  the  flywheel. 
The  clutch  shaft  passes  from  its  end  bearing  in  the  centre  of 
the  flywheel,  through  large  central  openings  in  the  pressure 
plate  and  clutch  cover,  into  the  transmission  where  it  terminates 
in  the  main  driving  gear.  The  clutch  plate  rests  in  splines  or 
cogs  on  this  shaft.  It  can  slide  along  the  shaft  for  a  short 
distance  but  cannot  rotate  without  rotating  the  shaft.  On  both 
its  surfaces  are  wide  bands  of  frictional  material  similar  to 
brake  lining. 

When  the  clutch  is  “engaged”,  the  clutch  springs  bring  the 
driving  disc  and  pressure  plate  into  firm  contact  with  the 
frictional  surfaces  of  the  clutch  plate.  As  the  flywheel  rotates, 
friction  between  the  surfaces  of  the  three  discs  causes  the  clutch 
plate  to  turn  with  the  other  two.  Its  rotation,  in  turn,  is 
carried  by  the  clutch  shaft  to  the  main  driving  gear  in  the 
transmission. 


LAND  TRANSPORTATION 


505 


When  the  driver  presses  the  clutch  pedal  to  “disengage”  the 
clutch,  an  activating  mechanism  compresses  the  springs  and 
releases  the  pressure  between  the  three  plates.  The  clutch 
plate  then  ceases  to  rotate  with  the  other  two  discs.  Conse¬ 
quently,  the  rotation  of  the  flywheel  is  no  longer  passed  on  to 
the  main  driving  gear. 

Gradual  release  of  the  clutch  pedal  causes  a  gradual  increase 
of  pressure  on  the  clutch  plate.  Until  the  friction  is  sufficient 
to  link  the  three  discs  firmly,  a  varying  amount  of  slip  occurs 
between  them.  It  is  this  slip  which  permits  the  starting  load  to 
be  applied  gradually  enough  to  avoid  stalling  the  engine. 


Transmission.  Most  automobiles  are  equipped  with  a 
selective  transmission  which  provides  three  forward  speed 
ratios  and  one  reverse.  The  gear  mechanism  (Fig.  14-13)  has 
four  independent  shafts,  the  clutch  shaft,  the  main  shaft,  the 
countershaft,  and  the  reverse  idler  shaft.  The  clutch  shaft  and 
the  countershaft,  connected  by  the  meshing  of  the  main  drive 
gear  and  the  countershaft  drive  gear,  are  rotated  by  the  clutch 
plate.  The  main  shaft  is  the  one  which  passes  the  rotation  on 
to  the  drive  shaft  of  the  car,  and  thence  to  the  rear  axles. 


When  the  transmission  is  in  neutral  (Fig.  14-12; 
gears  on  the  main  shaft  are  in 
mesh  with  those  of  either  the 
clutch  shaft  or  the  countershaft, 
and  consequently,  the  rotation  of 
the  flywheel  is  not  passed  on  to  the 
rear  end.  When  the  car  is  in  high 
gear,  an  inner  gear  in  the  end  of 
the  main  shaft  fits  over  a  small  gear 
on  the  end  of  the  clutch  shaft  so 
that  the  two  become  in  reality  a 
single  shaft  connecting  the  clutch 
plate  to  the  drive  shaft  of  the  car. 

The  ratio  of  speeds  in  high  gear 
is  therefore  1:1.  When  the  car  is 
in  second  gear  or  low,  the  main 
shaft  is  not  connected  directly  to 
the  clutch  shaft,  but  has  one  of  its 


none  of  the 


external  gears  meshed  with  one  of 


Fig.  14-13.  Transmission. 
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the  countershaft  gears.  Different  speed  ratios  result  from  the 
different  sizes  of  these  gears  (page  483).  In  reverse  the  connec¬ 
tion  between  the  main  shaft  and  the  countershaft  is  made 
through  the  idler  gear  on  the  idler  shaft.  It  can  readily  be 
seen  that  insertion  of  this  extra  gear  wheel  causes  the  main 
shaft  to  rotate  in  the  opposite  direction  to  the  clutch  shaft. 

The  1:1  speed  ratio  in  high  gear  is,  of  course,  the  ratio  of 
speeds  of  rotation  of  the  flywheel  and  the  drive  shaft  of  the  car. 
At  the  rear  end  of  the  drive  shaft  there  is  a  second  gear  system, 
the  crown  gear  and  pinion.  Through  its  operation  the  high- 
gear  speed-ratio  between  flywheel  and  rear  wheels  of  the  vehicle 
is  changed  to  about  4:1.  In  second  gear  this  ratio  is  generally 
about  6:1,  and  in  low  and  reverse  gears  10:1. 

Drive  shaft.  It  is  not  feasible  to  have  the  main  transmission 
shaft  pass  directly  to  the  rear  axle  mechanism,  for  the  trans¬ 
mission  is  solidly  fixed  to  the  engine,  while  each  rear  wheel 
moves  up  and  down  independently  according  to  the  surface  of 
the  road.  A  flexible  connection  between  the  two  is  attained 
by  employing  a  drive  shaft  and  two  “universal  joints”. 

Although  universal 
joints  vary  in  detail, 
their  fundamental  con¬ 
struction  (Fig.  14-14)  is 
fairly  constant.  Two 
yokes  act  on  bearing 
pins  at  right  angles  to 
each  other,  one  pair 
Fig.  14-14.  Universal  (a  flexible  link).  allowing  lateral  move¬ 
ment,  the  other  pair 
vertical  movement.  There  is  usually  one  universal  joint 
connecting  the  drive  shaft  to  the  transmission  and  one  joining 
it  to  a  fixed  pinion  gear  in  the  rear  axle  housing. 

Rear  axles.  At  the  rear  end  of  the  drive  shaft,  the  pinion 
and  crown  gear  (Fig.  14-15)  accomplish  a  change  in  the 
direction  of  rotation  from  that  of  the  drive  shaft  to  that  of 
the  rear  axles.  If  it  were  possible  always  to  have  the  two  rear 
wheels  run  at  the  same  speed,  they  could  be  mounted  on 
opposite  ends  of  a  single  axle  with  the  crown  gear  in  the  centre. 
When  the  car  turns  a  corner,  however,  the  outer  wheel  must 
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rotate  faster  than  the  inner  one.  The 
two  rear  wheels  are  therefore  mounted  on 
separate  axles  which  are  joined  to  the 
crown  gear  through  the  differential  gears. 
These  provide  a  connection  by  which 
power  can  be  transmitted  from  drive  shaft 
to  rear  axles,  but  permit  either  axle,  in 
going  around  a  curve,  to  speed  up  its 
rotation  without  losing  its  connection 
with  the  drive  shaft. 


Fig.  14-15. 
differential. 


Running  gear.  The  running  gear  is 
the  combination  of  wheels,  axles,  springs, 
and  shock  absorbers  which  support  the 
vehicle  and  provide  for  comfortable 
motion  on  all  types  of  road  surface. 

The  axles  are  attached  to  the  frame  of 
the  car  through  either  fixed  springs  or 
independent  suspension.  In  the  case  of 
fixed  springs,  a  pair  of  leaf  springs  are 
attached  to  the  frame  by  flexible  bearings 

at  each  end.  The  axle  is  coupled  to  the  centre  of  the  spring. 
For  front  wheels,  independent  suspension,  or  “knee  action”, 
has  been  found  to  be  more  satisfactory.  In  this  type  of 
suspension,  the  two  front  wheels  are  mounted  on  individual 
axles  which  are  attached  to  the  frame  by  coil  springs. 


Crown  gear  and 


Key :  A — crown  gear,  B — 
pinion,  C — differential,  D — 
axle,  E — drive  shaft. 


Courtesy  Ford  Motor  Co. 


Shock  absorbers  are  now.  standard  equipment  on  all  motor 
vehicles.  These  are  hydraulic  devices  which  check  the  recoil 
of  springs  which  have  been  compressed  as  the  car  passed  over 
a  bump  in  the  road.  Their  action  contributes  to  both  the 
comfort  of  the  passengers  and  the  length  of  life  of  the  springs. 


Control  system.  The  driver  controls  the  power  of  the  vehicle 
through  the  throttle  valve  in  the  carburettor,  the  clutch,  and 
the  selective  gear  transmission.  Normally,  the  throttle  valve 
is  controlled  through  the  accelerator  which  is  operated  by  the 
driver’s  right  foot.  There  may  also  be  a  hand-operated  throttle 
control  on  the  dash-board.  Operation  of  the  clutch  by  the 
clutch  pedal  and  of  the  gears  through  the  gear-shift  lever  has 
already  been  described. 
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The  steering  control  system  is  somewhat  complex.  The 
steering  wheel  is  mounted  at  the  top  end  of  a  shaft  called  the 
steering  post.  The  bottom  end  of  the  post  is  connected  through 
a  worm-gear  device  to  the  steering  linkage.  This  linkage  is  a 
series  of  levers  and  link-rods  connected  at  its  forward  end  to  an 
arm  of  the  steering  knuckle  (Fig.  14-16).  The  front  wheel  of 
the  vehicle  is  mounted  on  a  spindle  which  is  also  a  part  of  the 
steering  knuckle.  The  knuckle  fits  into  a  vertical  bearing 
called  the  king-pin  bearing.  When  the  steering  linkage  moves 
its  knuckle  arm,  the  knuckle  turns  on  the  king-pin  and  hence 
turns  the  front  wheel.  The  turning  of  the  two  front  wheels  is 
synchronized  by  means  of  a  horizontal  rod. 

The  spindles  and  king-pins  are  set  at  such  an  angle  as  to 
make  the  whole  front  wheel  assembly  slope  slightly  outward  at 
the  top  (the  camber),  slope  slightly  forward  at  the  top  (the 
caster),  and  toe-in  slightly  at  the  front.  This  setting  provides 
steady  steering  control  and  even  tire  wear.  Periodic  checking 
of  the  front  wheel  alignment  makes  for  safe  driving  and  long 
tire  life. 

The  braking  system  of  the  modern  automobile  consists  of  a 
mechanically  operated  hand-brake,  used  principally  for  park¬ 
ing,  and  a  hydraulic  loot-brake  for  general  use.  The  parking 
brake  may  act  on  the  rear  wheels  or  on  a  special  wheel  mounted 
on  the  drive  shaft.  The  hydraulic  foot-brake  operates  on  all 
four  wheels. 

To  slow  down  any  moving  vehicle,  one  must  rob  it  of  kinetic 
energy.  The  brake  system  accomplishes  this  object  by  convert¬ 
ing  the  kinetic  energy  through  friction  into  heat,  which  is  then 
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dissipated  into  the  atmosphere.  In  the  internal  expansion 
hydraulic  brake,  a  brake  drum  bolted  to  the  wheel  revolves 
around  the  internal  mechanism.  This  mechanism  includes  a 
pair  of  curved  arms  called  brake  shoes  which  are  free  at  one  end 
and  joined  by  an  anchor  pin  at  the  other.  Riveted  to  the  outer 
surface  of  the  brake  shoes  is  a  brake  band  of  frictional  asbestos 
material.  A  piston-and-cylinder  device  is  set  between  the  free 
ends  of  the  brake  shoes.  When  the  driver  steps  on  the  brake 
pedal,  a  fluid  is  forced  from  a  master  cylinder  into  the  brake 
cylinder.  The  consequent  movement  of  the  piston  separates 
the  free  ends  of  the  brake  shoes  and  presses  the  brake  bands 
against  the  inner  surface  of  the  brake  drum.  The  heat  that  is 
generated  is  conducted  away  by  the  brake  drum  and  wheel  and 
given  up  to  the  atmosphere. 

The  advantage  of  the  hydraulic  brake  over  the  older 
mechanical  type  is  derived  from  a  law  of  physics  known  as 
Pascal’s  principle.  This  law  states  that  pressure  applied  to  an 
enclosed  body  of  fluid  is  transferred  undiminished  throughout 
the  fluid  and  acts  equally  on  all  parts  of  the  containing  wall. 
It  follows  that  the  pressure  the  driver  exerts  on  the  master 
piston  of  a  hydraulic  brake  system  will  act  equally  on  all  four 
brake  pistons.  The  result  is  smooth,  even  braking.  It  is  to  be 
noticed,  moreover,  that  it  is  pressure  that  is  transmitted  by  the 
fluid.  Now,  pressure  is  measured  in  pounds  per  square  inch. 
Suppose,  then,  that  the  master  piston  of  a  brake  system  has  an 
area  of  one-fifth  of  a  square  inch,  and  the  driver  exerts  on  the 
pedal  a  force  of  ten  pounds.  The  applied  pressure  is  fifty 
pounds  per  square  inch.  The  same  pressure  will  act  on  the 
brake  piston;  if  its  area  is  two  square  inches,  the  braking  force 
applied  at  that  wheel  is  one  hundred  pounds.  Hydraulic  brake 
systems  can  thus  be  made  very  powerful  by  regulating  the  ratio 
of  areas  of  the  master  piston  and  the  brake  pistons. 

Braking  distance.  How  much  time  elapses  after  the  driver 
of  an  automobile  sees  a  traffic  obstacle  and  before  he  brings  his 
vehicle  to  a  stop?  What  distance  does  the  car  travel  during 
that  time?  These  two  questions  are  obviously  of  the  greatest 
importance  in  safe  driving.  The  stopping  distance  of  an  auto¬ 
mobile  depends  on  two  independent  factors,  the  reaction  time 
of  the  driver  and  the  braking  efficiency  of  the  car. 
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After  the  need  for  a  quick  stop  becomes  apparent  to  the 
driver,  he  must  shift  his  right  foot  from  the  accelerator  to  the 
brake  pedal.  The  time  the  driver  takes  to  complete  the  chain 
of  action  from  seeing  the  need  to  applying  the  brakes  is  called 
the  reaction  time.  It  varies  considerably  among  individual 
drivers.  The  British  Columbia  Police  have  set  .75  second  as 
the  maximum  reaction  time  for  safety.  Since  they  began 
systematic  drivers’  tests  in  1939  the  average  time  they  have 
recorded  has  been  .58  second.  During  this  interval  the  vehicle 
is  travelling  with  practically  undiminished  speed.  At  sixty 
miles  per  hour  it  will  travel  fifty  feet;  at  thirty  miles  per  hour, 
twenty-five  feet. 

The  distance  the  car  will  travel  after  the  brakes  have  been 
applied  depends  upon  the  formula 

v2  =  2  ad, 

where  v  is  the  original  velocity,  d  the  stopping  distance  and  a 
the  negative  acceleration  the  brakes  are  capable  of  producing. 
The  stopping  distance  thus  depends  on  the  square  of  the  initial 
velocity.  A  car  travelling  at  sixty  miles  per  hour  goes  not  twice, 
but  four  times,  as  far  before  stopping  as  one  travelling  at  thirty 
miles  per  hour.  This  relationship  of  squares  is  a  consequence 
of  the  fact,  mentioned  earlier  (page  508),  that  stopping  the  car 
involves  dissipating  its  kinetic  energy.  From  the  formula 
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previously  used  for  kinetic  energy  (page  427)  it  may  be  seen  that 
the  amount  of  energy  the  moving  vehicle  possesses  depends  on 
the  square  of  its  velocity. 

The  accompanying  diagram  (Fig.  14-17)  shows  how  the  two 
factors  in  the  calculation  of  stopping  distance  are  applied  to  an 
average  car  operated  by  an  average  driver  on  a  dry  road  surface. 
The  stopping  distance  indicated  for  each  particular  speed  is 
the  minimum  clear  distance  one  should  maintain  ahead  of  his 
cat  for  safety.  The  individual  driver  should  also  recognize  that 
if  his  own  reaction  is  slower  than  average,  if  his  brakes  are  less 
efficient  than  those  of  the  average  car,  if  the  road  surface  is  wet 
or  frosty,  or  if  his  tires  are  smooth,  a  correspondingly  greater 
safety  clearance  must  be  maintained. 


Fig.  14-18.  Electrical  system  of  automobile. 


py:  ^-spark  plugs  shown  “grounded”,  2— induction  coil,  3— ignition  switch, 
5  tail  light,  6— storage  battery,  7  starting  motor,  8 — generator,  9 — condenser, 
IG-circmt  breaker,  11-distributor,  12-ammeter,  13-headlight,  14-starter 
switch,  15 — panel  grounded  . 
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The  electrical  system.  The  electrical  system  of  the  modern 
automobile  is  a  rather  complex  arrangement  of  interlocking 
circuits.  The  four  main  circuits  are  the  generator,  starter, 
ignition,  and  light  circuits.  Space  does  not  permit  a  detailed 
description,  but  the  four  main  circuits  are  shown  diagram- 
matically  in  Figure  14-18.  The  interested  student  may  obtain 
complete  wiring  diagrams  from  automobile  distributors. 

Improvements  in  automobile  design.  During  the  past  ten 
or  fifteen  years  a  great  many  improvements  and  refinements 
have  been  applied  in  the  designing  of  automobiles.  Table 
No.  24  indicates  in  summary  form  some  of  the  more  important 
developments. 

How  may  automobile  accidents  be  prevented?  The  annual 
toll  of  lives  lost  and  injuries  sustained  in  traffic  accidents  is 
very  high.  Automobile  accidents  in  the  United  States  and 
Canada  cause  40,000  deaths  and  more  than  a  million  injuries 
every  year.  The  cost  in  terms  of  property  damage,  medical 
fees,  and  loss  of  working  time  has  been  conservatively  estimated 
at  $1,250,000,000  per  year.  Careful  surveys  indicate  that  the 
“accident-prone”  people,  or  “accident  repeaters”,  who  make  up 
about  five  per  cent  of  the  driving  public  are  responsible  for 
only  15  per  cent  of  this  grim  total.  The  remaining  85  per  cent 
of  accidents  involve  ordinary,  average  drivers.  Accident  pre- 
vention  is  thus  the  immediate  concern  of  everyone. 

The  three  main  causes  of  automobile  accidents  in  order  of 
frequency  are  driver  failure,  highway  failure,  and  car  failure. 
The  first  of  these  factors  far  outweighs  the  other  two.  Recent 
statistics  for  British  Columbia  indicate  that  of  8495  cars 
involved  in  reportable  accidents  only  456  were  in  faulty  enough 
mechanical  condition  to  have  caused  the  accident  and  145 
encountered  road  conditions  such  as  to  cause  the  accident. 
In  the  other  7894  cases,  responsibility  appeared  to  rest  with  the 
drivers.  Moreover,  mechanical  failure  of  the  car  is  itself  nearly 
always  due  to  ignorance  or  neglect  on  the  part  of  the  driver  or 
owner.  The  commonest  mechanical  causes  of  accident  are 
faulty  brakes  or  steering,  broken  axles  or  springs,  weak  or  badly 
adjusted  lights,  engine  failure  on  grades,  and  tire  blow-outs. 
All  of  these  defects  may  be  prevented  by  consistent,  intelligent. 


LAND  TRANSPORTATION 


513 


attention  to  the  maintenance  of  the  vehicle.  From  these  facts 
only  one  conclusion  can  be  reached.  Although  improved 
design  and  construction  of  highways  will  contribute  to  the 
safety  of  the  travelling  public,  by  far  the  greatest  emphasis 
should  be  placed  on  control  and  education  of  the  individual 
driver. 


Table  No.  24. 

Some  Improvements  in  Automobile  Design 


Item 

Improved 


New  Design 


Value 


Fuel 

Engine 

Chassis  and 
body 

Wheel  suspension 
Tires 

Power  train 


Transmission 


Transmission 
Body  style 


Ventilation 


Windows 

Instrument 

panel 

Lights 

Radio 


100-octane  gasoline. 

Light,  high-speed  engines. 

Designed  and  welded  as 
one  unit ;  all-steel 
construction. 

“Knee-action” 

(page  507). 

Self-sealing,  puncture-proof. 

Fluid  flywheel  and 
hydraulic  transmission. 


Overdrive,  through  worm- 
gear  device  in  rear  axle. 

Steering  column  gear  shift. 
Streamlining. 


Windows  designed  to 
eliminate  draughts ; 
humidifiers  and 
air-conditioning. 

Two  types  of  safety  glass 
(page  390). 


Higher  power,  smaller  engine, 
and  greater  economy. 

Light-weight  cars,  low  cost, 
operating  economy. 

Light-weight ;  protection  in  case 
of  accident;  elimination  of 
body  noise ;  weather-proofing. 

Steady  steering;  passenger 
comfort. 

Safety;  increased  tire  life. 

Smoother  clutch  slip;  may  in¬ 
clude  automatic  gear  selec¬ 
tion  ;  increased  safety  through 
simplified  driving. 

Reduced  flywheel-to-axle  speed 
ratio,  for  quiet,  economical 
running. 

Easy  control;  roomy  front  seat. 

Economy  through  reduced  wind 
resistance;  safety  through 
better  vision ;  beauty. 

Comfort  and  health  of  passen¬ 
gers. 


Safety,  especially  in  case  of 
accident. 


Electrical  devices  indicat¬ 
ing  performance  of  many 
parts  of  car. 

Sealed-beam  headlights. 

Two-way  transmission. 


Better  control ;  close  check  on 
need  for  adjustments  and 
overhaul. 

Improved  night  vision  for 
greater  safety. 

Quick  communication  for  police 
and  commercial  vehicles. 
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Safety  and  highway  construction.  Good  highway  surfaces 
serve  the  cause  of  safety,  not  only  by  reducing  the  number  of 
accidents  which  are  due  to  road  conditions,  but  also  by  cutting 

down  the  wear  and  tear  on 
running  gear  which  leads 
to  mechanical  failure. 
Much  has  already  been 
done  to  improve  the  con¬ 
dition  of  our  roads.  Many 
soft  shoulders  have  been 
eliminated.  Gravel  should¬ 
ers  on  hard-surfaced  roads 
have  been  widened  and 
compacted  with  light 
asphalt  binding.  Curves 
have  been  widened  and 
properly  banked.  New 
materials  and  methods  for 
hard-surfacing  have  pro¬ 
duced  non-skid  surfaces  of 
great  durability.  Excellent 
progress  has  been  made  in 
the  adoption  of  a  clear  and 
uniform  system  of  signs 
and  highway  markings 
(Fig.  14-20).  Modernizing 
our  highway  system  is  a 
task  which  cannot  be 
accomplished  overnight, 
but  as  gravel  roads  are 
hard-surfaced  and  the  older  paved  roads  are  resurfaced  a 
continuous  improvement  may  be  expected. 

Many  studies  have  been  made  of  the  problems  involved  in 
constructing  trunk  highways  which  will  carry  heavy  high-speed 
traffic  safely.  From  the  results  of  these  studies  five  main 
principles  emerge. 


Courtesy  National  Film  Board 
Fig.  14-19.  Section  of  Alaska  Highway  showing 
type  of  road-building  equipment  employed. 


1.  Vehicles  moving  in  opposite  directions  should  be  on 
separated  highway  surfaces.  The  purpose  of  this  principle  is 
the  prevention  of  head-on  collisions.  To  put  it  in  practice 
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Fig.  14-20.  Road  signs  used  on  Canadian  highways. 
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means  construction  of  dual  highways,  either  separated  by  a 
boulevard  or  constructed  on  different  road-beds. 

2.  Vehicles  going  in  the  same  direction  but  at  different 
speeds  should  move  in  separate,  clearly  marked  lanes. 


3.  Cross  traffic  must  be  on 
different  levels.  Application 
of  this  principle  has  occasioned 
the  development  of  the  high- 
level  crossing  and  the  clover- 
leaf  intei'section.  The  latter 
(Fig.  14-21)  is  a  system  of 
curved  ramps  which  eliminates 
left-turn  entry  to  one  high¬ 
speed  highway  from  another. 

4.  Intruders  must  be  pre¬ 
vented  from  entering  the  right 
of  way.  This  principle  is  ap¬ 
plied  by  construction  of  high- 
level  or  low-level  railway  cross¬ 
ings  and  pedestrian  crossings. 

5.  Traffic  entry  from  secondary  roads  must  be  infrequent 
and  carefully  planned.  The  clover-leaf  pattern  is  the  chief 
solution  to  this  problem. 

Application  of  these  modern  principles  of  road  design  can 
contribute  greatly  to  the  safety  of  the  highway  traveller. 
Statistics  show,  however,  that  four  of  every  five  accidents  occur 
in  cities  or  district  municipalities.  To  employ  such  devices  as 
clover-leaf  intersections  and  dual  highways  in  such  areas  is  in 
most  cases  both  financially  and  physically  impossible.  Thus 
the  safety  problem  resolves  itself  once  again  into  the  problem  of 
re-educating  the  driver. 


Fig.  14-21.  “Clover-leaf”  intersections 
lessen  the  opportunities  for  accidents. 


Safety  and  the  traffic  police.  To  some  extent,  safe  driving 
can  be  enforced  by  law.  Rigid  enforcement  of  speed  limits 
and  other  traffic  laws,  especially  in  cities,  undoubtedly  prevents 
many  accidents.  The  growing  custom  of  requiring  a  pros¬ 
pective  driver  to  pass  an  examination  before  granting  him  a 
license  is  also  of  value.  Certain  drivers  whose  physical,  mental 
or  emotional  defects  are  so  serious  as  to  make  them  a  hazard 
to  the  general  safety  may  be  ruled  off  the  road.  Others,  victims 
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of  less  serious  deficiencies,  may  be  given  “restricted”  licenses. 
A  system  of  compulsory  periodic  examination  of  the  mechanical 
condition  of  every  vehicle  helps  to  eliminate  those  accidents 
which  result  from  mechanical  failure. 

It  is  neither  possible  nor  desirable,  however,  that  the  entire 
responsibility  for  traffic  safety  be  borne  by  the  police.  Our 
experience  with  war-time  controls  illustrated  very  clearly  the 
fact  that  indefinite  extension  of  any  system  of  regulations  leads 
inevitably  to  injustice  in  individual  cases.  Again,  compulsory 
examination  of  motor  vehicles  is  possible  only  on  an  assembly¬ 
line  basis,  and  is  consequently  not  thorough  enough  to  be  a 
suitable  substitute  for  intelligent  care  by  the  owner  of  his  own 
car.  Most  important  of  all  is  the  fact  that  to  supply  enough 
police  officials  to  handle  the  safety  problem  entirely  by  com¬ 
pulsion  would  require  an  expenditure  which  no  government 
could  possibly  meet.  The  simple  fact  is  that  there  is  no  solution 
to  the  traffic  problem  except  voluntary,  intelligent  co-operation 
on  the  part  of  each  individual  citizen. 

Safety  and  the  individual  driver.  There  are  a  number  of 
ways  in  which  the  individual  driver  must  co-operate  if  he  is  to 
play  his  part  in  reducing  the  toll  of  traffic  accidents.  First,  he 
must  know  what  are  the  qualifications,  physical,  mental  and 
emotional,  of  a  good  driver.  He  must  know  in  what  respects 
he  himself  fails  to  measure  up  to  these  standards  and  apply  this 
knowledge  in  his  driving.  Secondly,  he  must  know  enough  of 
automobile  mechanics  to  understand  how  each  of  his  controls 
operates.  He  must  know  the  characteristics,  possibilities,  and 
limitations  of  his  own  car.  When  driving  a  strange  car  he 
should  lose  no  time  before  testing  the  steering  control,  power 
control,  and  braking  efficiency.  In  the  third  place,  he  must 
be  able  to  operate  all  the  controls  of  an  automobile  automati¬ 
cally  and  without  looking  at  them.  If  he  has  not  enough 
driving  experience  to  have  developed  this  ability,  he  must  drive 
with  that  much  extra  caution  and  should  not  venture  into 
heavy  traffic.  Fourthly,  he  must  know  thoroughly  the  traffic 
laws  of  his  community  and  the  universal  rules  of  safe  driving. 
In  the  fifth  place,  he  must  be  constantly  alert.  His  mind 
should  travel  at  least  a  city  block  ahead  of  his  car.  Finally,  he 
must  recognize  the  fact  that  courtesy  and  safety  are  practically 
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synonymous.  One  is  unlikely  to  meet  with  an  accident  while 
giving  the  right  of  way  to  another  driver,  or  while  slowing 
down  to  allow  a  pedestrian  to  cross  safely.  On  the  other  hand, 
our  cemeteries  are  crowded  with  people  who  thought  the  horn 
was  the  only  safety  device  on  their  cars. 

What  are  the  qualifications  of  a  good  driver?  The  qualifica¬ 
tions  of  a  good  driver  may  be  grouped  under  six  headings. 
Some  of  these  characteristics  can  be  measured  only  by  a  trained 
person;  in  other  respects  the  individual  person  can,  if  he  will, 
assess  himself  quite  accurately.  In  either  case,  every  driver 
should  know  and  be  conscious  of  his  limitations  in  each  respect. 

1.  Vision- — For  acuity  of  vision  20-40,  with  or  without 
glasses,  is  the  minimum  acceptable  standard.  A  field  of  vision 
of  120  degrees  is  also  a  minimum  standard.  This  means  that 
the  driver  must  be  able  to  detect  motion  at  an  angle  of  60 
degrees  on  each  side  while  looking  straight  ahead.  The  driver 
should  also  be  tested  for  diplopia,  or  double  vision,  for  faulty 
depth  perception,  colour-blindness,  and  night  blindness. 

2.  Hearing — Definite  hearing  standards  are  difficult  to  set 
up.  Normal  or  nearly  normal  hearing  is  important,  however, 
both  to  detect  traffic  bells  and  warning  horns  and  to  notice  early 
symptoms  of  mechanical  trouble  in  one’s  own  car. 

3.  Reaction  time — We  have  already  noted  (p.  510)  that  the 
maximum  acceptable  reaction  time  is  .75  second. 

4.  Emotional  stability — To  drive  safely  one  must  be  able  to 
make  decisions  quickly  and  correctly  and  to  remain  calm  in 
emergency  situations.  Persons  who  are  exceedingly  nervous  or 
abnormally  hot-tempered  should  drive  as  little  as  possible. 

5.  Attitude — A  number  of  desirable  characteristics  are 
grouped  under  this  heading.  Safe  driving  demands  a  nice 
balance  of  assurance  and  sensible  caution.  As  we  have  men¬ 
tioned,  the  hallmark  of  a  good  driver  is  his  courtesy  and  consid¬ 
eration  for  others.  It  is  in  this  respect  that  older  people  hold 
a  superiority  which  is  reflected  in  their  lower  per  capita  accident 
rate.  The  selfish,  egotistical  driver  is  not  only  a  dangerous 
nuisance,  but  also  marks  himself  as  a  person  whose  mind  has 
failed  to  mature  along  with  his  body.  Finally,  a  good  driver  is 
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marked  by  his  sense  of  responsibility.  He  never  forgets  that 
the  welfare  and  comfort  of  his  passengers  are  in  his  care. 

6.  Driving  ability — No  amount  of  physical  fitness,  mental 
alertness,  and  emotional  maturity  will  suffice  if  they  are  not 
accompanied  by  actual  manual  skill.  Driving  is  a  combination 
of  faculties,  some  obvious  and  many  very  subtle.  It  is  an  art 
which  must  be  developed  through  practice  extending  over  a 
period  of  years. 

What  are  the  most  important  traffic  laws?  Traffic  laws  vary 
in  different  provinces  and  in  different  municipalities  within 
one  province.  It  is  the  responsibility  of  each  driver  to  make 
himself  conversant  with  the  laws  of  his  own  locality.  Certain 
regulations  which  are  universal  in  their  application  are  sum¬ 
marized  here: 

1.  Every  driver  must  have  a  valid  driver’s  license  which  he 
must  carry  with  him.  If  under  21,  he  must  have  a  minor’s 
permit.  If  under  15  he  may  not  legally  drive  at  all. 

2.  Keep  to  the  right,  and  obey  traffic  signs  and  signals 

(Fig.  14-20).  5  6 

3.  Make  proper  hand  signals  before  turning  or  stopping. 

4.  The  vehicle  must  enter  the  proper  lane  before  turning; 
left  lane  for  a  left  turn,  right  lane  for  a  right  turn. 

5.  Every  automobile  must  be  equipped  with  a  windshield- 
wiper  and  a  rear  view  mirror. 

6.  It  is  an  offense  to  drive  any  vehicle  in  which  any  fixture 
or  passenger  obscures  the  driver’s  view,  or  in  which  any  sticker 
is  applied  to  the  upper  half  of  the  windshield  or  to  any  portion 
of  the  rear  window. 

7.  Head  and  tail-lights  must  be  lit  from  one-half  hour  after 

sunset  to  one-half  hour  before  sunrise,  or  at  any  other  time  if 
necessary  to  render  clearly  discernible  a  substantial  obiect  at 
a  distance  of  200  feet.  •  J 

8..  It  is  an  offense  to  drive  any  vehicle  which  has  been 
considered  unsafe  by  police  officer  or  constable. 

9.  It  is  an  offense  to  exceed  any  fixed  speed  limit.  A  driver 
may,  however,  be  charged  with  driving  to  the  common  danger 
regardless  of  his  speed.  & 
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10.  A  motor  vehicle  may  not  pass  a  street-car  which  is 
loading  or  discharging  passengers  where  there  is  no  safety  zone. 

11.  It  is  an  offense  to  drive  while  under  the  influence  of 
alcohol  or  narcotics. 

12.  Any  accident  in  which  any  person  is  killed  or  injured, 
or  in  which  property  damage  amounts  to  more  than  $25.00 
must  be  reported  to  a  police  officer  within  twenty-four  hours. 

13.  The  owner  is  legally  responsible  for  any  violation  of  the 
“Motor  Vehicle  Act”  in  which  his  automobile  is  involved. 

What  are  the  general  safety  rules?  There  are  many  rules  for 
safe  driving,  some  of  which  are  of  even  greater  importance  than 
the  legal  regulations.  Some  of  them  are  listed  here,  grouped 
under  convenient  headings.  Notice  particularly  the  sections 
in  italics: 

Speed. 

1.  Remember  that  excessive  speed  is  the  commonest  cause  of 
accidents. 

2.  Govern  your  speed  by  the  clearance  ahead. 

3.  Govern  your  speed  in  traffic  by  the  general  speed  of  the 
traffic  as  a  whole. 

4.  Remember  the  relationship  between  speed  and  braking- 
distance. 

Vision. 

1.  Never  outdrive  your  eyes.  Be  able  to  stop  in  the  distance 
you  can  see  clearly  ahead. 

2.  If  anything  inside  or  outside  your  car  obstructs  your 
vision,  slow  down  at  once. 

3.  Remember  your  rear-view  mirror.  Half  the  traffic  is 
behind  you. 

Turning. 

1.  Use  the  correct  lane  and  signal. 

2.  Keep  to  the  right  side  of  the  road  on  both  right  and  left 
curves. 

3.  Slow  down  before  entering  a  curve;  use  power  while 
actually  negotiating  the  curve. 
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Overtaking. 

1.  Have  good  visible  clearance  front  and  back  before  pass¬ 
ing.  Never  try  to  beat  oncoming  traffic. 

2.  Signal,  sound  horn,  then  pass.  Turn  in  only  after  the 
car  you  have  passed  appears  in  your  rear-view  mirror. 

3.  Never  pass  on  any  curve  or  on  any  hill. 

Intersections. 

1.  Slow  down  for  intersections.  Look  both  ways  before 
entering  the  intersection. 

2.  Slow  down  even  for  green  lights;  stop  for  red. 

3.  Watch  pedestrians;  drive  through  pedestrian  lanes  only 
when  you  have  the  right. 

Parked  Cars. 

1.  Never  unpark  your  own  car  without  first  looking  and 
signalling. 

2.  When  passing  parked  cars  remember  that  their  drivers 
may  not  show  the  same  good  sense. 

3.  Watch  for  jay-walking  pedestrians,  children,  or  dogs 
which  may  suddenly  emerge  from  between  parked  cars. 

Children. 

1.  Remember  that  children  are  not  responsible  people. 
Do  not  expect  them  to  have  any  safety  sense. 

Slippery  roads. 

1.  On  icy,  frosty  or  wet  roads,  drive  very  slowly,  and  do  not 
make  abrupt  movements  of  any  kind. 

2.  Apply  brakes  very  gently.  Descend  hills  in  second  gear. 

3.  Correct  sideways  skid  by  turning  front  wheels  in  the 
direction  of  the  skid.  Never  use  brakes;  use  power. 

Night  driving. 

1.  Drive  slowly;. your  range  of  vision  is  cut  down. 

2.  Remember  pedestrians  and  cyclists  often  travel  without 
lights.  The  responsibility  in  case  of  accident  is  still  yours. 

3.  Switch  your  lights  to  low  beam  for  the  approaching  driver 
whether  or  not  he  dims  for  you.  Two  blind  drivers  are  more 
dangerous  than  one. 
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4.  If  approaching  lights  are  troublesome,  focus  your  eyes  on 
the  right-hand  side  of  the  road  and  slow  down. 

State  of  mind. 

1.  Never  drive  with  alcohol  in  your  system.  It  slows  your 
reactions,  disturbs  your  judgment,  and  gives  false  confidence. 

2.  Never  drive  when  very  tired.  If  you  get  drowsy,  pull  off 
the  road  and  go  to  sleep. 

3.  Never  drive  when  very  angry,  worried,  upset,  or  ill. 
Highway  Signs. 

1.  The  standard  signs  are  shown  in  Figure  14-20.  Know 
them  and  obey  them.  Their  purpose  is  not  to  annoy  you,  but 
to  protect  you. 

Automobile  Maintenance. 

Enough  has  been  said  concerning  the  necessity  of  taking 
intelligent  care  of  an  automobile.  Tables  No.  25  and  No.  26 
contain  some  useful  information  in  this  respect. 


Table  No.  25. 

Routine  care  of  the  Automobile. 


W  cckly* 

1.  Inflate  tires  to  2  or  3  pounds  above  normal  so  that  they  never  drop 
below  normal. 

2.  Check  water  and  oil. 

3.  Check  battery  for  water  (every  two  weeks). 


Every  thousand  miles 

1.  Lubricate  chassis  and  running  gear,  engine  grease  cups,  and  body. 

2.  Change  crank-case  oil. 

3.  Check  specific  gravity  of  battery  fluid  and  clean  mam  battery  cable. 

4.  Check  intensity  and  focus  of  lights. 

Every  five  thousand  miles 

1.  Lubricate  transmission  and  differential. 

2.  Check  hydraulic  brake  system  for  leaks  and  adjust  brakes. 

3.  Overhaul  ignition  system. 

4.  Check  front  wheel  alignment ;  check  king-pins  and  spindles  for  wear ; 
pack  front  wheel  bearings. 

5.  Check  rear  axles  and  rear  wheel  bearings  and  lock-nuts. 

6.  Check  clearance  of  clutch  pedal  (1)4-2  inches). 

7.  Cross-switch  tires  (preferably  every  2000  miles). 

8.  Check  steering  system  for  wear  and  slackness. 

9.  Clean,  grease,  and  inspect  springs. 

10.  Tune  up  motor. 

Seasonal  routine 

1.  Change  grade  of  oil  from  winter  to  summer  or  vice  versa. 

2.  Flush  cooling  system  and  put  in  or  remove  anfi-freeze. 
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Table  No.  26 


Diagnostic  Care  of  the  Automobile. 


Symptoms 

Engine 

Loss  of  power 

Poor  starting 

Missing  fire 
Heavy  oil  consumption 
Heavy  gasoline 
^consumption 
Knocking 

Clutch 

Slipping,  grabbing, 
crashing  gears 
Transmission 
Abnormal  noise  in 
any  position 
Rear  Axle 
Hum  or  growl 
Knock  or  bump 
Steering 
Looseness 
Stiffness  (danger) 

Hard  steering  one  way 
only  (great  danger) 
Shimmy  (danger) 

Brakes 

Overheating 
Sluggish  action 
Grabbing 
Poor  stoppage 

Tires 

Casing  breaks  or 
cracks  in  sidewall 
Uneven  tread  wear 

Springs 

Uneven  action 

Rattle  or  bump 
Unusual  recoil 
Tendency  to  steer  to 
one  side 


Possible  Cause  to  Be  Checked 

Dirty  valves;  carburettor  out  of  adjustment; 
worn  piston  rings ;  slipping  of  clutch. 

Dirty  plugs;  ignition  coil  or  condenser; 
points;  battery;  carburettor;  starter. 

Plugs;  ignition  system  or  wiring;  valves. 

Piston  rings  ;  valves ;  lubrication  system. 

Valves;  piston  rings;  carburettor;  timing. 

Carburettor;  timing;  connecting  rods; 
bearings ;  lubrication. 

Worn  clutch  plate,  springs  or  bearings; 
grease  on  clutch  plate. 

Lack  of  lubrication  ;  worn  teeth  ;  loose 
bearings. 

Worn  teeth;  slack  bearings. 

Broken  teeth  (danger) ;  worn  shaft  bearings. 

Worn  linkage  assembly. 

Thickened  oil;  under-inflated  tires;  worn 
bearings  ;  faulty  linkage  joints. 

Broken  front  spring;  very  faulty  linkage 
or  steering  knuckle  assembly. 

Improper  caster;  dynamic  balance  of  wheels 
disturbed. 

Dragging  brake-shoe. 

Air  in  oil  line ;  faulty  brake  piston. 

Worn  brake  bands;  insufficient  clearance. 

Worn  brake  bands ;  too  much  clearance. 


Under-inflation 
Faulty  wheel  alignment. 


Weakened  springs;  minor  leaf  breaks; 

faulty  shackle  adjustment. 

Broken  spring;  worn  shackles. 

Broken  shock-absorber. 

Broken  spring,  front  or  back;  shackles  out 
of  line. 


Cooling  system 

Overheating 


Underheating 


Faulty  water  pump ;  loose  fan  belt ;  radiator 
core  or  connections  plugged  with  rust ; 
stuck  valve ;  faulty  engine  lubrication 
Thermostat  stuck  or  faulty. 
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Activities 

A 

*1.  Problem — To  determine  coefficients  of  sliding  friction. 

Set  up  a  flat,  smooth  board  in  a  horizontal  position.  Sandpaper  its 
upper  surface.  Attach  a  pulley  to  one  end  of  the  board.  Attach  a  string 
to  one  end  of  a  wooden  block.  Pass  the  string  over  the  pulley,  so  that 
weights  may  be  hung  from  the  free  end.  Load  the  block  with  a  fairly 
large  weight  (say,  one  kilogram).  Hang  weights  from  the  free  end  of 
the  string  until  the  block,  when  started  with  a  very  gentle  push,  will 
travel  along  the  board  with  a  constant  velocity.  The  coefficient  of  friction 
between  the  wooden  block  and  the  wooden  board  is  then  the  ratio  of  the 
force  acting  on  the  block  and  the  mass  of  the  block  and  its  load. 

Repeat  the  experiment  with  a  different  load  on  the  block.  What  fact 
about  the  coefficient  of  friction  is  illustrated? 

Cover  the  board  with  a  strip  of  sheet-iron.  Replace  the  wooden  block 
with  an  iron  block.  Determine  the  coefficient  of  friction  in  the  same 
manner  as  before. 

2.  Problem— To  investigate  centrifugal  force. 

Set  up  a  circular  horizontal  platform  which  can  be  rotated  on  a  vertical 
shaft.  Attach  a  coil  spring  to  the  centre  of  the  platform  so  that  it  will 

lie  flat  on  the  platform.  To  the 
free  end  of  the  spring  attach  a 
weight  (Fig.  14-22).  Rotate  the 
platform  at  a  constant  rate  and 
observe  the  extension  of  the 
spring. 

Replace  the  weight  by  a 
heavier  one,  rotate  the  plat¬ 
form  at  approximately  the 
same  rate  as  before,  and  note 
the  effect  on  the  extension  of 
the  spring.  Notice  also  the 
effect  of  an  increase  in  the 
speed  of  rotation. 

Increase  the  radius  of  the 
weight’s  rotation  by  attaching 
it  to  the  spring  by  a  short 
length  of  string.  Rotate  the 
platform  at  the  same  rate  as 
before,  and  note  the  effect  of 
Fig.  14-22.  the  increased  radius  on  the 

extension  of  the  spring. 

This  experiment  is  not  quantitative  in  the  sense  that  the  quantities 
observed  are  accurately  measured.  Nevertheless,  the  observed  results 
will  serve  to  verify  a  formula  found  in  Chapter  14.  What  is  this  formula? 

3.  Problem— To  study  the  action  of  the  dry-plate  clutch. 

Cut  t wro  circular  pieces  of  ply-wood  and  sandpaper  their  surfaces. 
Mount  each  on  the  end  of  a  wooden  shaft.  For  each  shaft  make  a  sup¬ 
porting  bearing  by  boring  holes  lengthwise  through  blocks  of  wood. 
Grease  each  shaft  'well  and  insert  it  in  its  bearing  block.  To  prevent  the 
discs  from  rubbing  against  the  ends  of  the  bearing  -blocks,  use  small  metal 
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rings  to  act  as  thrust  bearings.  Fix  one  bearing  block  firmly  to  the  top 
of  a  table  or  desk,  with  the  disc  protruding  over  the  edge.  Hold  the  other 
block  with  one  hand,  spin  the  shaft  with  the  other,  and  bring  the  face  of 
the  disc  in  contact  with  the  face  of  the  disc  in  the  fixed  block.  Does  the 
driven  disc  rotate  with  the  driving  disc  immediately,  or  is  there  some  slip? 
Have  someone  else  “brake”  the  driven  disc  by  applying  friction  to  its  shaft. 
How  does  this  affect  the  amount  of  slip?  What  must  you  do  to  eliminate 
the  slip?  What  parts  of  a  dry-plate  clutch  are  represented  by  those  two 
discs?  What  part  is  missing? 

*4.  Problem — To  illustrate  a  driver’s  reaction  time. 

On  the  floor  in  front  of  a  chair,  set  up  a  pedal  which,  when  depressed, 
openg  an  electric  switch.  Connect  this  switch  in  series  with  a  second 
switch  located  behind  the  chair  and  with  battery  and  an  electric  buzzer. 
Two  persons  collaborate  in  the  experiment.  One  sits  in  the  chair  with  his 
right  foot  on  the  floor  beside  the  pedal.  The  other  closes  the  circuit,  and 
the  buzzer  starts  to  sound.  The  length  of  time  the  buzzer  continues  to 
sound  indicates  the  time  the  “driver”  requires  to  get  his  foot  on  the  pedal 
and  press  it.  It  will  doubtless  be  impossible  to  measure  the  time  interval 
accurately,  but  the  experiment  will  serve  to  indicate  that  an  appreciable 
time  elapses  before  the  “driver”  is  able  to  carry  out  the  required  reaction. 

B 

1.  Make  a  collection  of  pictures  of  locomotives,  including  historic 
models,  modern  steam  locomotives,  and  more  recent  types.  List  the  uses 
to  which  locomotives  are  put.  Classify  them  according  to  the  “Whyte” 
system. 

2.  If  possible,  visit  a  railway  maintenance  shop  and  examine  a  steam 
locomotive.  Make  either  a  written  or  an  oral  report. 

3.  Classify  according  to  use  and  running  gear  the  locomotives  in  com¬ 
mon  use  in  your  locality. 

4.  Prepare  a  report  on  how  the  water  “injector”  transfers  water  from 
the  storage  tanks  on  the  tender  to  «the  boiler  of  a  locomotive. 

5'  S£culate  from  the  formu!a  on  Page  494  the  centrifugal  force  acting 
on  a  3500-pound  automobile  which  is  travelling  round  a  curve  of  2200- foot 
ladius  at  60  miles  per  hour.  If  this  force  were  not  balanced  by  an  opposing 
force,  what  would  result?  What  supplies  the  opposing  force  if  the  curve 
is  properly  banked.  What  supplies  it  if  the  curve  is  unbanked?  Why 
must  curves  be  taken  more  slowly  when  the  road  is  icy? 

6.  Collect  pictures  illustrating  advances  in  automobile  design. 

7  Obtain  a  complete  automobile  which  is  about  to  be  junked  remove 
the  body,  and  strip  away  the  housings  from  various  parts  of  the  chassis 
Examine  such  parts  as  transmission,  clutch,  differential,  brakes,  springs' 
and  shock-absorbers. 

8.  Prepare  a  report  on  the  principle  and  the  advantages  of  “fluid 
transmission  . 

9.  What  is  meant  by  “riding  the  clutch”?  Why  is  it  a  bad  driving  habit? 

10.  What  is  meant  by  “free  wheeling”?  In  what  respect  is  it  dangerous? 

11.  What  instruments  are  on  the  panel  of  a  modern  car?  What 
information  do  they  give  the  driver?  How  should  he  use  them? 

12.  Will  a  car  run  with  a  short-circuit  in  the  light  wiring?  Why? 
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13.  Record  for  a  week  all  the  examples  of  faulty  driving  and  dangerous 
pedestrian  behaviour  you  notice.  Do  not  forget  to  include  your  own  lapses 
in  the  list. 

14.  If  police  tests  for  prospective  drivers  are  given  in  your  community, 
try  to  have  yourself  tested.  In  what  ways  do  you  think  these  tests  could 
be  improved? 

15.  Survey  the  highway  system  of  your  locality.  What  improvements 
can  you  design,  from  the  point  of  view  of  safety?  What  improvements 
are  now  under  way  or  are  being  planned? 

C 

1.  The  use  of  wheels  replaces  the  coefficient  of  -  by  the  much 

smaller  coefficient  of  - . 

2.  When  a  vehicle  supplies  its  own  power,  friction  is  important  as  a 

means  of  gaining  - . 

3.  The  engines  of  a  steam  locomotive  are  usually  of  the - type. 

4.  In  a  locomotive  boiler  a  forced  draught  is  created  by  directing  the 

- into  the  - . 

5.  Railway  brakes  are  operated  by - . 

6.  Railway  gradients  must  be  kept  low  because  locomotives  cannot  be 

equipped  with - . 

7.  The  factors  involved  in  centrifugal  force  are  the  -  and  - 

of  the  moving  object  and  the - of  the  curve. 

8.  A  low  centre  of  gravity  reduces  the  tendency  to  -  on  a  curve, 

but  does  not  affect  the  tendency  to  - . 

9.  The  most  efficient  type  of  locomotive  now  in  common  use  is  the 

- .  Next  in  order  of  efficiency  is  the  - .  Two  new  developments 

in  locomotives  are  the - and - . 

10.  Regenerative  braking  is  a  feature  of  the -  locomotives. 

11.  The  clutch  of  an  automobile  disconnects  the  -  from  the  - 

and  also  permits  gradual  application  of  the - . 

12.  The  part  of  the  car  usually  referred  to  as  the  transmission  is  a  series 

of  -  which  provides  variable  - . 

13.  In  the  drive  shaft,  flexibility  is  attained  by  the  use  of - . 

14.  Where  the  drive  shaft  meets  the  rear  axle,  the  direction  of  rotation 

is  changed  by  means  of  a - and - . 

15.  The  differential  gears  permit  the -  to  rotate  at  different  speeds. 

16.  Knee  action  is  a  system  of - springs. 

17.  Shock  absorbers  check  the  - of  the - . 

18.  The  power  controls  include  the -  - and - . 

19.  The  spindles,  king-pins,  tie-rods,  and  knuckle  are  parts  of  the  - 

system. 

20.  Modern  automobile  brakes  are  - ,  operating  through  the  appli¬ 
cation  of  - ’s  principle. 

21.  The  service  brakes  act  on  - ,  while  the  parking  brake  generally 

acts  on - or - . 

22.  A  car  travelling  40  miles  per  hour  requires  approximately  - - - 

times  as  great  a  stopping  distance  as  one  travelling"  at  20  miles  per  hour. 
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23.  At  30  miles  per  hour,  a  car  controlled  by  an  average  driver  travels 

about  feet  between  the  instant  that  danger  appears  and  the  time  the 

brakes  are  applied. 

24.  The  three  main  causes  of  accidents  on  the  highway,  in  order  of 

frequency,  are - ,  -  and  - . 

25.  Where  the  driver  is  responsible  for  an  accident,  it  is  most  otten 

found  that  his  error  was - . 

26.  The  cardinal  principle  of  safe  driving  is  that  -  and  safety  are 

practically  synonymous. 

27.  Highway  accidents  at  night  are  most  often  caused  by  the  driver’s 

failure  to  realize  the  extent  by  which  his  - -  is  reduced. 

*Note:  Activities  marked  with  asterisks  should  be  completed  by  all  studants. 


CHAPTER  15 


IMPROVEMENTS  IN  THE  DESIGN  AND  PERFORM¬ 
ANCE  OF  SHIPS  HAVE  RESULTED  FROM  THE  USE 
OF  MODERN  POWER  PLANTS  AND  ALSO  FROM 
THE  APPLICATION  OF  SCIENTIFIC  KNOWLEDGE 
CONCERNING  THE  FLUID  PROPERTIES  OF  WATER 

In  the  development  of  water  transportation,  from  the 
primitive  dugout  to  the  modern  luxury  liner,  men  have  had 
three  main  problems  to  solve.  First,  they  have  had  to  find 
adequate  and  dependable  sources  of  power.  Secondly,  they 

have  had  to  investigate  the  properties 
of  air  and  water,  the  two  fluids 
through  which  a  ship  must  move,  in 
order  to  improve  the  design  of  hull 
and  superstructure.  Finally,  they  have 
had  to  develop  a  system  of  navigation 
by  which,  in  fair  weather  or  foul,  the 
ship  and  her  people  could  be  guided 
safely  to  their  destination. 

In  order  to  appreciate  past  and 
present  progress  toward  the  solution 
of  these  three  problems,  it  is  necessary 
to  have  some  knowledge  of  the  general 
properties  of  fluids.  Then  we  shall  investigate  various  improve¬ 
ments  in  ship  design  which  occurred  during  the  era  of  sailing- 
ships,  and  following  the  introduction  of  steam  power.  Finally, 
we  shall  examine  a  few  of  the  problems  of  marine  navigation. 

What  is  a  fluid?  A  fluid  is  a  substance  which  flows.  This 
means  that  it  offers  little  or  no  resistance  to  change  of  shape, 
and  has  no  tendency  to  return  to  the  shape  from  which  it  has 
been  displaced.  The  term,  therefore,  includes  both  liquids, 
which  are  relatively  incompressible  fluids,  and  gases,  which  are 
highly  compressible.  When  we  investigate  the  common 
properties  of  fluids,  we  find  one  set  of  characteristics  which  is 
528 


Fig.  15-la.  A  typical  Indian  dugout. 
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Courtesy  B.  C.  Bureau  of  Provincial  Information 
Fig.  15-lb.  Empress  of  Canada,  a  modern  luxury  liner. 


important  when  the  fluid  is  at  rest,  and  another  set  which 
becomes  significant  when  the  fluid  is  in  motion. 

What  are  the  important  properties  of  fluids  at  rest?  Aside 
from  such  general  characteristics  as  cohesion,  density,  and 
viscosity,  static  fluids  have  two  main  properties.  They  exert 
pressure  on  any  surface  with  which  they  are  in  contact,  and 
they  exert  a  buoyant  force  on  any  object  which  is  wholly  or 
partially  immersed  in  them.  We  shall  discover  presently  that 
the  second  property,  buoyant  force,  arises  as  a  result  of  the  first. 
Yet  the  laws  of  buoyancy  were  discovered  by  the  Greek  philoso¬ 
pher  Archimedes  in  the  third  century  B.C.,  while  the  pheno¬ 
menon  of  static  pressure  received  its  first  scientific  investigation 
by  Pascal  in  the  seventeenth  century  A.D. 

Pressure  in  a  fluid  at  rest  may  arise  in  either  of  two  ways. 
First,  the  fluid  itself  exerts  a  pressure  because  of  its  own  weio-ht. 
Ordinarily,  the  term  “static  pressure”  is  used  to  refer  only  to 
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this  phenomenon.  The  atmospheric  pressure  which  we 
measure  by  means  of  barometers  is  the  pressure  of  the  air  above 
and  around  us.  The  great  pressure  which  a  deep-sea  diver  must 
withstand  is  the  static  pressure  of  water,  called  hydrostatic 
pressure.  Secondly,  pressure  may  be  applied  to  the  fluid 
through  an  outside  agency.  In  the  case  of  a  liquid,  this  is 
called  hydraulic  pressure;  in  the  case  of  a  gas,  pneumatic 
pressure. 

How  is  hydrostatic  pressure  calculated?  The  pressure  of  a 
fluid  does  not  act  only  on  the  bottom  of  the  container;  it  is 
exerted  perpendicularly  against  the  containing  walls,  and  also 
against  the  surface  of  any  object  immersed  in  the  fluid.  In  the 
case  of  liquids,  it  can  be  demonstrated  experimentally  that  the 
pressure  varies  directly  with  the  depth  and  with  the  density  of 
the  fluid,  and  is  independent  of  the  shape  of  the  container. 
These  facts  are  expressed  in  the  formula 

p  —  hd 

where  h  is  the  depth  (sometimes  called  the  “head”)  and  d  is  the 
density.  Thus,  for  example,  any  surface  which  is  at  a  depth  of 
6  feet  under  water  will  have  acting  on  it  a  pressure  of  6x62.5, 
or  375  pounds  per  square  foot.  The  total  force  acting  on  this 
surface  is  then  calculated  from  the  formula 

f  —  pa 

where  a  is  the  area  of  the  surface.  For  example,  a  pressure  of 
375  pounds  per  square  foot  acting  on  a  surface  of  4  square  feet 
would  produce  a  total  force  of  1500  pounds.  It  is  convenient 
to  remember  that  for  each  foot  of  depth  water  exerts  a  static 
pressure  of  62.5  pounds  per  square  foot,  or  .433  pounds  per 
square  inch. 

This  method  of  calculating  static  pressure  applies  to  all 
liquids,  and  to  any  reasonably  small  depth  of  gas.  It  cannot  be 
applied  to  such  a  large  body  of  gas  as  the  atmosphere,  for  the 
compressibility  of  the  gas  causes  its  density  to  vary  from  top 
to  bottom. 

How  is  pressure  on  a  vertical  surface  calculated?  Applying 
the  formula 

/  =  Pa 

to  calculate  the  force  acting  on  a  horizontal  surface  is,  as  we 
have  seen,  comparatively  simple,  for  all  parts  of  the  surface  are 
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at  the  same  depth  and  there¬ 
fore  have  the  same  pressure 
acting  on  them.  The  case  of  a 
vertical  or  oblique  surface  is 
more  complex.  The  various 
parts  of  its  area  are  at  different 
depths,  and  the  pressure  varies 
from  a  minimum  at  the  top 
edge  to  a  maximum  at  the 
bottom.  To  find  the  total 
force  we  must  therefore  multi¬ 
ply  the  area  by  the  pressure 
which  acts  at  the  average 
depth. 

Consider,  for  example,  a 
rectangular  canal  gate  100  feet 
wide  (Fig.  15-2a),  against 
which  the  water  is  20  feet  deep.  The  hydrostatic  pressure,  hd, 
varies  from  zero  at  the  surface  of  the  water  to  1250  pounds  per 
square  foot  at  the  bottom.  The  average  pressure  is  625  pounds 
per  square  foot.  Since  the  total  area  under  water  is  2000  square 
feet,  the  total  force  the  gate  must  withstand  is  1,250,000  pounds. 


Fig.  15-2a.  Locks  in  Welland  Canal 
were  constructed  by  engineers  who 
applied  their  knowledge  of  hydrostatic 
pressure. 


How  is  pressure  transmitted  in  a  fluid?  Pascal’s  law  of  fluid 
pressure,  first  enunciated  in  1653,  states  that,  if  a  force  is 
applied  to  the  surface  of  an  enclosed  fluid ,  the  pressure  is 
transmitted  undiminished  in  all  directions ,  and  acts  perpendi¬ 
cularly  on  all  parts  of  the 


i 


Fig.  15-2b.  A  hydraulic  press. 


containing  wall.  This  prin¬ 
ciple  is  applied  in  such  use¬ 
ful  devices  as  hydraulic 
brakes  (page  508),  hydraulic 
lifts,  jacks,  and  grease  guns 
used  in  service  stations,  and 
hydraulic  presses  used  in 
industry  for  such  purposes 
as  stamping  out  automobile 
bodies. 

The  application  of  Pas¬ 
cal’s  principle  may  be  illus- 
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trated  by  reference  to  the  simplest  sort  of  hydraulic  presses 
(Fig.  15-2b).  Two  pistons  operate  in  separate  cylinders  which 
are  joined  by  a  system  of  pipes.  The  entire  space  between  the 
faces  of  the  two  pistons  is  filled  with  a  fluid,  usually  a  heavy 
oil  which  acts  both  as  a  transmitter  of  pressure  and  as  a 
lubricant  for  the  pistons.  Suppose  a  small  force,  f1}  is  applied 
to  piston  A,  which  has  a  small  area  ax.  Referring  to  the 
equation  (page  530)  connecting  force  and  pressure,  we  can  see 


that  the  pressure  which  this  piston  exerts  on  the  fluid 


According  to  Pascal’s  law,  this  pressure  is  transmitted  through 
the  fluid  and  acts  on  the  piston  B,  which  has  a  large  area  a2. 
The  total  force  /2  which  acts  on  the  large  piston  is  therefore 


1l  x  fl-.  From  the  foregoing  it  may  be  seen  that  for  any 
a1 

hydraulic  press 

h__  fli 
f2  ~  «2 


As  the  piston  faces  are  normally  circular  in  shape,  and  the  area 
of  a  circle  is  proportional  to  the  square  of  its  diameter,  we  may 
convert  the  above  relationship  to  the  form 

fL=d12 

f  2  d2~ 

Applying  this  last  relationship  to  a  press  in  which  the  diameters 
of  the  two  pistons  are  one  inch  and  three  inches,  we  can  see 
that  any  force  applied  to  the  small  piston  will  produce  a  force 
nine  times  as  large  on  the  large  piston.  Like  any  other 
machine,  the  hydraulic  press  operates  strictly  in  accordance 
with  the  law  of  conservation  of  energy.  Thus,  if  the  force  is 
multiplied  by  nine,  then  a  thrust  of  nine  inches  on  the  small 
piston  will  produce  a  movement  of  only  one  inch  on  the  part  ol 
the  large  piston,  so  that  the  work  (force  times  distance)  done 
on  the  small  piston  is  equal  to  the  work  accomplished  by  the 
large  one. 


How  is  buoyancy  explained?  Consider  a  block  of  metal 
(Fig.  15-3)  10  cm.  long,  8  cm.  wide,  and  5  cm.  thick.  Suppose 
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it  is  immersed  in  water  horizontally  with  its  lower  edge  10  cm. 
below  the  surface.  According  to  the  formula  (page  530)  for 
static  pressure,  the  upward  pressure  on  the  bottom  face  is  10  gm. 
per  sq.  cm.,  and  the  total  upward  force  on  this  face  is  800  gm. 
The  downward  pressure  on  the  top  face  is  5  gm.  per  sq.  cm., 
and  the  total  downward  force  is  400  gm.  The  net  upward 
force,  or  buoyant  force,  exerted  by  the  water  on  the  block  is 

therefore  400  gm.  Since  the 
volume  of  the  block  is  400  cc.,  it 
must  displace  400  cc.  of  water 
when  it  is  immersed,  and  this 
displaced  water  weighs  400  gm. 
This  example  illustrates  Archi¬ 
medes’  principle,  which  states 
that  a  body  immersed  in  a  fluid 
is  buoyed  up  by  a  force  equal  to 
the  weight  of  fluid  displaced. 

Now  suppose  the  mass  of  the 
block  is  1000  gm.  This  is  a 
downward  force  to  be  added  to 
the  downward  force  of  400  gm. 
exerted  by  the  water  on  the  top 
face  of  the  block.  There  is  thus 
a  total  downward  force  of  1400 
gm.,  and  a  total  upward  force  of  only  800  gm.  The  block  will 
sink  to  the  bottom  of  the  container.  On  the  other  hand,  a 
wooden  block  having  the  same  dimensions  and  a  mass  of  only 
160  gm.  would  have  acting  on  it  a  total  downward  force  of 
560  gm.  and  a  total  upward  force  of  800  gm.  It  would  rise  to 
the  suiface  and  float.  In  general,  an  object  sinks  if  its  mass  is 
gi  eatei  than  the  mass  of  fluid  it  displaces  when  immersed. 

We  know  from  actual  experience  that  when  a  wooden  block 
comes  to  the  surface  it  continues  to  rise  until  it  finally  floats 
with  a  part  of  its  volume  above  the  surface  of  the  water.  How 
can  we  determine  the  precise  level  at  which  it  will  float?  When 
an  object  floats,  its  top  face  is  out  of  the  water  and  thus  has  no 
static  pressure  acting  downward  on  it.  The  static  force  acting 
upward  on  the  bottom  face  is  therefore  balanced  entirely  by 
the  mass  of  the  block.  Since  this  mass  is  160  gm.,  the  static 
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force  on  the  bottom,  face  must  also  be  160  gm.  The  area  of 
the  bottom  face  being  80  sq.  cm.,  the  static  pressure  on  it  must 
be  2  gm.  per  sq.  cm.  This  is  the  static  pressure  exerted  by 
water  at  a  depth  of  2  cm.  The  block  therefore  floats  with  2  cm. 
of  its  thickness  immersed  and  3  cm.  above  the  surface.  The 
principle  illustrated  here  is  the  law  of  floating  bodies:  a  floating 
body  displaces  a  mass  of  fluid  equal  to  its  own  mass. 

It  should  also  be  noticed  that  the  wooden  block  under 
discussion  has  a  mass  of  160  gm.  and  a  volume  of  400  cc.  Its 
specific  gravity  is  therefore  0.4.  The  fraction  of  its  total  volume 
that  is  submerged  when  it  floats  is  %,  or  .4.  In  general, 
a  floating  body  has  that  fraction  of  its  volume  below  the  surface 
of  the  water  which  corresponds  to  its  specific  gravity.  It 
follows,  of  course,  that  a  body  whose  specific  gravity  is  greater 
than  1  (that  is,  a  body  which  is  heavier  than  water)  will  sink. 

How  can  a  steel  ship  float?  According  to  the  principle  we 
have  just  deduced,  since  the  specific  gravity  of  steel  is  much 
greater  than  1,  a  ship  built  of  steel  should  sink.  When  a  ship 
floats,  however,  the  greater  part  of  the  water  it  displaces  is 
displaced  not  by  the  hull  itself  but  by  air  contained  within  the 
hull.  The  steel  ship  as  a  whole  may  therefore  displace  a  mass 
of  water  equal  to  the  mass  of  steel  of  which  it  is  made  without 
becoming  totally  submerged.  Thus  it  floats.  If  a  hole  is  torn 
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Fig.  15-4.  Empress  of  India,  a  steel  passenger  liner  with  “clipper  bow’’  and 
undercut  stern. 
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in  the  ship’s  bottom  and  it  fills  with  water,  there  is  now  nothing 
to  displace  water  except  the  steel  of  the  hull.  The  steel  cannot 
displace  its  own  mass  of  water,  and  the  ship  sinks.  A  wooden 
boat,  on  the  other  hand,  will  not  sink  even  when  full  of  water, 
for  the  wood  itself  is  capable  of  displacing  more  than  its  own 
mass  of  water.  If  the  wooden  hull  has  attached  to  it  a  metal 
keel  or  an  inboatd  engine  which  makes  its  total  mass  greater 
than  the  mass  of  water  it  can  displace,  then,  of  course,  when  it 
swamps  it  will  sink. 

This  principle  is  ingeniously  employed  in  submarines  (Fig. 
15-5).  When  the  submarine  is  ready  to  submerge,  water  is 
taken  into  the  ballast  tanks  until  the  mass  of  the  ship  is  greater 
than  that  of  the  water  it  is  capable  of  displacing.  The  sub¬ 
marine  therefore  sinks.  To  bring  the  ship  back  to  the  suiface, 
compressed  air  is  allowed  to  expand  into  the  ballast  tanks, 
blowing  out  enough  water  to  make  the  total  mass  of  the 
submarine  less  than  that  of  the  displaced  water.  The  ship  then 
rises  to  the  surface. 

The  same  device  is  employed  in  floating  drydocks.  Enough 
water  is  first  admitted  to  the  ballast  tanks  to  sink  the  diydock. 
The  ship  to  be  repaired  is  floated  over  the  submerged  berth, 
and  when  water  is  pumped  out  of  the  ballast  tanks  the  buoyant 
force  causes  the  drydock  to  rise  to  the  surface  and  lift  the  ship 
bodily  out  of  the  water. 

What  are  the  factors  which  produce  stability  in  floating 
bodies?  Not  only  must  a  ship  be  able  to  float,  it  must  also 
retain  its  stability  as  it  rolls.  This  means  that  when  some  force 
such  as  that  of  wind  or  wave  causes  it  to  heel  over,  there  must 
be  set  up  within  the  ship  a  righting  moment  to  swing  it  back 
to  its  normal  upright  position.  The  balance  between  gravity 
and  buoyancy  is  directly  concerned  with  this  matter  of  stability. 
Naval  architects  agree  that  no  absolute  system  exists  which  can 
assign  theoretically  anv  definite  degree  of  stability  to  any 
particular  ship  design.  The  most  successful  designs  are  arrived 
at  through  a  blending  of  experience  and  scientific  principles, 
of  theory  and  practice.  However,  there  exists  one  system,  the 
metacentre  method,  which  works  excellently  on  all  types  of 
ships  for  relatively  small  angles  of  heel  (ten  to  fifteen  degrees), 
and  which  is  used  in  designing  pleasure  boats  and  other  small 
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craft.  In  the  following  paragraphs  are  outlined  the  general 
principles  underlying  this  method  of  predicting  the  stability 
of  a  given  design. 

If  the  water  surrounding  a  floating  ship  were  imagined  to  be 
solidified  and  the  ship  removed  bodily,  water  could  be  poured 
into  the  hollow,  and  would  form  a  mass  equivalent  in  shape 
and  volume  to  the  underwater  volume  of  the  ship.  This 
imaginary  volume  of  water  is  called  the  watership ,  and  its 
centre  of  gravity  is  the  centre  of  buoyancy  of  the  actual  ship; 
that  is,  it  is  the  point  at  which  the  buoyant  forces  may  be 
considered  to  be  acting  on  the  ship. 


When  a  ship  is  floating  on  an  even  keel  (Fig.  15-6-1),  the 
centre  of  gravity  (CG)  and  the  centre  of  buoyancy  (CB)  both 
lie  on  the  vertical  axis  (AAX)  of  the  ship.  The  force  of  gravity, 
acting  downward  through  the  centre  of  gravity,  and  the 
buoyant  force,  acting  vertically  upward  through  the  centre  of 
buoyancy,  satisfy  both  the  conditions  of  equilibrium  (p.  414). 

When  some  external  agency  causes  the  ship  to  heel  to  star¬ 
board  (Fig.  15-6-2),  the  watership  changes  in  shape,  but  not  in 
volume  or  weight,  because  the  ship,  as  a  floating  body,  con¬ 
stantly  displaces  its  own  weight  of  water  (p.  534).  The  change 
in  shape  of  the  watership  causes  the  centre  of  buoyancy  to  shift 
in  the  direction  of  the  roll:  in  this  case  to  the  right.  The  forces 
of  buoyancy  and  gravity  are  still  equal  and  still  act  vertically 
upward  and  downward,  but  they  are  now  no  longer  acting  in 
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the  same  straight  line.  They  therefore  form  a  couple  and  exert 
a  moment  (page  414),  tending  to  produce  rotation  of  the  ship. 
From  the  point  of  view  of  stability,  the  important  question  is 
whether  this  moment  will  act  in  such  a  direction  as  to  Oppose 
the  original  roll  and  right  the  ship,  or  whether  it  will  act  in 
the  same  direction  as  the  original  roll  and  capsize  the  ship. 
To  determine  this  vital  point,  a  vertical  line  representing  the 
line  of  action  of  the  buoyant  force  is  drawn  upward  through 
the  centre  of  buoyancy.  The  point  of  intersection  of  this  line 
with  the  vertical  axis  of  the  ship  is  called  the  metacentre  (M). 
If  the  metacentre  lies  above  the  centre  of  gravity  (Fig.  15-6-2), 
the  forces  of  gravity  and  buoyancy  set  up  a  righting  moment; 
if  the  metacentre  is  below  the  centre  of  gravity  (Fig.  15-6-3), 
they  set  up  a  capsizing  moment.  \ 

Close  scrutiny  of  these  principles  will  lead  to  the  conclusion 
that  stability  in  a  ship  may  be  attained  in  two  ways;  (1)  by 
building  it  with  a  low  centre  of  gravity,  and  (2)  by  building 
the  hull  wide,  particularly  near  the  bottom.  It  can  thus  be 
seen  why  a  cargo  ship  is  built  low  in  the  water  with  a  wide 
beam;  why  racing  yachts  have  heavy  keels  to  counteract  the 
great  angle  of  heel  when  tacking;  why  passenger  ships  with  high 
superstructures  have  their  engines  as  near  the  keel  as  possible; 
and  why  a  shifted  deck-load  can  produce  a  dangerous  list,  and 
under  heavy  weather  conditions  may  even  capsize  the  ship. 

It  must  be  pointed  out  that  the  same  degree  of  stability  is  not 
desirable  in  all  types  of  ships.  A  very  stable,  or  “stiff”,  ship 
is  likely  to  be  less  manageable  in  choppy  water,  and  less  com¬ 
fortable  for  her  passengers,  than  one  which  is  more  “tender” 
or  “cranky”  (less  stable).  Battleships  are  designed  to  be  stiff 
in  order  to  have  a  steady  platform  for  their  armament.  Passen¬ 
ger  ships  are  designed  with  a  more  moderate  degree  of  stability. 
Freighters,  designed  to  be  stiff  when  loaded,  may  be  so  tender 
when  light  that  ballast  must  be  taken  aboard  to  stiffen  them 
by  lowering  the  centre  of  gravity. 

What  new  properties  does  a  fluid  exhibit  when  in  motion? 
A  fluid  in  motion  differs  from  a  static  fluid  in  two  important 
respects.  According  to  Pascal’s  principle,  all  particles  at  the 
same  depth  in  a  static  fluid  are  at  the  same  pressure.  When 
these  particles  are  in  motion  they  may  be  at  quite  different 
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pressures  in  different  regions  at  the  same  level.  Again,  the 
problem  of  resistance  does  not  appear  in  dealing  with  static 
fluids,  but  where  a  fluid  is  moving  past  an  object,  or  where  an 
object  is  moving  through  a  fluid,  resistance  is  set  up  about  that 
object.  This  resistance  may  be  due  to  variations  in  pressure, 
or  it  may  be  caused  by  fluid  friction. 

What  are  streamlines?  When- a  fluid  is  in  steady  motion  the 
paths  of  its  particles  are  regular  and  orderly,  usually  straight 
lines.  These  paths  are  represented  in  drawings  as  lines,  called 
sti  eamlines.  If  the  fluid  is  moving  with  a  constant  velocity 
these  1  epresentation  lines  are  drawn  at  a  constant  distance 
apart;  when  the  speed  increases  the  lines  are  drawn  closer 
together.  Turbulence  which  results  when  the  fluid  flows 
around  an  obstacle  is  represented  by  a  disturbance  of  the 
regular  pattern  of  the  streamline  (page  123). 


What  changes  of  pressure  occur  when  a  fluid  is  in  motion? 
A  drop  in  pressure  in  a  moving  fluid  may  occur  in  either  of 
two  ways:  (1)  through  an  increase  in  the  velocity  of  the  stream, 
or  (2)  through  the  occurrence  of  turbulences  in  the  streamlines 
of  the  particles.  Both  of  these  situations  may  be  illustrated  by 
means  of  streamline  diagrams  (Fig.  3-32). 


The  effect  of  increased  velocity  is  illustrated  by  the  passage 
of  a  stream  of  water  through  a  tube  with  a  constriction  in  it 
called  a  venturi  tube  (Fig.  15-7).  As  the  water  flows  through 
from  the  left,  it  will  rise  up  the  fine  tubes  A,  B  and  C,  and  its 
level  in  each  tube  will  indicate  the  pressure  in  the  main  stream 
at  the  base  of  the  tube.  It 

will  be  observed  that  the  A  &  c 

levels  in  A  and  G  are 
identical,  showing  that  the 
pressures  at  P  and  Px  are  the 
same.  The  level  in  B  will  be 
lower,  indicating  a  reduced 
pressure  in  the  constriction. 

A  similar  result  can  be  ob¬ 
tained  by  using  an  air  ven¬ 
turi  tube  (Fig.  15-8),  with 
S-type  manometers  to  indicate 
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A  venturi  tube  (water). 
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Illustrates  Bernoulli’s  principle. (p.  540) 
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Fig.  15-8.  Air  venturi  tube. 


the  pressures  at  various 
points.  Now  the  volume  of 
fluid  flowing  per  second  must 
obviously  be  the  same  at  all 
points  in  the  tube.  The 
velocity  of  the  stream  must 
therefore  be  increased  in  the 
constriction.  Therefore  it 
may  be  deduced  that  if  the 
speed  of  a  fluid  increases  at 
any  point,  the  pressure  of  the 
fluid  decreases  at  that  point. 
This  is  Bernoulli’s  principle.  It  has  many  important  applica¬ 
tions  to  the  motion  of  both  liquids  and  gases  and  to  the  motion 
of  such  objects  as  ships  and  aircraft  through  their  respective 
fluid  media. 

A  direct  application  of  Bernoulli’s  principle  makes  possible 
a  more  detailed  explanation  of  the  action  of  the  plain-tube 
carburettor  than  was  given  earlier  in  this  text  (page  469).  It 
was  mentioned  at  that  time  that  the  air  intake  tube  is  con¬ 
stricted  just  where  the  nozzle  from  the  float  chamber  enters. 
The  purpose  of  this  constriction  is  to  cause  an  increase  in  the 
velocity  of  the  air  stream  and,  through  the  operation  of 
Bernoulli’s  principle,  a  consequent  decrease  in  the  air  pressure. 
The  normal  atmospheric  pressure  acting  on  the  surface  of  the 
gasoline  in  the  float  chamber  then  forces  a  stream  of  gasoline 

through  the  nozzle  into  the  intake 
manifold. 

The  turbulence  caused  by  the 
relative  motion  of  a  fluid  and  a  solid 
object  is  an  important  factor  in  the 
design  of  the  hulls  and  superstructures 
of  ships,  wings,  struts,  and  fuselages 
of  aeroplanes,  and  of  the  bodies  and 
lenders  of  automobiles.  The  passage 
of  a  solid  body  through  a  fluid  may 
be  characterized  by  either  of  two  types 
of  motion,  streamline  or  turbulent. 
The  shape  of  the  solid  body  determines 
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Fig.  15-9.  The  shape  of  a 
body  rather  than  its  cross- 
section  determines  the  resist¬ 
ance  offered. 
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the  type  of  flow.  Figure  15-9  may  be  taken  to  illustrate  the 
variations  in  the  resistance  which  fluids  offer  when  objects  with 
the  same  cross-section  but  of  different  shapes  move  through 
these  fluids.  It  can  be  seen  from  this  diagram  that  it  is  not  the 
front  of  the  object  so  much  as  the  rear  which  determines  the 
type  of  flow.  Turbulence  is  prevented  by  “streamlining”  both 
front  and  rear  portions,  but  especially  by  employing" a  lono- 
taper  at  rear. 

It  is  apparent  that  when  a  moving  object  sets  up  a  turbulent 
wake  it  causes  some  of  the  fluid  particles  to  move  forward 
after  it.  Behind  the  object,  and  in  front  of  the  turbulence, 
there  is  a  low-pressure  pocket  called  a  “dead  region’' 
Normal  pressure  from  behind  causes  the  turbulent  fliud  to 
move  forward  into  this  region.  In  the  long  run,  the  forward 
momentum  of  this  fluid  can  come  only  at  the  expense  of  the 
moving  object.  The  turbulence  acts  as  a  “drag”  on  the  object’s 
progress.  This  drag  is  minimized  by  shaping  the  moving  object 
so  that  there  is  as  little  irregularity  as  possible  in  the  streamlines 
of  the  fluid  (Fig.  16-7). 


How  may  a  sailing  ship  sail  into  the  wind?  A  sailing  ship 
can  naturally  sail  best  with  the  wind  dead  astern,  and  cannot 
sail  at  all  with  the  wind 

5 


dead  ahead.  How  it  can 
sail  with  the  wind  at  an 
angle  astern  or  ahead  is 
illustrated  by  the  accom¬ 
panying  diagrams. 

In  Figure  15-10  the 
wind  is  astern  but  at  an 
angle  to  the  ship.  The 
wind  exerts  a  force  at 
right  angles  to  the  sail. 
This  force  may  be  re¬ 
solved  into  two  compon 


Fig.  15-10.  Sailing  with  the  wind  astern 
but  at  an  angle  to  the  ship. 


ents  (page  412),  one  in  the  direction  of  the  ship’s  course  the 
other  perpendicular  to  it.  The  perpendicular  component  tends 
to  tip  the  ship  over,  but  is  eventually  neutralized  by  the  keel, 
the  ballast,  and  the  shape  of  the  hull,  so  that  while  the  ship 
continues  to  heel  to  leeward  (away  from  the  wind)  it  is  in 
equilibrium.  The  other  component  drives  the  ship  forward. 
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When  the  wind  is  on  the 
starboard  bow  (Fig.  15-11),  its 
velocity  is  decreased  as  it 
strikes  the  sail.  By  Bernoulli’s 
principle,  this  decrease  in 
velocity  creates  an  increased 
pressure.  According  to  Pas¬ 
cal’s  law  (page  531),  the  in¬ 
creased  pressure  acts  perpendi¬ 
cularly  to  the  sail.  The  result¬ 
ing  force  on  the  sail  may,  as 
before,  be  resolved  into  one 
component  which  heels  the 
ship  to  leeward  and  one  which  drives  it  ahead. 

When  a  ship  is  attempting  to  “beat  to  windward  it  does  so 
by  zig-zagging  across  the  path  of  the  wind,  taking  the  wind 
first  on  one  side  and  then  on  the  other.  This  method  of 
progress,  called  tacking,  is  very  roundabout,  but  is  the  only 
method  by  which  a  sailing  ship  can  move  to  windward.  For 
example,  a  ship  trying  to  reach  a  point  twelve  miles  to  wind¬ 
ward  (Fig.  15-12)  has  to  tack  nearly  24  miles  at  six  knots  to 

attain  its  objective, 
and  thus  takes  some 
four  hours  to  the  trip. 
It  is  actually  ap¬ 
proaching  its  destina¬ 
tion  at  a  speed  of  only 
three  knots,  and  if 
there  happens  to  be  a 
three-knot  tide  run¬ 
ning  with  the  wind 
the  ship’s  crew  is 
merely  indulging  in  a 
very  exhausting  me¬ 
thod  of  standing  still. 

In  a  comparatively 
“tender”  ship  with  a 
tall  sail,  the  tacking 
distance  may  be  re- 


Fig.  15-12.  Beating  to  windward. 
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bow.  The  forward  component  “B”  is 
relatively  small. 
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duced  by  sailing  “close  to 
the  wind”  (Fig.  15-13).  In 
this  case,  Bernoulli’s  prin¬ 
ciple  is  applied  in  still 
another  way.  The  sail  is 
turned  away  from  the  wind 
only  enough  to  fill  the 
tight-hauled  canvass.  The 
curvature  of  the  sail  forces 
the  wind  to  travel  farther, 
and  therefore  faster,  on  the 
leeward  side  of  the  sail 
than  on  the  windward  side. 

The  Bernoulli  effect  thus 
creates  a  difference  of 
pressure  between  the  two 
sides  of  the  sail,  and  the 
result  is  a  usable  cross¬ 
force  on  the  sail. 

How  did  the  necessity  of 
tacking  affect  the  history  of  the 
sail?  Among  the  earliest  sea¬ 
faring  people  were  the  Egypt¬ 
ians,  who  ruled  the  Mediterran¬ 
ean  area  four  thousand  years 
ago.  Their  ships  were  equipped 
with  the  square  sail  (Fig.  15-14). 

This  was  a  rectangular  sheet  of 
cloth  attached  at  the  top  to  a  Courtesy  Vancouver  Sun 

yard  which  was  fixed  at  right  Fig.  15-13.  Sailing  fairly  close  to  the  wind, 

angles  to  the  mast.  The  free 

ends  of  the  sail  were  controlled  by  cords,  and  the  sail  billowed  out  in 
front  of  a  following  wind.  Perfectly  suited  for  running  with  the  wind, 
this  sail  was  practically  useless  for  tacking,  or  even  for  sailing  across  the 
wind.  The  Egyptians  and  their  maritime  successors,  the  Phoenicians, 
partly  overcame  this  difficulty  by  developing  the  lugsail  and  the  lateen. 

The  former  is  a  square  sail,  the  latter  a  triangular  one,  each  set  on  a  yard 
that  is  mounted  at  an  angle  to  the  mast  and  to  the  wind.  Although  these 
developments  gave  the  ship  considerably  greater  freedom,  the  Phoenician 
galley  still  depended  for  motion  into  the  wind  on  banks  of  oars  pulled  by  slaves. 


The  Greeks  improved  the  Phoenician  galley  by  using  a  square-rigged 
mainmast,  an  added  mizzenmast  bearing  a  large  lateen,  and  a  sail  on  the 
bowsprit,  called  a  spritsail.  The  lateen  helped  materially  in  sailing  across 
or  into  the  wind.  For  some  reason,  however,  it  largely  disappeared  during 
the  period  of  Roman  ascendancy,  and  did  not  reappear  until  the  fourteenth 
century,  when  the  city-state  of  Venice  was  the  outstanding  maritime  power. 
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Courtesy  Hudson’s  Bay  Co. 

Fig.  15-14.  A  square  sail. 


Courtesy  Island  Tug  and  Barge 

Fig.  15-1 5a.  A  full-rigged  ship— The  Pamir. 


The  fifteenth  and  sixteenth 
centuries  were  marked  by  the 
rise  of  rival  maritime  nations  in 
Europe,  particularly  the  Span¬ 
ish,  Portuguese,  Dutch,  and 
British.  During  that  time,  sail¬ 
ing  was  revolutionized  by  the 
development  of  the  three- 
masted  ship.  The  early  three- 
master  had  a  tall  mainmast,  a 
shorter  foremast,  and  a  very 
short  mizzen  mast.  Originally, 
there  was  a  single  sail  on  each, 
square  sails  on  the  foremast 
and  mainmast,  and  a  lateen  on 
the  mizzen.  The  foresail  acted 
only  as  a  headsail  to  keep  the 
ship’s  head  off  the  wind.  The 
mainsail  did  most  of  the  driv¬ 
ing,  and  the  lateen  acted  largely 
as  a  steering  sail,  since  the 
rudder  system  then  in  use  was 
cumbersome.  When  it  was 
discovered  that  a  small  spritsail 
would  act  quite  efficiently  as  a 
headsail,  the  foresail  was  en¬ 
larged  and  became  a  driving 
sail.  A  great  increase  in  driving 
power  was  then  obtained  by 
adding  sails  upward  on  the  two 
forward  masts,  while  the  lateen 
was  retained  on  the  mizzen 
mast. 

In  the  late  eighteenth  cen¬ 
tury  a  triangular  jib  replaced 
the  spritsail,  and  a  boom-and- 
qciff  sail  took  the  place  of  the 
lateen.  Various  additions  of 
fore-and-aft  rig  were  adopted 
to  increase  the  ship’s  ability  to 
sail  in  all  kinds  of  winds.  This 
tendency  culminated,  about  the 
year  1850,  in  the  appearance  of 
the  full-rigged  ship.  By  setting 
all  its  many  sails,  which  over¬ 
lapped  and  augmented  each 
other,  at  thin  angles  to  the  line 
of  the  ship,  an  almost  complete 
fore-and-aft  effect  could  be 
obtained,  so  that  the  ship  could 
sail  almost  as  close  to  the  wind 
as  a  fast  yacht,  and  with  almost 
equal  speed. 
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What  changes  in  hull  design 
took  place  during  the  sailing 
ship  period?  The  early  Egyp¬ 
tian  hull  was  a  long  canoe-like 
structure  almost  the  same 
shape  at  each  end.  It  was 
steered  by  a  massive  paddle 
lashed  to  the  stern.  The  larger 
Phoenician  ships,  with  their 
banks  of  oars  and  large  crews 
of  galley  slaves,  had  to  be  built 
broader  in  the  beam,  with  blunt 
bow  and  stern.  The  result  was 
a  considerable  amount  of  drag 
on  the  ship’s  progress  through 
the  water.  With  the  advent  of 
the  three-masted  rig,  the  hull 
was  further  enlarged,  widened 
and  strengthened  to  take  the 
strain  of  the  high  masts.  Some 
of  the  advantage  gained  by  the 


Courtesy  Island  Tug  and  Barge 

Fig.  15-15b.  Four-masted  schooner  with  com¬ 
plete  fore-and-aft  rig — The  Lollie  Bennett. 


greater  driving  power  of  the  sails 


was 


thus  lost  through  the  bulky  nature  of  the  hull.  The  adoption  of  the  stern 
rudder  produced  a  square  stern  design  which  was  an  even  greater  factor 
in  creating  drag. 


The  greater  ease  with  which  a  “fine”  ship 
could  be  driven  through  the  water  was 
discovered  during  the  latter  part  of  the 
eighteenth  century  when  the  small  yacht 
with  its  fine  clean  lines  was  being  developed. 
This  emphasis  on  fine  lines — what  we  now 
call  streamlining — found  its  way  into  the 
design  of  the  full-rigged  ship.  It  reached  its 
greatest  development  in  the  long,  narrow, 
deep-keeled  clipper  ship,  for  it  was  found 
that  a  sharp  prow  (Fig.  15-16a),  sloping 
forward,  with  a  concave  sheer,  cut  the  sur¬ 
face  of  the  water  with  much  less  resistance 
than  the  convex  bows  of  earlier  ships.  A 
flattened,  under-cut  stern  (Fig.  15-16b)  also 
reduced  resistance  greatly.  The  hulls  of 
most  steamships,  and  all  battleships,  today 
are  refinements  of  the  clipper  ship  hull. 

Another  refinement  that  decreased  the 
water  resistance  of  the  later  sailing  ships 
was  the  “carvel-built”  nature  of  their  hulls, 
as  opposed  to  the  “clinker-built”  character 
of  the  earlier  hulls.  In  the  latter  the  plank¬ 
ing  is  overlapped  at  the  edges,  while  in  the 
le  P'^ks  are  laid  flush  edge  to  edge. 
Adoption  of  the  carvel-built  hull  accom¬ 
plished  a  considerable  reduction  in  the  sur¬ 
face  friction  between  the  hull  and  the  water. 

The  clipper  ship.  The  clipper  ships  were 
the  swiftest  as  well  as  being  the  most 


Courtesy  Island  7  u.g  arid  3arge 


Fig.  15- 16a.  Sharp  prows  typical 
of  clipper  hulls. 
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Fig.  15-16b.  Flattened,  undercut  sterns  typical 
of  clipper  ships. 


Fig  15-17.  A  four-masted  barque  in  a  55-knot 
gale  off  Cape  Flattery,  Jan.,  1946.  The  Pamir. 


beautiful  and  romantic,  sailing 
ships  in  maritime  history.  They 
were  an  American  development, 
starting  with  the  493-ton  Anne 
Me  Kim,  built  in  1832,  and  reach¬ 
ing  4555  tons  in  the  Great 
Republic,  built  in  1853.  They 
were  all  full-rigged  ships.  The 
Great  Republic  was  the  first  ship 
to  be  rigged  as  a  four-masted 
barque  (Fig.  15-17)  and  in  its 
day  was  the  largest  ship  afloat. 
British  builders,  following  the 
American  design,  produced  for 
the  China  trade  such  famous 
tea-clippers  as  the  Cutty  Sark 
and  the  Thermopylae. 

These  ships  developed  their 
great  speed  because  in  them  the 
use  of  fine,  long  lines  and  a 
tremendous  spread  of  canvas 
was  brought  to  its  greatest 
development.  Their  speed  re¬ 
cords  on  the  China  and  Australia 
runs  were  broken  only  after  the 
steamship  had  enjoyed  a  con¬ 
siderable  period  of  development. 
They  were  queens  of  the  sea 
for  twenty-five  years,  carrying 
millions  of  tons  of  freight  all 
over  the  world,  and  taking 
thousands  of  passengers  around 
the  Horn  to  the  California  gold 
rush  and  to  Australia. 

The  construction  of  the  Suez 
Canal  and  of  the  first  American 
transcontinental  railway  in  1869 
sounded  the  doom  of  the  clipper 
ships.  Steamships  could  pass 
through  the  canal,  and  their 
route  to  China  and  Australia 
became  five  thousand  miles 
shorter  than  the  clipper  route. 
Otilv  one  of  the  clippers  remains 
afloat  today.  The  Cutty  Sark, 
last  of  the  British  clippers,  lies 
in  Falmouth  Harbour  in  England. 
In  August,  1945,  the  New  Zealand 
four-masted  barque  Pamir  sailed 
into  the  Canadian  port  of  Van¬ 
couver  on  the  wheat  run  from 
Australia.  The  crowds  of 
people  who  visited  her  proved 
that,  although  she  is  one  of  the 
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two  last  survivors  of  a  vanish¬ 
ing  race,  the  romantic  appeal  of 
the  great  sailing  ships  is  still 
strong. 

Who  invented  the  steam¬ 
ship?  Storms  of  controversy 
have  raged,  and  voluminous 
books  have  been  written,  con¬ 
cerning  the  origin  of  the  steam¬ 
ship.  It  is  definitely  known, 
however,  that  in  1786  James 
Ramsey  built  a  boat  which  was 
driven  by  means  of  a  steam 
pump  at  about  four  miles  per 
hour  on  the  Potomac  River.  It 
was  a  sort  of  primitive,  jet- 
propelled  steamboat.  In  1790, 
on  the  Delaware  River,  John 
Fitch  produced  a  cumbersome 
affair  in  which  a  crude  steam 
engine  drove  a  flailing  arrange¬ 
ment  of  curved  paddles.  In 
1802,  Thomas  Symington’s  stern-paddle  steam  tugboat,  Charlotte  Ditndas 
stirred  up  such  a  wash  on  the  Forth  and  Clyde  Canals  that  an  ordinance 
was  passed  preventing  its  further  use.  It  remained  for  Robert  Fulton  to 
promote  the  steamship  successfully.  In  a  sense,  he  was  not  the  inventor 
of  his  ship,  for  he  used  a  Boulton  and  Watt  steam  engine  and  paddle 
wheels  like  those  of  the  Charlotte  Dundas.  He  is  historically  important 

ve^TrsJ 1voyaie"iOn'l807<:ame  *  SUCCeSsful  Passenger  ship  from  its 
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Fig.  15-18.  S.S.  International,  a  stern-caddie 
passenger  ship. 


The  first  Canadian  steamer,  the  Accommodation,  was  built  on  the 
St.  Lawrence  in  1809.  It  was  followed  in  a  few  years  by  the  Frontenac 

HudCsonPRiverC  ”  SUCCessfulIy  on  Lake  0ntario  as  did  th  Jdermont  on  the 


What  were  the  early 
ocean-going  steamships 
like?  The  first  steam- 
powered  ocean-going 
vessel  was  the  Phoenix 
which  started  plying 
between  Hoboken  and 
Philadelphia  in  1809. 
Scotland  followed  suit 
in  1811  with  the  Cornet. 
The  construction  of 
many  similar  little  ships 
on  the  Clyde  started 
the  famous  Scottish 
ship-building  industry. 

These  early  ships 
were  all  side-paddled 
and  completely  or  par¬ 
tially  rigged  for  sail. 


Courtesy  B.  C.  Provincial  Archives 


Fig.  15-19.  The  Commodore  used  both  side-paddles  and  sails 
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The  first  steamship  to  cross  the  Atlantic  was  the  American  Savannah 
which  made  the  crossing  in  1818.  She  used  her  engines  for  only  three  of 
the  thirty  days  it  took  her  to  make  the  voyage.  The  rest  of  the  time  she 
was  under  full-rigged  sail.  Her  time  of  thirty  days  did  not  compare  very 
favourably  with  that  of  the  clipper  ships,  some  of  wThich  could  make  the 
crossing  in  thirteen  days.' 

The  British-built  Curacao,  sailing  under  Dutch  registry  from  Rotterdam 
in  1827,  reached  the  West  Indies  one  month  later,  having  used  steam  power 
all  the  way.  In  1833  the  Canadian  Royal  William,  using  steam  power  alone, 
made  the  crossing  in  twenty-five  days.  She  was  not  a  very  successful  ship, 
and  her  Atlantic  voyage  was  solely  for  the  purpose  of  selling  her 
in  Europe. 

Transatlantic  service  was  irregular  and  undependable  until  after  1840, 
when  Samuel  Cunard  brought  about  a  revolution  in  shipbuilding  with  his 
idea  of  sister-ships.  Even  then,  steamships  were  small  and  slow,  and 
required  so  much  space  for  fuel  storage  that  their  passenger  accommoda¬ 
tion  was  reduced  below  that  of  the  equally  speedy  and  reliable  sailing 
packets.  The  successful  and  permanent  establishment  of  regular  ocean 
steamship  service  depended  not  on  the  construction  of  more  ships,  but  on 
reduction  of  their  coal  consumption,  increasing  the  efficiency  of  their 
engines,  and  the  development  of  some  more  efficient  propulsion  device 
than  the  paddle-wheel. 

The  improvement  of  steamships  took  much  the  same  course  as  progress 
in  other  fields  of  transportation.  At  times,  one  improvement  led  directly 
to  another;  at  others,  one  improvement  became  practical  only  after 
another  new  device  was  developed.  The  screw  propeller,  a  much  more 
efficient  propulsive  device  than  the  paddle-wheel,  became  useful  only  after 
the  older  beam-engine  was  replaced  by  the  multiple-cylinder  crank-shaft 
engine.  Triple  and  quadruple  expansion  engines  made  possible  great 
saving  in  fuel.  Development  of  the  marine  condenser  and  the  water-tube 
boiler  did  away  with  storage  of  water  for  steam  generation.  These  two 
improvements,  coupled  with  more  efficient  engine  design,  increased  both 
the  range  of  the  vessels  and  their  carrying  capacity.  Rapid  development 
of  the  steel  industry  eventually  eliminated  wooden  hulls,  and  made  it 
possible  to  build  stronger  and  lighter  ships  of  much  greater  size.  By  the 
end  of  the  nineteenth  century  the  steamship  was  firmly  established  in 
world  transportation,  and  the  industry  was  financially  ready  and  in  the 
proper  expansive  mood  for  the  accelerated  development  of  the  present 
century. 

The  modern  steamship.  The  last  forty  years  have  witnessed 
great  advances  in  the  field  of  ship  building.  These  have  been 
concerned  with  design  of  hull  and  superstructure,  efficiency  of 
engines,  speed  and  tonnage  of  vessels,  and  comfort  of  passen¬ 
gers.  At  the  same  time  such  emphasis  has  been  placed  on 
safety  that  the  modern  liner  is  almost  entirely  safe  from  the 
various  natural  hazards  formerly  associated  with  sea-faring. 

Tonnage.  At  the  turn  of  the  century  the  largest  liners  had 
a  displacement  of  no  more  than  15,000  tons.  Today,  10,000-ton 
vessels  are  fairly  common,  and  the  Queen  Elizabeth,  largest  ship 
afloat,  has  a  tonnage  of  85,000. 
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OESTPOYEP  -  TP/BAL  CLASS 


BATTLESHIP  -  JdlAJG  GEOZ.GE  3ZT  CLASS 

Fig.  1 5-20a.  Compare  the  water  outlines  of  destroyer  and  battleship.  Which 
ship  is  more  dependent  upon  speed? 


Hull  design.  Modem  hull  design  varies  considerably  with 
the  function  of  the  ship.  Although  the  clipper  bow  has  largely 
given  place  to  the  straight  stem,  a  forward  sloping  stem  has 
reappeared  in  the  most  modern  design  as  a  result  of  scientific 
analysis  of  the  problem  of  reducing  bow-wave  and  other  drags 
on  the  ship’s  motion.  That  the  principle  of  streamlining  Is 
used  can  be  seen  from  the 
water-line  outlines  of  all 
modern  fast  ships  (Fig. 

15-20a)  and  the  under-cut 
stern  parts  of  most  vessels 
(Fig.  15-1 6b).  Freighters 
depart  somewhat  from 
strict  streamlining;  their 
bluff  bows  and  more  rect¬ 
angular  outlines  indicate  a 
compromise  between  cargo 
capacity  and  finer  lines. 


The  standard  steel  hull 
consists  of  steel  plates  held 
in  place  by  rivets.  During 
World  War  II,  the  need 
for  speedy  construction  led 


Fig.  15-20b. 


Courtesy  Burrard  Dry  docks 
Modern  freighter. 
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to  the  development  of  welded  hulls.  The  consequent  elimina¬ 
tion  of  rivet  heads  also  brought  about  a  noticeable  reduction 
of  “skin  friction”. 

Superstructure.  The  knowledge  of  streamlining  gained  in 
designing  aeroplanes  and  automobiles  has  found  its  way  into 
ship-building.  The  public  taste  for  outside  cabins  has  been 
accommodated  through  a  continuous  enlargement  of  the  super¬ 
structures  of  modern  liners.  As  a  result,  it  has  been  necessary 
to  streamline  the  upperworks  to  reduce  wind  resistance,  which 
is  a  not  inconsiderable  factor  in  a  large,  fast  ship.  Improved 
streamlining  will  probably  be  one  of  the  interesting  aspects  of 
future  design,  continuing  the  trend  set  by  the  designers  of  the 
Normandie. 

Engines.  The  turn  of  the  century  saw  the  successful  intro¬ 
duction  of  the  steam  turbine.  Many  ships  now  use  a  combina¬ 
tion  of  reciprocal  steam  engines  and  turbines.  The  turbines 
use  the  exhaust  from  triple-ekpansion  reciprocal  engines, 
thereby  effecting  a  great  economy  in  fuel  consumption.  Many 
modern  liners,  as  well  as  battleships  of  both  British  and 
American  Navies,  employ  a  turbo-electric  drive  which  may  be 
compared  with  the  diesel-electric  principle  used  in  railway 
locomotives  (page  498). 

During  the  past  twenty-five  years,  perfection  of  the  diesel 
engine  has  occasioned  a  radical  departure  in  ship  engines.  The 
diesel-powered  “motorship”  is  taking  a  growing  part  in  the 
shipping  industry.  The  cheapness  and  cleanliness  of  its 
operation,  the  elimination  of  boilers,  condensers  and  other 
bulky  subsidiary  attachments  of  the  steamship,  and  the  further 
saving  in  cargo  space  which  results  from  the  compactness  of  the 
diesel  engine,  have  led  to  its  increasing  use  in  cargo  vessels. 
It  has  been  adopted  with  conspicuous  success  in  such  passenger 
liners  as  New  Zealand’s  Aorangi,  the  Swedish  Gripsholm,  and 
the  32,700-ton  Italian  liner  Augustus.  The  relative  merits  of 
steamship  and  motorship  still  form  a  topic  of  lively  discussion, 
and  each  certainly  has  very  definite  advantages. 

Propellers.  The  early  screw-propellers  were  made  of  iron 
and  steel.  They  not  only  corroded  rapidly  but  also  lacked  the 
elasticity  required  to  withstand  the  constant  torque  to  which 
the  propeller  is  subjected.  The  modern  screw  is  made  of 
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bronze,  which  withstands 
rhythmical  torque  much 
better  and  is  relatively  free 
from  corrosion. 

The  use  of  multiple 
screws  reduces  vibration  in 
a  ship  by  distributing  the 
torque  on  the  shafts  in 
much  the  same  way  as  the 
multi-cylinder  engine  cuts 
down  crankshaft  vibration 
in  automobiles.  It  is  also 
advantageous  in  steering. 

The  ship  can  be  steered  by 
the  screws  alone  by  slow¬ 
ing  or  reversing  the  pro¬ 
pellers  on  one  side  of  the 
ship.  This  method  is  par¬ 
ticularly  useful  in  berth¬ 
ing  or  casting  off  a  ship  as 
all  vessels  answer  their 
helms  very  poorly  in  re¬ 
verse.  Although  many 
freighters  are  still  built 
with  a  single  screw,  even  the  smaller  passenger  ships  commonly 
employ  a  twin-screw  design,  and  some  large  liners  have  as  many 
as  seven  propellers. 

Safety  design.  The  risks  attached  to  sea  travel  are  extremely 
low  compared  to  what  they  were  even  fifty  years  ago.  One  of 
the  greatest  advances  in  this  respect  has  been  in  the  design  of 
the  hull,  which,  in  the  modern  ship,  is  built  to  withstand 
terrific  stresses.  The  double  bottom,  with  water-tight  bulk¬ 
heads  distributed  throughout  the  hull,  will,  in  the  vast  majority 
of  cases,  keep  the  ship  afloat  even  when  holed  by  collision  with 
icebergs  or  other  ships.  During  World  War  II  an  American 
heavy  cruiser  travelled  a  thousand  miles  to  make  port  in 
Australia  after  having  her  entire  bow  blasted  off  by  a  torpedo. 

Navigation.  The  master  of  a  ship  is  confronted  by  two 
general  problems.  First,  he  must  be  able  to  determine  the 


Courtesy  Royal  Canadian  Navy 

Fig.  15-21.  Multiple  propellers  of  Queen  Eliza¬ 
beth.  Note  arrangement  of  propellers  and 
shape  of  keel. 
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position  of  his  ship  and  the  course  he  must  steer  to  reach  his 
objective.  The  science  which  enables  him  to  solve  this  problem 
is  called  navigation.  Secondly,  he  must  be  able  to  handle  the 
ship  with  such  skill  that,  in  any  weather  and  under  any  condi¬ 
tions,  he  can  follow  the  calculated  course.  This  ability  is 
known  as  seamanship. 

When  the  weather  is  fine  and  visibility  good,  a  ship  may  be 
navigated  in  familiar  waters  by  visual  means.  The  navigator’s 
chief  requirement  under  these  conditions  is  his  ability  to 
recognize  landmarks.  Even  in  unfamiliar  regions  similar 
methods  may  be  used  if  the  navigator  has  reliable  charts  and 
the  ability  to  read  them. 

On  the  open  sea  where  there  are  no  landmarks,  or  under 
conditions  of  poor  visibility,  there  are  three  other  methods 
which  may  be  used  to  fix  the  ship’s  position.  The  first 
possibility  is  the  use  of  bearings.  The  second  is  determination 
of  the  ship’s  latitude  and  longitude  from  observations  of  sun 
or  stars.  The  third  method,  used  generally  as  a  last  resort, 
is  the  procedure  referred  to  as  “dead  reckoning’’. 

What  is  a  bearing?  The  direction  of  one  place  from  another 
is  called  its  bearing.  The  clockwise  full-circle  method  of  indi¬ 
cating  bearing,  used  in  air  navigation  and  in  military  map 
reading,  has  now  been  generally  adopted  also  in  marine 

navigation.  Thus  a  point  A  which 
is  northeast  of  point  O  (Fig. 
15-22)  is  said  to  have  a  bearing 
from  O  of  045  degrees;  a  point  B, 
due  south  of  O,  180  degrees;  a 
point  C,  northwest  of  O,  315 
degrees. 

The  fact  that  bearings  are  direc¬ 
tions  measured  by  a  compass  raises 
complications.  The  direction  of 
the  earth’s  geographical  north 
pole  is  called  True  North.  A 
compass  needle,  however,  is  not 
attracted  toward  this  pole  but 
toward  the  earth’s  magnetic  pole. 
The  direction  of  this  magnetic 


Fig.  15-22.  A  bearing  is  ex¬ 
pressed  in  degrees  measured 
in  clockwise  direction  from 
“True  North’’. 
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pole  is  Magnetic  North,  and  the  angle  between  it  and  True 
North  is  the  magnetic  variation.  Since  this  angle  changes  as 
one  tiavels  from  point  to  point  on  the  earth’s  surface,  marine 
char  ts  must  show  the  variation  at  any  given  place. 

Again,  although  a  compass  needle  is  attracted  by  the  earth’s 
magnetic  pole,  it  seldom  actually  points  to  the  Magnetic  North. 
Magnetic  fields  set  up  by  the  iron  parts  and  electrical  equip¬ 
ment  of  the  ship  also  affect  the  needle.  The  direction  in  which 
the  compass  needle  actually  points  is  therefore  called  Compass 
North,  and  the  angle  between  this  direction  and  Magnetic 
North  is  the  compass  deviation.  Deviation  is  a  particular 
characteristic  of  a  particular  compass  mounted  in  a  particular 
position  on  a  particular  ship.  It  also  varies  with  the  course 
which  is  being  steered.  Each  compass  is  therefore  provided 
with  a  table  showing  its  deviation  for  any  observed  course. 

Corresponding  with  the  three  different  Norths,  there  are,  of 
course,  three  types  of  bearings:  (1)  compass  bearings,  (2)  mag¬ 
netic  bearings,  and  (3)  true  bearings.  The  navigator  must  take 
into  account  the  fact  that  bearings  shown  on  his  charts  are  true 
bearings,  while  his  compass  observations  and  his  instructions 
to  the  helmsman  are  compass  bearings.  Space  does  not  permit 
a  full  discussion  of  the  method 
of  converting  one  type  of  bear¬ 
ing  to  another,  but  the  accom¬ 
panying  chart  (Fig.  15-23)  gives 
some  idea  as  to  how  it  is  done. 

How  is  a  position  fixed  by 
means  of  bearings?  If  a  navi¬ 
gator  can  obtain  the  bearing  of 
his  ship  from  each  of  two 
known  positions  on  his  chart, 
he  can  draw  two  intersecting 
lines  (Fig.  15-24)  and  obtain  a 
“fix”.  Suppose,  for  example, 
that  the  navigator  of  a  ship  at 
the  point  P  wishes  to  mark  his 
position  on  the  chart  and  plot  a 
course  to  pass  safely  between 

the  islands  and  the  mainland,  “bearings”.  There  are  three  types  of 
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By  means  of  radio  direction- 
finding  equipment  carried  by 
the  ship,  he  finds  that  the 
bearing  of  a  radio  beacon  at 
M  is  060  degrees.  By  adding 
180  degrees  he  obtains  the 
“reverse  bearing”  of  the  ship 
from  M.j  namely,  240  degrees. 
On  his  chart  he  now  draws  a 
line  from  M  in  that  direction. 
A  second  observation  shows 
the  bearing  of  another  radio 
beacon  at  N  to  be  125  degrees. 
He  therefore  draws  on  the 
chart  a  line  from  AT  in  a  direc¬ 
tion  of  305  degrees.  The  point 
of  intersection  of  the  two  lines 

Fig.  15-24.  Method  used  to  chart  the  is  the  position  of  the  ship, 
course  of  a  ship.  The  navjgator  can  now  set 

a  course  of  045  degrees  to  bring  the  ship  to  the  point  A.  By 
using  the  R.P.M.  indicator  of  the  engines  and  other  devices  by 
which  the  ship’s  speed  can  be  accurately  determined,  he  can 
determine  within  a  small  margin  of  error  the  time  of  arrival 
at  A.  He  then  sets  a  course  of  330  degrees,  proceeds  to  point  B , 
changes  course  to  030  degrees  and  continues  on  his  way. 

It  will  be  noticed  that  the  entire  procedure  just  described 
could  be  carried  out  equally  well  in  daylight  or  dark,  in  thick 
fog  or  blinding  snowstorm.  In  foul  weather,  the  increasing  use 
of  radio  beacons  is  thus  a  great 
boon  to  marine  navigators. 


How  is  a  ship’s  latitude 
determined?  For  purposes  of 
navigation,  the  latitude  of  any 
point  is  defined  as  the  angle 
between  the  radius  of  the  earth 
through  that  point  and  the 
radius  through  the  equator. 
Thus,  the  latitude  of  the  point 
P  (Fig.  15-25)  is  the  angle  EOP. 


Fig.  15-25.  Latitude  diagram. 


WATER  TRANSPORTATION 


555 


On  June  21st,  the  sun  is  at  the  Tropic  of  Cancer.  This 
means  that  its  rays  strike  the  surface  of  the  earth  at  right  angles 
at  latitude  231  degrees  North  (angle  EOJ).  Since  the  sun  is 
far  enough  from  the  earth  that  its  rays  may  be  considered  to  be 
parallel,  the  ray  SP  from  the  sun  to  the  point  P  is  parallel  to  JO. 
The  angle  ZPS  is  therefore  equal  to  the  corresponding  angle 
POJ.  Now  angle  EOP,  which  is  the  latitude  of  the  point  P,  is 
the  sum  of  angle  EOJ,  which  is  known,  and  angle  PO J.  There¬ 
fore,  if  an  observer  at  P  could  measure  angle  ZPS,  he  would 
then  merely  have  to  add  the  231  degrees  of  angle  EO J  to  find 
the  latitude  of  his  position. 

What  is  this  angle  ZPS  which  the  observer  at  P  would  like  to 
measure?  For  him,  the  point  Z  is  directly  overhead;  it  is  the 
zenith.  The  line  PS  is  the  direction  of  the  sun  at  noon  when 
it  is  highest  in  the  sky.  The  angle  ZPS  is  thus  the  angle 
between  the  zenith  and  the  highest  elevation  of  the  sun.  This 
is  called  the  zenith  distance.  It  cannot  conveniently  be 
measured  directly,  but  it  is  quite  a  simple  matter  to  obtain  it 
indirectly.  The  angle  HPS  is  the  angle  between  the  horizon 
at  P  and  the  elevation  of  the  noon  sun.  This  angle,  called  the 
sun’s  “altitude”,  may  be  measured  by  means  of  a  sextant.  Since 
the  line  OPZ  is  perpendicular  to  the  horizon  line  HR,  the 
required  angle  ZPS  is  obtained  by  subtracting  the  altitude  of 
the  noon  sun  from  90  degrees.  Adding  the  231  degrees  of 
angle  EOJ  then  gives  the  latitude  of  P. 

In  this  description  we  have  assumed  that  the  sun  is  directly 
overhead  at  latitude  231  degrees  North,  the  Tropic  of  Cancer 
This  is  true  only  on  June  21st.  By  September  22nd,  the  noon 
sun  is  overhead  at  the  Equator,  on  December  21st  at  the  Tropic 
of  Capricorn  (231°  S.),  and  on  March  21st  at  the  Equator 
again.  Thus  the  angle  EOJ,  which  is  called  the  declination  of 
the  sun  is  continually  changing.  Its  value  for  each  day  of  the 
year  is  listed,  however,  in  the  Nautical  Almanac,  and  latitude 
may  be  calculated  on  any  day  by  combining  the  zenith  distance 
of  the  noon  sun  and  the  declination  for  that  day. 

In  summary,  here  are  the  steps  for  finding  the  latitude  of 
any  point  in  the  Northern  Hemisphere: 

(1)  Use  a  sextant  to  measure  the  sun’s  altitude  at  noon. 

(2)  Subtract  this  angle  from  90°  to  get  the  zenith  distance. 


556 


SCIENCE  AND  PROGRESS 


(3)  From  the  Nautical  Almanac  find  the  sun’s  declination. 

(4)  Between  March  21st  and  September  21st,  add  zenith 
distance  and  declination  to  get  latitude. 

(5)  Between  September  22nd  and  March  20th,  subtract 
declination  from  zenith  distance  to  get  latitude. 

For  latitudes  in  the  Southern  Ffemisphere,  the  method  is 
similar,  but  steps  (4)  and  (5)  are  reversed. 

At  night,  latitude  in  the  Northern  Hemisphere  may  be  even 
more  simply  calculated  with  reference  to  Polaris,  the  North 
Star.  The  North  Pole  always  points  directly  toward  this  star, 
which  therefore  seems  to  have  a  fixed  position  in  the  heavens 
while  the  other  stars  appear  to  rotate  around  it.  The  student 
may  easily  draw  a  diagram  to  show  that  the  latitude  of  any 
point  P  is  equal  to  the  altitude  of  Polaris  as  observed  at  that 
point. 

If,  in  a  partly  cloudy  sky,  Polaris  is  obscured,  a  trained 
navigator  can  observe* the  altitude  of  any  other  star  and 
calculate  from  it  the  altitude  of  Polaris.  A  navigator  must 
therefore  be  able  to  recognize  the  stars  in  any  observable  area 
of  sky,  however  small. 

How  is  a  ship’s  longitude  determined?  Although  the  precise 
calculation  of  longitude  is  subject  to  some  complications,  the 
general  principle  is  a  simple  one.  As  the  earth  turns  on  its 
axis  once  every  twenty-four  hours,  the  three  hundred  and  sixty 
meridians  of  longitude  pass  under  the  sun  in  procession  from 
west  to  east,  fifteen  each  hour.  Noon  at  any  given  place  is  the 
time  when  the  meridian  of  that  place  passes  under  the  sun. 
At  this  instant  the  sun  appears  to  reach  its  highest  elevation, 
called  its  right  ascension.  The  ship  carries  a  chronometer 
which  registers  Greenwich  mean  time,  which  is  the  time  of  day 
at  Greenwich,  England,  whose  meridian  is  numbered  zero. 
Thus,  if  the  navigator  of  a  ship  observes  that  the  sun  reaches 
its  right  ascension  when  the  chronometer  reads  three  o’clock  in 
the  afternoon,  the  ship’s  longitude  is  forty-five  degrees  West. 
At  night,  the  right  ascensions  of  stars  may  be  used  to  obtain 
the  same  result. 

What  is  dead  reckoning?  In  spite  of  its  spelling,  the  term 
“dead  reckoning”  arose  originally  as  a  contraction  of  “deduced 
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Reckoning  .  It  is  the  process  of  deducing  the  ship’s  position 
horn  a  known  previous  position  and  the  known  speed  and 
direction  of  its  subsequent  motion.  It  is  the  most  difficult  of 
the  navigator  s  arts,  for  the  speed  and  direction  of  the  ship  are 
not  constant,  but  are  continuously  affected  by  such  extremely 
vanable  factors  as  wind,  tide  and  ocean  currents.  Navigation 
by  dead  reckoning  is  relied  upon  only  when  conditions  make 
it  impossible  either  to  obtain  visual  or  radio  bearings  or  to 
obseive  the  latitude  and  longitude.  As  radio  beacons  become 
moie  numeious  and  more  powerful,  the  necessity  for  navigatino 
by  dead  reckoning  arises  less  frequently;  yet  a  ship’s  officer  must 
be  ready  at  any  time  to  resort  to  this  method,  for  he  never 
knows  when  conditions  may  arise  that  make  it  his  only  possible 
means  of  keeping  track  of  the  ship’s  position.  It  is  lamely  for 
this  reason  that  every  detail  of  a  ship’s  movements  is  carefullv 
recorded  m  the  ship’s  log. 

What  modern  navigation  aids  contribute  to  marine  safety? 

.  gieat  vaiiety  of  devices  are  used  to  make  marine  navigation 
easier  and  more  reliable.  Some  of  these  have  been  developed 
from  practical  experience  over  a  long  period  of  years.  Others 
have  come  from  the  laboratories  of  the  physicist  and  the  experi¬ 
mental  engineer.  Anti-aircraft  and  anti-submarine  devices 
developed  during  war-time  are  in  many  cases  converted  to 
peace-time  use  as  navigation  aids. 

Lights.  In  any  well  charted  region,  all  shoals,  reefs,  points 
of  land,  and  other  similar  dangers  are  clearly  marked  by  lioffit- 
houses,  lightships,  buoys,  or  other  floating  or  fixed  devices.0 At 
night,  these  markers  are  lighted,  sometimes  with  single  steady 
lghts,  sometimes  with  coloured  lights,  combinations  of  lio-hts 
or  blinking  lights.  The  location  of  each  marker  and°the 
c  laiactenstics  of  its  lights  are  recorded  on  the  navigator’s  charts. 

Fog  horns.  When  fog,  snow,  or  sleet  reduces  visibility 
dangei  spots  must  be  marked  by  something  other  than  visual 
means.  The  fog  horn  is  often  used  for  this  purpose.  The 
particular  marker  is  identified  by  its  pitch  and  by  the  period  of 
time  between  its  sounds. 

The  ship’s  own  whistle  also  functions  as  a  fog  horn  in  two 
ways.  First,  it  warns  other  ships  of  the  vessel’s  presence. 
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Secondly,  its  echo  is  used  to  determine  the  ship  s  distance  from 
shore.  This  use  of  the  whistle  is  very  necessary  in  negotiating 
narrow  coastal  passages. 

Invisible  beacons.  We  have  already  referred  to  the  valuable 
use  of  radio  beacons  in  navigation.  In  harbours  and  coastal 
waters,  infra-red  rays  are  used  in  a  similar  fashion.  Invisible 
to  the  eye,  these  rays  can  be  picked  up  by  electronic  receiving 
devices.  They  are  able  to  penetrate  many  miles  of  fog,  and 
ships  which  are  equipped  to  detect  them  may  use  them  in  the 
same  manner  as  a  beacon  light. 

Sonic  devices.  The  fact  that  water  is  an  excellent  conductor 
of  sound  waves  is  used  in  some  navigation  apparatus.  Some 
radio  beacons  send  out  a  submarine  sound  at  the  same  time  as 
the  radio  signal.  The  time  interval  between  the  arrival  of  the 
two  signals  at  the  ship  enables  the  navigator  to  determine  the 
distance  from  the  beacon.  In  a  similar  way,  sound  waves 
emitted  from  the  bottom  of  the  ship  and  reflected  from  the 
ocean  floor  are  used  in  sounding  for  depth.  Sound  reception 
devices  developed  as  anti-submarine  equipment  for  naval 
vessels  are  also  used  for  protection  against  ice-bergs. 

The  leader  system.  Entry 
into  harbours  during  foggy 
weather  is  sometimes  aided 
by  a  device  known  as  a 
leader.  A  submarine  cable 
laid  in  the  channel  to  be 
used  carries  a  strong  alter¬ 
nating  current.  The  re¬ 
sulting  electromagnetic 
waves  sent  out  by  the  cable 
are  picked  up  by  receiving- 
devices  on  both  sides  of 
the  ship.  By  synchronizing 
these  waves,  the  ship  is 
enabled  to  “ride  the  cable” 
into  the  harbour.  Two 
cables  are  usually  laid,  one 
for  incoming  and  one  for 
outgoing  ships. 


Courtesy  General  Electric  Co. 


Fig.  15-26.  New  electronic  navigator  sends  out 
radar  impulses  which  detect  obstacles  in  the 
path  of  the  ship  as  far  as  30  miles, 
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Radar.  One  of  the  most  wonderful  war-time  inventions  was 
radar  (radio  direction  and  range).  This  device  enables  the 
observer  to  detect  airplanes,  submarines,  or  other  solid  objects 
when  they  are  miles  away,  and  discover  their  position,  speed, 
and  direction  of  motion.  It  offers  extraordinary  possibilities 
for  future  application  to  both  air  and  marine  navigation. 

Radio  weather  reports.  In  earlier  days,  the  ship’s  officers 
were  usually  unable  to  predict  the  arrival  of  a  storm  until  too 
late  for  effective  measures  to  be  taken.  Today  the  government 
meteorological  services  can  broadcast  the  position  of  a  storm 
centre,  describe  its  intensity,  and  predict  within  very  close 
limits  its  probable  path.  Ships’  officers,  on  their  part,  supply 
the  meteorological  offices  with  much  valuable  information  as 
to  wind  velocities,  cloud  conditions,  and  barometer  readings. 
Close  co-operation  between  ship  and  shore  has  greatly  reduced 
the  hazards  of  unexpected  bad  weather. 

Signalling  at  sea.  Besides  their  regular  communication  with 
the  meteorological  stations,  ships  at  sea  are  constantly  in  touch 
with  each  other  by  radio.  Emergency  situations  of  all  kinds 
can  thus  be  immediately  reported  to  the  nearest  source  of  relief. 

Ship  to  ship  telephone  is  becoming  a  common  device.  Ship 
to  shore  telephone  serves  not  only  liners  but  also  such  small 
coastal  craft  as  tugboats  and  fishing  craft.  Because  of  the  multi¬ 
tude  of  such  vessels  that  ply  the  coastal  waters  of  British 
Columbia,  the  ship  to  shore  telephone  service  operating  out  of 
Vancouver  carries  a  heavier  volume  of  calls  than  any  other  in 
the  world  with  the  exception  of  that  in  New  York  harbour. 

All  commeicial  and  naval  craft  also  carry  signal  lamps  and 
flags  for  communication  with  ships  not  equipped  with  radio. 
These  devices  act  also  as  a  safety  precaution  against  the  possi¬ 
bility  of  electrical  failure  which  might  silence  the  ship’s 
own  radio.  r 
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Activities 

A 

1.  Problem — To  study  hydrostatic  pressure. 

Using  the  standard  Pascal  Vessel,  show  that  pressure  is  independent 
of  the  shape  of  the  vessel  by  filling  the  various  vessels  with  water  to  a 
fixed  depth  and  recording  the  pressure  at  the  bottom  of  each. 

2.  Problem — To  show  that  the  pressure  at  any  point  in  a  fluid  is  the 
same  in  all  directions. 

The  apparatus  required  includes  a  glass  vessel  at  least  a  foot  deep  (a 
large  battery  jar  is  suitable),  a  thistle  tube,  a  piece  of  thin  elastic  mem¬ 
brane  such  as  balloon  rubber,  a 
board,  a  U-tube,  about  two  feet  of 
rubber  tubing,  and  a  metre  stick. 

Fill  the  jar  nearly  full  of  water. 
Bend  the  thistle  tube  as  shown  in 
the  diagram  (Fig.  15-27)  and  fasten 
the  membrane  tightly  over  its 
mouth.  Fasten  the  U-tube  against 
the  board  with  a  scale  pasted  beside 
it,  as  shown,  and  use  the  rubber 
tubing  to  connect  it  with  the  thistle 
tube.  Put  a  small  quantity  of  mer¬ 
cury  or  coloured  water  in  the 
U-tube. 

Insert  the  covered  mouth  of  the 
thistle  funnel  to  a  depth  of  eight  or 
ten  inches  under  the  water  in  the 
jar.  Using  the  metre  stick  to  keep 
the  membrane  at  a  constant  depth, 
rotate  the  thistle  tube,  and  record 
the  pressures  observed  with  the 
tube  in  various  positions.  Do  the 
pressures  vary?  If  they  do,  what 
could  account  for  the  variation? 

*3.  Problem — To  verify  the  laws  of  floating  bodies. 

Procure  a  rectangular  block  of  wood  whose  dimensions  are  approxi¬ 
mately  5X10X15  centimetres.  Weigh  it,  and  find  its  specific  gravity. 
Along  one  edge  which  will  be  vertical  when  the  block  floats,  mark  a  scale 
of  millimetres  in  waterproof  ink  or  crayon.  Float  the  block  in  water  and 
measure  the  depth  below  the  water  line.  How  many  grams  of  wateV  does 
it  displace?  What  does  it  weigh?  Are  these  figures  related?  Why? 
What  fraction  of  its  volume  is  below  the  water  line?  What  is  its  specific 
gravity?  Are  these  figures  related?  Why? 

4.  Problem — To  illustrate  the  principle  of  the  hydraulic  press. 

Fit  a  small  jar  with  a  tightly-fitting  two-hole  stopper,  one  hole  being 
larger  than  the  other.  Insert  through  the  holes  two  vertical  glass  tubes 
of  different  inside  diameters.  Fill  the  jar  with  mercury  and  put  in  the 
stopper.  The  mercury  will  rise  in  the  two  tubes.  Measure  the  mercury 
levels  in  the  two  tubes.  Are  they  the  same?  Why?  Pour  a  little  water 
into  the  top  of  the  smaller  tube.  Do  the  mercury  levels  change?  Restore 


Fig.  15-27.  Apparatus  used  to  record 
liquid  pressures  at  different  depths. 

Key :  A — water,  B — thistle  funnel, 
C — U-tube  containing  mercury,  D — 
membrane,  E— flexible  rubber  tube. 
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ie  original  mercury  levels  by  pouring  water  into  the  top  of  the  larger 
tube.  Measure  the  inside  diameters  of  the  two  tubes  and  calculate  their 
cross-section  areas.  Either  weigh  or  calculate  the  weight  of  water  put 
in  o  cac  tube.  Show  that  these  weights  and  areas  are  in  accordance  with 
the  hydraulic  press  formula  on  page  532. 

5.  Problem  To  fix  a  position  by  means  of  bearings. 

Obtain  a  map  of  the  city  or  district  in  which  your  school  is  situated, 
y  means  of  a  compass,  take  the  bearing  of  some  well-known  landmark 
whose  position  is  shown  on  the  map.  Assume  the  compass  deviation  is 
negligible  so  that  the  bearing  obtained  is  a  magnetic  bearing.  From  a 
navigational  map  of  your  area,  obtain  the  magnetic  variation,  and  convert 
the  bearing  to  a  true  bearing.  From  the  position  of  the  landmark  on  the 
map,  draw  a  reverse  bearing. 

m,1"  a,  similar  way,  draw  a  reverse  bearing  from  a  second  landmark. 
Uhat  does  the  intersection  of  the  two  reverse  bearings  indicate?  Again 

bytthisastep?rSe  beanng  fr°m  a  third  landmark?  What  purpose  is  served 


6.  Problem — To  determine  latitude. 

The  steps  necessary  to  determine  the  latitude  of  your  position  are 
listed  on  page  555.  If  a  Nautical  Almanac  is  available,  this  experiment  can 
be  carried  out  at  any  time.  If  not,  it  will  have  to  be  done  on  an  appro¬ 
priate  date.  What  are  the  appropriate  dates?  Why? 

•  f,extant  1S  available,  a  reasonably  satisfactory  one  may  be  made 

in  the  following  way.  Attach  a  narrow  piece  of  wood  to  a  blackboard 
protractoi  flush  with  its  straight  edge.  This,  in  conjunction  with  a  carpen- 
ters  bubbie  level,  will  enable  you  to  set  up  the  apparatus  horizontally, 
t  o  the  opposite  face  of  the  protractor  fix  a  second  strip  of  wood  so  that 
it  pivots  about  the  mid-point  of  the  straight  edge  of  the  protractor.  The 
suns  elevation  is  then  obtained  by  sighting  along  this  pivoted  piece  You 
may  w!sh  to  equip  it  with  V-sights  for  greater  accuracy,  and,  since  you 
will  be  looking  directly  into  the  sun,  it  will  be  necessary  either  to  mount 
on  the  instrument  a  piece  of  smoked  glass  or  to  wear  dark  glasses  while 
performing  the  experiment. 


B 


1.  What  will  be  the  total  hydrostatic  force  on  a  submarine  porthole 
gravity' of  1.026?2 3 4 5’  ^  &  °f  U°  ^  in  SCa  water’  which  has  a  specific 


2.  What  total  force  is  exerted 
on  a  lock  gate  40  feet  wide  when 
the  water  is  25  feet  deep? 

3.  If  the  small  piston  of  a 
hydraulic  press  is  2^4  inches  in  dia¬ 
meter,  what  does  the  radius  of  the 
large  piston  have  to  be  in  order 
that  a  force  of  50  pounds  on  the 
small  piston  will  balance  a  288- 
pound  load  on  the  large  one? 

4.  Figure  15-28  is  a  diagram  of 

a  hydraulic  lift.  The  piston  has  a 

diameter  of  7  inches.  The  water  in 


Fig.  15-28.  Hydraulic  lift. 
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the  water-main  is  at  a  pressure  of  40  pounds  per  square  inch.  Explain  how 
the  platform  of  the  lift  is  moved  up  and  down,  and  calculate  what  load  it 

can  support. 

5.  How  much  water  must  be  expelled  from  a  submerged  submarine  of 
750  tons  displacement  in  order  to  float  it  with  7/15  of  its  volume  above 
water? 

6.  The  specific  gravity  of  ice  is  about  0.9.  How  does  this  fact  increase 
the  danger  of  floating  ice-bergs  to  ships? 

7  If  the  altitude  of  the  sun  at  noon  at  a  certain  place  on  February 
4th  is  65°  35',  and  the  declination  of  the  sun  is  13°  45',  what  is  the  latitude 
of  the  place  ? 

8.  When  Greenwich  mean  time  is  1 :30  a.m.  Sunday,  find  the  longitude 
of  a  place  where  the  time  is : 

(a)  3:45  a.m.  Sunday  (b)  11:15  p.m.  Saturday 

9.  List  five  or  six  uses  of  the  principle  of  buoyancy  besides  its  applica¬ 
tion  to  ships. 

10.  Why  does  a  ship  which  is  on  fire  sometimes  capsize  when  it  is  being 
sprayed  with  fire  hoses? 

11.  List  some  applications  of  Bernoulli’s  principle  found  in  the  home 
and  in  industry. 

12.  Collect  pictures  to  form  an  illustrated  history  of  the  development  of 
sailing  ships. 

13.  Collect  pictures  to  form  an  illustrated  history  of  the  development 
of  the  steamship. 

14.  List  some  navigational  and  other  safety  devices  for  ships  developed 
during  World  War  II. 

15.  One  of  the  most  famous  of  marine  disasters  was  the  sinking  of  the 
Atlantic  liner  Titanic.  Prepare  a  report  on  the  circumstances  of  this 
tragedy.  What  modern  safety  devices  might  have  prevented  it? 


(Do  not  write  the  answers  in  the  book) 

1.  A  fluid  is  a  substance  which  offers  little  resistance  to  -  •  The 

term  includes  both  -  and  - .  Fluids  exhibit  two  mam  sets  of 


properties,  one  when  they  are 


and  another  when  in 


2.  Static  pressure  in  a  fluid  is  calculated  from  the  formula 

3.  The  force  acting  on  a  vertical  surface  is  calculated  by  finding  the 
pressure  over  the  whole  surface  and  using  the  formula 


4.  Hydraulic  devices  operate  in  accordance  with 


law. 


In  such 

cases  as  the  hydraufic  press,  this  law  may  be  expressed  by  the 
formula - . 

5.  A  body  immersed  in  a  fluid  is  buoyed  up  by  a  force  equal  to  •  • 

This  principle  was  first  stated  by  - . 

6.  A  floating  body  displaces  a  mass  of  fluid  equal  to - . 

7.  A  floating  body  has  that  fraction  of  its  volume  below  the  surface 

which  corresponds  to - . 

8.  The  degree  of  stability  of  a  floating  object  depends  generally  on  the 

positions  of  its - and - . 
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9.  According  to  the  principle  stated  by  - - 

fluid  is  least  where  the  velocity  is  - — . 

10.  When  a  solid  object  moves  through  a  fluid, 

t,be  °bject’s  progress.  This  drag  is  minimized  by 


the  pressure  in  a  moving 

in  the  fluid  acts 
-  the 


I  .  .  _  - - J - -  ^ to A  o o .  jl  mo  uiag  io  ill 

object,  with  a  long  gradual  taper  at  the  -  end. 

j  t^ie  ™ind 's  astern,  but  at  an  angle  to  a  ship’s  course,  the  force 

r  ,  ?7md  °n  the  sai|  may  be  -  into  two  - — ,  one  of  which  is 

useful,  the  other  wasted. 

12.  When  a  ship  sails  close  to  the  wind,  the  force  driving  it  forward  is 

created  because  of  a  difference  in - -  between  the  two  sides  of  the  sail. 

I  his  difference  arises  through  the  operation  of  -  principle. 

lo.  Fine  lines  in  a  ship  include  a - bow  with -  sheer  a  - _ 

stem,  a  comparatively  - -  beam,  and  a  stern  which  - . 

14  Some  engineering  advances  which  led  to  the  successful  establish¬ 
ment  of  ocean  steamship  service  included: 


(a) 

(b) 

(c) 

(d) 


the 


—  propeller. 


replacement  of  the  beam  engine  by  the  -  type. 

engines,  which  made  possible  great  savings  in  fuel. 


y  .  ’  -  *wuuv'  pvjjiuu.  gn-ai  bdVUlgb  111  1UC1. 

e  umnation  of  water  storage  on  the  ship,  through  invention  of 
the  - and - . 

(e)  great  increase  in  size  of  ships  when  it  became  practical  to 


build 


hulls. 


IS.  Many  steamships  now  use  a  combination  of 


,  the  latter  using  the  exhaust  steam  from  the  former. 
16.  A  motorship  employs  ■ - -  engines. 


engines  and 


•  17-nTJle  science  by  which  a  ship’s  position  and  course  are  determined 
Is  Ca  6  ’  art  bo^ding  the  ship  to  the  predetermined  course 


18. 


19. 


There  are  four  main  methods  of  fixing  a  ship’s  position : 

(a)  by - -  means. 

(b)  by  obtaining  two  or  more 


(c)  by  observing  the  sun  or  stars  to  determine 

(d)  the  difficult  method  of - . 

The  invention  of  the 


—  and 


~  was  tbe  m°st  important  factor  in  making 
The  invention  of  the  -  and  the  develop- 


deep-sea  navigation  possible  _ _  _ aiiu 

ment  of  the  -  almanac  made  possible  the  accurate  determination  of 


made  possible  the  deter- 


latitude ;  the  invention  of  the  dependable 
mmation  of  longitude. 

nunVfofway^11^10  ^  empIoyed  in  marine  navigation  in  a 

(a)  Ship-to-ship  and  ship-to-shore  communication  by  -  and 


rays  or 


(b)  beacons  which  may  send  out - - 

(c)  safe  entry  into  harbours  by  the  - -  system. 

(d)  detection  of  solid  objects  by  war-time  invention  called 


waves. 


*Note  :  Activities  marked  with  asterisks  should  be  completed  by  all  students. 


CHAPTER  16 


THE  SCIENTIFIC  DESIGN  OF  AIRFOILS  AND  AIR 
SCREWS  AND  THE  INVENTION  OF  LIGHT-WEIGHT 
INTERNAL  COMBUSTION  ENGINES  HAVE  BEEN 
IMPORTANT  FACTORS  IN  THE  RAPID  DEVELOP¬ 
MENT  OF  AIR  TRANSPORTATION 

Who  were  the  pioneers  of  flight?  While  the  fh'st  aerial 
voyage  made  by  man  was  accomplished  in  1783,  actual  con¬ 
trolled  flight  is  almost  entirely  a  twentieth  century  develop¬ 
ment.  So  modern  is  the  history  of  heavier-than-air  flying 
machines  that  as  this  book  is  written  Orville  Wright,  one  of 
the  two  men  generally  credited  with  being  the  first  to  fly  an 
aeroplane,  is  still  living.  At  the  age  of  seventy-four,  he  is  still 
actively  engaged  in  the  study  of  aeronautics. 

Just  as  history  has  credited  Watt  with  the  invention  of  the 
steam  engine  and  Fulton  the  steamship,  ignoring  the  work  of 
their  predecessors,  so  Wilbur  and  Orville  Wright  have  been 
associated  with  the  invention  of  the  aeroplane.  Actually,  more 
than  a  century  of  fateful,  and  sometimes  fatal,  events  led  up  to 
that  celebrated  seventeenth  of  December,  1903,  when  they 
made  man’s  first  power-driven  heavier-than-air  flight. 

In  1783,  at  Paris,  Pilatre  de  Rozier  became  the  first  man  to 
fly.  His  balloon,  invented  by  the  brothers  Montgolfier,  con¬ 
sisted  of  a  huge  inverted  paper  sack,  charged  with  hot  air  from 
a  charcoal  brazier.  Rapid  cooling  of  the  hot  air  naturally 
limited  the  device  to  very  short  flights,  and  it  had  no  directional 
control  whatever. 

The  French  scientist,  Charles,  whose  name  is  connected  with 
the  gas  laws,  first  used  hydrogen  as  a  lifting  gas.  He  used  a 
rubberized  silk  balloon,  and  was  also  the  first  to  control  the 
rise  and  fall  of  the  balloon  by  means  of  a  valve.  He  made  a 
fifty-mile  flight  ten  days  after  the  Montgolfier  experiment.  Two 
years  later,  Jean  Pierre  Blanchard  used  a  hydrogen-filled 
balloon  to  make  the  first  aerial  crossing  of  the  English  Channel. 
564 


AERONAUTICS 


565 


Although  much  free  ballooning  was  done  during  the  next 
fifty  years,  it  was  not  until  1852  that  a  controlled  flight  was 
made.  In  that  year,  Henri  Giffard  succeeded  in  making  his 
144-foot  dirigible-shaped  balloon  travel  at  a  speed  of  six  miles 
an  hour  by  means  of  a  steam  engine  and  propeller.  In  1884, 
Chailes  Kenaid  built  a  large  dirigible  capable  of  making  15 
miles  pet  houi  under  favourable  conditions.  He  is  usually  given 
credit  for  making  the  first  practical  and  controllable  dirigible. 

In  1898  two  famous  men  entered  the  dirigible  field.  They 
were  the  German  Count  Zeppelin  and  Alberto  Santos-Dumont 
of  Fiance.  Both  men,  realizing  that  the  compactness  of  the 
internal  combustion  engine  made  it  particularly  suitable  for 
airships,  powered  their  dirigibles  with  gasoline  engines.  Santos- 
Dumont,  after  several  unsuccessful  attempts,  finally  succeeded 
in  building  an  airship  that  would  answer  its  rudder.  In  1901 
he  won  the  Deutsch  Prize  for  the  first  airship  to  rise  from  the 
St.  Cloud  Aii  field,  circle  the  Eiffel  Tower,  and  return  within 
thirty  minutes.  Meanwhile,  Count  Zeppelin  was  concentrating 
on  a  rigid  type  of  dirigible,  in  which  a  number  of  gas-filled  sacs 
were  contained  in  an  aluminum  framework.  Attention  was 
diverted  from  the  further  experiments  of  these  men  when  the 
Wright  brothers  made  their  historic  flight  at  Kitty  Hawk,  N.  C. 

The  earliest  attempts  at  heavier-than-air  flight  go  back  as  far 
as  the  thirteenth  century.  Leonardo  da  Vinci,  the  great  Italian 
artist  of  the  sixteenth  century,  spent  some  time  on  the  problem 
and  left  some  very  beautiful  but  impractical  drawings.  The 
first  real  progress  was  made  by  Sir  George  Cayley,  who  has  been 
called  the  Fathei  of  British  Aeronautics.  In  the  early  nine¬ 
teenth  century  he  laid  the  foundation  for  future  developments 
through  his  experiments  with  the  helicopter  principle  and  with 
model  gliders.  A  little  later,  John  Stringfellow,  working  with 
aeroplane  models,  perceived  the  possibility  of  combinino  a 
wing  with  a  power-driven  propeller.  He  first  stated  the  prin¬ 
ciple  that  the  lift  of  the  wings  must  be  able  to  exceed  the 
weight  of  the  engines  and  plane. 

In  1891,  Gustus  Lilienthal  began  experimenting  in  Germany 
with  gliders.  He  took  the  view  that  flight  control  was  the  first 
thing  to  learn.  When  that  was  mastered  the  problem  of  power 
could  be  tackled.  Working  with  gliders  which  he  controlled 
by  shifting  his  weight,  he  made  several  lengthy  flights.  Just  as 
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he  was  on  the  point  of  adding  an  engine,  he  was  killed  in  a 
flying  accident.  His  work  was  carried  on  in  America  by 
Chanute,  Langley,  and  Manley.  They  developed  both  control 
and  stability  by  altering  the  shape  and  curvature  of  the  wings. 
Only  a  stroke  of  fate  prevented  Langley  from  becoming  the 
first  man  to  fly  a  power-driven  aeroplane.  On  December  8th, 
1903,  he  launched  his  plane,  but  something  went  wrong  with 
the  launching  apparatus  and  the  plane  was  wrecked.  Nine 
days  later  the  Wright  brothers  made  their  successful  flight. 
That  Langley’s  plane  would  have  flown  successfully  was  proved 
in  1914  when  Glenn  Curtis  actually  flew  it. 

The  Wright  brothers,  Orville  and  Wilbur,  with  that  inspira¬ 
tion  which  always  accompanies  true  genius,  assembled  the  ideas 
of  their  predecessors  into  a  successful  whole.  Approaching  the 
problem  first  from  the  viewpoint  of  Lilienthal  and  his  suc¬ 
cessors,  they  worked  on  gliders  and  flight  control.  They 
achieved  both  horizontal  and  vertical  stability  and  control  by 
developing  the  vertical  fin  and  rudder  and  the  wing  flaps,  or 
ailerons.  Then  they  added  a  30-horsepower  gasoline  engine 
and  made  their  flight  over  the  sands  of  North  Carolina  at  the 
then  extraordinary  speed  of  37  miles  per  hour. 

The  first  aeroplane  flight  in  Canada  occurred  only  six  years 
later  when  J.  A.  D.  McCurdy  became  the  first  British  subject 
to  fly  a  plane  within  the  British  Empire.  He  was  the  first  of 
the  men  who  have  made  Canada  one  of  the  premier  flying 
nations  of  the  world. 

What  are  the  important  parts  common  to  all  aeroplanes? 

Although  planes  differ  radically  in  design,  there  are  a  few  parts 
which  are  common  to  all  types.  They  are  (Fig.  16-la)  the 
fuselage  or  body  A,  the  wings  B,  the  ailerons  C,  the  fin  oi 
vertical  stabilizer  D,  the  rudder  E,  the  horizontal  stabilizer  F, 
the  elevators  G,  and  some  form  of  engine  and  airscrew  or  other 
propulsive  device. 

Aeroplanes  are  classified  in  three  main  ways,  according  to 
landing  gear,  use,  and  construction,  seaplanes,  flying  boats,  or 
land-based  planes.  The  seaplane  lands  on  water  on  two  pon¬ 
toon  floats  which  may  be  attached  to  either  fuselage  or  wings. 
The  flying  boat  also  lands  on  water,  the  bottom  of  its  fuselage 
forming  a  hull.  Its  wing-tips  may  have  small  pontoon  floats 
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Fig.  16-la.  Parts  common  to  most  aeroplanes. 

KCaa  A~flfeI?ge>  B— wings,  C— ailerons,  D— fin  or  vertical  stabilizer,  E— 
rudder,  F  horizontal  stabilizer,  G — elevator,  H — engine  cowling,  I — propeller 
or  airscrew,  J— landing  wheels,  K— struts,  L— lights,  M— windshield,  N— door 
O — cockpit.  ’ 


attached  to  them.  Land  planes  are  equipped  with  wheels. 
The  commonest  arrangement  has  two  larger  wheels  near  the 
front  of  the  fuselage  and  a  smaller  wheel  or  a  skid  to  support 
the  tail.  Many  modern  planes,  however,  have  the  newer 
tricycle  undercarriage,  with  a  single  wheel  supporting  the 
nose  and  a  pair  of  wheels  set 
well  aft  on  the  fuselage. 

According  to  use,  there  are 
private  planes,  military  types, 
and  commercial  transports. 

The  military  planes,  again, 
are  divided  into  a  number  of 
classes,  such  as  fighters,  fighter- 
bombers,  medium  bombers, 
transports,  observation  planes 
and  ground  co-operation 

planes.  Courtesy  Boeing 


The  most  detailed  classifi¬ 
cation  is  based  on  construc¬ 
tion.  According  to  the 


Fig.  16-lb.  An  interior  view,  taken 
during  construction,  of  the  fuselage  of 
a  Boeing  307  Stratoliner.  Note  strength 
of  construction  and  bulkhead. 
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position  at  which  the  wing  roots  join  the  fuselage  they  are 
classed  as  low-wing,  mid-wing,  or  high-wing  types.  Wing  shapes 
provide  a  similar  classification  basis.  The  tail  assembly,  called 
the  empennage,  may  include  either  single  or  ‘twin  fin  and 
rudder.  Engines  may  be  in-line  or  radial,  and  planes  are  also 

classified  according  to  number  of 
engines.  Most  aircraft  are  single- 
engined,  twin-engined,  or  four- 
engined  planes,  although  types 
carrying  three  and  six  engines 
have  been  built. 

Figure  16-3  gives  a  general  pic¬ 
ture  of  the  main  types  of  aircraft. 
It  will  be  noticed  that  the  methods 
of  classification  mentioned  are  not 
mutually  exclusive,  but  rather 
supplement  one  another. 

What  forces  act  on  an  aeroplane 
in  flight?  According  to  Newton’s 
second  law  of  motion  (p.  422),  an 
unbalanced  force  acting  on  any 
object  produces  an  acceleration. 
It  follows  that,  when  an  aeroplane 
is  in  level  flight  in  a  straight  line 
with  constant  speed,  every  force 
acting  on  it  is  balanced  by  an 
opposing  force.  In  general,  there 
are  four  such  forces.  The  wings 
produce  lift,  and  this  is  opposed 
by  the  force  of  gravity.  The  air 
screw,  driven  by  the  engine,  pro¬ 
duces  a  forward  thrust.  The 
resistance  offered  by  the  air  to  the 
movement  of  the  plane,  called 
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Fig.  16-2.  Bases  for  the  classifi¬ 
cation  of  monoplanes. 


drag,  opposes  the  thrust.  In  unaccelerated  flight,  these  four 
forces  must  produce  equilibrium  (Fig.  16-4). 

A  change  in  any  of  the  four  forces  will  produce  an  accelera¬ 
tion.  If  the  engine  is  speeded  up,  the  thrust  temporarily 
exceeds  the  drag,  and  the  speed  of  the  plane  increases  until  the 
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LIGHTER  -  THAN  ~  AIR. 


HEAVIER  -  THAN  -  AIR 


WA  TER  PL  A  A JES 


Float  type. 


Flying  boat 


LAND  PLANES 


BLADE  D. 


Autogyro 


WING  ED. 


Glider _ Powered  plane 


on.  land  on  water 

AMPHIBIAN 


Fig.  16-3.  Common  types  of  aircraft. 
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Fig.  16-4.  Forces  acting  on  airfoil. 
Key :  G— gravity,  W— lift  (wings), 
P— thrust  (propellers),  D — drag. 


consequent  increase  in  drag 
neutralizes  the  extra  thrust. 
The  plane  then  continues  to 
move  at  a  constant,  but  higher, 
rate  of  speed.  Similarly,  the 
plane  can  be  made  to  climb  by 
increasing  the  lift,  and  can  be 
brought  down  by  decreasing 
the  lift,  since  in  both  cases 
gravity  remains  constant. 


To  exercise  intelligent  flight  control,  the  pilot  must  under¬ 
stand  this  balance  of  forces  thoroughly.  He  must  know,  for 
instance,  that  when  he  opens  the  throttle  he  does  more  than 
increase  the  thrust.  His  increased  speed  also  increases  the  lift 
produced  by  the  wing.  Therefore,  if  he  wishes  to  maintain 
level  flight  while  increasing  his  speed,  he  must  eliminate  this 
increase  in  lift  by  ‘‘nosing  down”  as  he  opens  the  throttle. 
Likewise,  if  the  pilot  banks  the  plane  for  a  turn,  the  wings,  no 
longer  level,  lose  some  of  their  lifting  power.  The  aeroplane 
will  lose  altitude  unless  something  is  done  to  make  up  for  that 
loss.  The  pilot  therefore  speeds  up  the  engine  as  he  banks  for 
a  turn,  so  that  the  gain  in  lift  due  to  increased  speed  will 
balance  the  loss  of  lift  involved  in 
the  act  of  banking. 

How  does  the  wing  produce  lift? 

In  our  study  of  the  ship’s  sail 
(page  542),  we  found  that  the  force  of 
the  wind  on  the  sail  arose  from  a 
difference  between  the  pressures  on 
the  two  faces  of  the  sail.  In  a  similar 
way,  lift  arises  from  a  difference  in 
pressure  between  the  upper  and 
lower  wing  surfaces.  The  pressure 
difference  is  achieved  in  two  ways. 

In  early  types  of  aircraft,  the  wing 
was  simply  a  flat  surface  with  its 
leading  edge  tilted  upward.  As  this 
surface  moved  forward,  the  air,  strik¬ 
ing  it  at  an  angle,  created  an 


(a) 


( b ) 


(c) 


Fig.  16-5.  Camber  of  airfoils. 
A — double  convex,  11 — convex- 
plane,  C  —  convex  -  concave. 

(Note:  “A”  would  have  to  be 
tilted -to  produce  lift.) 
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increased  pressure  on  die  lower  side  of  the  wing.  The  vertical 
component  of  this  pressure  lifted  the  plane. 

The  modern  aeroplane  wing  also  employs  Bernoulli’s  prin- 
ciple  (page  540)  to  create  lift.  The  wing  is  built  as  a  cambered 
airfoil  (Fig.  16-5).  As  it  moves  forward,  the  air  which  slips 
over  its  upper  surface  is  compelled  to  travel  farther,  and 
therefore  to  move  faster, 
than  that  which  slips  past 
its  lower  surface.  In  accord¬ 
ance  with  Bernoulli’s  prin¬ 
ciple,  the  pressure  is  lower 
where  the  air  is  moving 
faster.  In  modern  aero¬ 
planes,  about  seventy-five 
per  cent  of  the  total  lift  is 
achieved  through  this  ap¬ 
plication  of  Bernoulli  s  principle.  In  other  words,  adoption  of 
a  cambered  wing  shape  has  increased  the  lifting:  power  of  the 
wing  fourfold. 


ANGL.B  OF  ATTACK. 


Fig.  16-6.  Illustrating  “angle  of  attack’’ 
and  chord  of  airfoil. 


Fig.  16-7.  Accounting  for  “drag”.  Streamlined  airfoils  are  used  to  reduce 
the  drag. 
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What  is  meant  by  angle 
of  attack?  The  degree  to 
which  the  leading  edge  of 
the  wing  is  tilted  upward 
is  the  angle  of  attack. 

Angle  of  attack  is  defined 
as  the  angle  between  the 
thrust  line  of  the  engine 
and  the  chord  of  the  airfoil 
(Fig.  16-6).  It  may  be 
positive  or  negative. 

Up  to  a  certain  point,  increasing  the  angle  of  attack  increases 
the  lift  and  enables  the  craft  to  climb.  At  the  same  time  the 
under  surface  creates  extra  drag  (Fig.  16-7).  Thus,  when  the 
plane’s  nose  is  raised  for  a  climb,  the  engine  must  be  speeded 

up  so  that  an  extra  thrust 
will  be  available  to  balance 
the  increased  drag. 

If  the  angle  of  attack  is 
steadily  increased,  a  point  is 
eventually  reached  at  which 
the  flow  of  air  over  the  wing 
ceases  to  be  a  streamline 
motion  and  becomes  turbu¬ 
lent  (page  541).  At  this 
point,  called  the  stalling 
angle,  the  Bernoulli  effect 
ceases  to  operate  and  the 
wing  stalls  (Fig.  16'-8b),  that 
is,  it  rapidly  loses  lifting 
power.  In  consequence,  the 
aircraft  rapidly  loses  alti¬ 
tude.  As  it  falls,  the  nose, 
which  is  heavier  than  the 
tail,  swings  downward,  de¬ 
creasing  the  angle  of  attack 
and  permitting  the  Ber¬ 
noulli  effect  to  come  again 
into  play.  Stalling  the  wing 


Courtesy  Nat.  Advisory  Com.  for  Aeronautics 


Fig.  16-81).  Smoke  is  used  to  make  the 
flow  of  air  visible.  Compare  the 
smoothness  of  the  air-flow  in  lower 
picture  with  the  turbulence  behind  the 
airfoil  at  the  stalling  angle  in  the  upper 
picture. 


Fig.  16-8a.  Drag  increases  as  angle  of 
attack  is  increased. 
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is  thus  not  too  serious  a  mistake  if  it  occurs  at  a  high  altitude, 
but  stalling  at  low  altitudes  has  caused  a  great  many  flying 
accidents. 

How  is  an  aeroplane  controlled  in  flight?  An  aeroplane  has 
two  sets  of  control  surfaces.  The  wings,  the  vertical  stabilizer, 
or  fin,  and  the  horizontal  stabilizer,  or  tail  plane,  together  form 
a  set  of  fixed  control  surfaces  which  give  the  aircraft  stability. 
I  he  ailerons,  rudder,  and  elevators  are  moveable  control 
surfaces  which  enable  the  pilot  to  manoeuvre  his  ship. 

There  are  three  ways  in  which  an  aeroplane  may  depart  from 
its  normal,  steady  line  of  flight.  Its  nose  may  yaw  from  side 
to  side,  or  pitch  up  and  down,  or  the  ship  may  roll.  The 
tendency  to  yaw  is  neutralized  by  the  vertical  fin.  As  soon  as 
the  plane  starts  to  depart  from  its  line  of  flight,  an  increased 
air  pressure  is  set  up  on  one  side  of  the  fin,  forcing  the  tail 
back  to  its  proper  position.  To  prevent  pitching  is  the  function 
of  the  horizontal  stabilizer.  If  the  aircraft’s  nose  dips  and  its 
tail  rises,  increased  air  pressure  on  the  upper  surface  of  the 
stabilizer  forces  the  tail  down  again  to  its  correct  level. 


Courtesy  N.  A.  C.  A. 

Fig.  16-8c.  N  A  C.  A.  wind  tunnel  used  to  test  aircraft.  The  air  stream  in 
this  tunnel  is  60  feet  wide  and  30  feet  deep  and  travels  118  miles  per  hour  past 
the  aeroplane. 
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Together,  the  fin  and  tail  plane  perform  precisely  the  same 
function  as  the  three  feathers  in  the  shaft  of  an  arrow.  The 

plane  is  prevented  from  rolling 
by  the  dihedral  angle  of  the 
wings.  Instead  of  being  built 
horizontal,  the  wings  generally 
slope  upward  from  root  to  tip 
(Fig.  16-9).  The  angle  which 
the  wing  makes  with  the  hori¬ 
zontal  when  the  ship  is  on  an 
even  keel  is  called  the  dihedral 
angle.  If  the  plane  rolls  to  the 
right,  the  right  wing  becomes  more  nearly  horizontal.  The 
right  wing  gains  lifting  power  and  the  left  wing  loses  it.  The 
result  is  a  righting  moment  which  brings  the  craft  back  to  an 
even  keel. 

The  elevators  are  moveable  sections  in  the  trailing  edge  of 
the  tail  plane.  When  the  pilot  wishes  to  climb,  he  raises  the 
elevators  (Fig.  16-10).  This  robs  the  tail  plane  of  some  of  its 
lifting  power,  and  the  tail  drops.  The  resulting  increase  in  the 


Fig.  16-9. 
angle. 


Illustrating  the  dihedral 


Fig.  16-10.  Elevators  are  used  to  alter  the  angle  of  attack. 
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angle  of  attack  of  the  wings  provides  the  extra  lift  needed  in 
order  to  climb.  Similarly,  lowering  the  elevators  raises  the  tail 
and  causes  the  plane  to  descend. 

When  a  ground  vehicle  turns  to  left  or  right,  it  is  prevented 
from  skidding  either  by  the  friction  of  its  wheels  or  by  the 
banking  of  the  road.  No  such  frictional  or  banking  conditions 
exist  in  the  air.  If  a  pilot  attempted  to  turn  his  aeroplane 
while  on  an  even  keel,  centrifugal  force,  which  is  very  great  at 
ordinary  air  speeds,  would  cause  it  to  skid  sideways  through 
the  air.  This  would  create  turbulences  all  around  the  craft, 
and  they  are  dangerous  companions  in  the  air.  The  difficulty 
is  sui  mounted  by  using  the  ailerons,  which  are  moveable  sec¬ 
tions  in  the  trailing  edges  of  the  wings.  When,  for  instance, 
the  right  aileron  is  lowered  and  the  left  raised,  the  right  win^ 
develops  extra  lift  and  the  left  wing  loses  lift.  Consequently^ 
the  aircraft  is  banked  for  a  left  turn.  If  at  the  same  time  the 
rudder  is  turned  to  the  left,  increased  pressure  on  the  left 
surface  of  the  rudder  and  fin  swings  the  tail  to  the  right.  The 
plane  behaves  as  if  it  were  running  around  a  steeply  banked 
track  (Fig.  16-11).  A  smooth  left  turn  is  executed,  no  turbu¬ 
lences  ai  e  created,  and  the  craft  remains  under  complete  control 
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What  are  the  important  control  devices?  The  controls  of  an 
aeroplane  are  those  devices  by  which  the  pilot  adjusts  the  speed 
of  the  engine  and  the  positions  of  the  various  control  surfaces. 
The  throttle,  usually  situated  on  the  instrument  panel,  controls 
the  speed  of  the  engine.  In  small  planes*  the  elevators  and 
ailerons  are  generally  connected  by  cable  with  the  stick,  which 
usually  stands  between  the  pilot’s  knees.  When  the  stick  is 
pulled  back  the  elevators  rise  and  the  aircraft  climbs;  when  the 
stick  is  pushed  forward  the  elevators  are  depressed  and  the 
plane  descends.  Moving  the  stick  to  the  left  lifts  the  left  ailei'on 
and  lowers  the  right  one,  so  that  the  craft  is  banked  for  a  left 
turn.  The  rudder  is  similarly  attached  to  the  pedals.  When 
the  left  pedal  of  the  rudder  bar  is  pushed  forward  the  rudder 
is  swung  to  the  left  and  the  aeroplane  executes  a  left  turn. 
In  larger  aeroplanes,  the  force  required  to  move  the  control 
surfaces  is  greater  than  the  pilot  can  furnish  through  a  cable 
system.  In  such  planes  hydraulic  controls  are  commonly  used. 

How  does  an  aeroplane  take  off  and  land?  Taking  off  is  not 
a  particularly  difficult  flying  operation.  Nevertheless,  certain 
precautions  must  be  observed  if  it  is  to  be  done  safely.  The 
aircraft  starts  moving  along  a  runway,  heading  into  the  wind, 
so  that  the  relative  velocity  of  the  plane  and  the  wind  will 
provide  a  maximum  lift.  As  the  aeroplane  gains  speed,  the 
tail  plane  will  eventually  create  enough  lift  to  raise  the  tail  off 
the  ground.  This  process  may  be  assisted  by  pushing  the  stick 
gently  forward  to  depress  the  elevators.  With  the  stick  again 
in  neutral  position  and  the  throttle  open,  the  plane  gathers 
speed.  If  the  runway  is  long  enough,  the  ship  will  become 
airborne  without  assistance.  On  a  short  runway  the  pilot  may 
have  to  pull  the  stick  back  a  little,  lowering  the  tail  and  increas¬ 
ing  the  angle  of  attack.  It  must  be  remembered  that  at  the 
moment  of  taking  off  the  plane  still  has  not  attained  its  normal 
cruising  speed.  It  is  therefore  impossible  to  increase  the  angle 
of  attack  very  much  without  danger  of  stalling  the  wings  (page 
572)  and  crashing.  The  pilot  levels  off  and  concentrates  on 
gaining  a  safe  speed  before  beginning  to  climb. 

The  operation  of  landing  the  plane  calls  for  a  considerable 
amount  of  skill  and  judgment.  The  procedure  must  be  carried 
out  with  precision,  and  that  precision  is  doubly  difficult  to 
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achieve  because  an  aeroplane  answers  its  controls  much  more 
slowly  when  gliding  than  when  in  level  flight  under  power. 
The  pilot  chooses  a  runway  which  brings  the  plane  up-wind. 
Just  as  in  taking  off,  this  gives  the  wings  a  maximum  amount 
of  lift.  It  also  makes  the  controls  less  sluggish  as  the  craft 
glides  in.  Fine  judgment  must  be  exercised  to  avoid  over¬ 
shooting  or  undershooting  the  runway,  and  to  gauge  the  level¬ 
ing  off  process  so  that  it  is  completed  when  the  plane  is  just  a 
few  feet  off  the  ground.  The  plane  is  then  held  level  while  it 
loses  speed  until  it  is  just  on  the  point  of  stalling.  At  this  point 
the  nose  is  brought  up  so  that  the  craft  is  in  its  normal  ground 
attitude,  and  it  sinks  to  the  runway  for  a  three-point  landing. 
It  is  still  tiavelling  at  a  fairly  high  speed,  and  the  elevators  are 
used  to  keep  the  tail  down  until  the  pilot  can  bring  it  to  a  stop. 

It  is  evident  that  the  landing  procedure  would  be  more  easily 
carried  out  if  the  landing  speed  of  the  aeroplane  could  be 
reduced.  The  problem  here  is  how  to  maintain  enough  lift  at 
the  lower  speed.  For  this  purpose  some  aeroplanes  are 
equipped  with  flaps  which  can  be  let  down  under  the  trailing 
edge  of  the  wings. 


What  instruments  are  indispensable  flying  aids?  Anyone  who  looks 
lor  the  first  time  into  the  cockpit  of  a  modern  aeroplane  is  astonished  at 
the  maze  of  dials  and  instruments  there.  These  can  be  divided  into  three 
™in  categories— engine,  flight,  and  navigation  instruments.  The  picture 
(big.  16-12)  shows  part  of  the  instrument  panel  of  a  modern  airliner. 

Engine  instruments.  The  commonest  and  most  essential  engine  instru- 
ments  are  the  tachometer,  the  synchroscope,  and  the  manifold  pressure  gauge. 
The  tachometer  indicates  the  speed  of  the  engine  in  revolutions  per  minute 
It  assists  the  pilot  to  operate  the  engines  most  efficiently  and  economically 
and  it  warns  him  of  engine  trouble  by  informing  him  instantly  of  any 
unexplained  drop  in  engine  speed.  In  multi-motored  aircraft  the  synchro¬ 
scope  enables  the  pilot  to  synchronize  the  speeds  of  the  engines,  reducing 
vibration  and  strain  m  the  structure  of  the  aeroplane.  The  manifold 
pressure  gauge  indicates  the  power  output  of  the  engine.  Like  the  tacho¬ 
meter,  it  acts  as  a  warning  device  in  case  of  engine  trouble. 

Flying  instruments.  The  flying  instruments  are  those  which  are  used  in 
conjunction  with  the  controls  in  handling  the  plane.  Perhaps  the  most 
important  is  the  air-speed  mdicator.  It  indicates,  not  the  aeroplane’s  speed 
with  respect  to  the  ground,  but  the  speed  at  which  the  air  is  shipping  over 

«allh,gBof  , he  wings  ""P°r,ant  'aC'°r  mainlai"i"*  ««  ="<1  preventing 

The  turn  and  bank  indicator  is  a  centrifugal  device  containing  in  reality 
two  independent  instruments.  The  turn  indicator  is  a  pointer  which  can 
be  used  either  to  tell  the  pilot  through  what  angle  he  is  turning  or  to  help 
him  keep  the  plane  flying  in  a  straight  line.  The  bank  indicator  indicates 


578 


SCIENCE  AND  PROGRESS 


Fig.  16-12.  Instrument  panel  of  a  modern  aircraft.  How  many  instruments 
can  you  recognize? 
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the  proper  angle  of  banking  in  a  turn.  If  the  banking  angle  is  correct, 
a  ball  remains  in  the  centre  of  the  dial.  If  the  plane  is  banked  so  steeply 
that  there  is  danger  of  stalling  or  side-slipping,  the  ball  rolls  to  the  low 
side.  If  the  plane  is  insufficiently  banked,  so  that  undue  strain  will  occur 
in  the  wing  structures,  the  ball  is  forced  to  the  high  side  of  the  dial. 

The  artificial  horizon  is  an  instrument  by  means  of  which  the  pilot  keeps 
the  craft  on  an  even  keel  even  when  poor  visibility  obscures  the  actual 
horizon  and  the  ground  below.  It  indicates  both  pitch  and  roll  of  the 
plane,  while  the  turn  indicator  registers  yaw. 

The  rate  of  climb  indicator  does  not  indicate  the  angle  of  ascent  or 
descent,  but  rather  the  rate  at  which  altitude  is  being  gained  or  lost. 
Normally  it  is  used  to  control  the  rate  of  climb  or  descent  and  thus  helps 
to  avoid  stalling.  Under  some  such  condition  as  icing,  engine  failure,  or 
a  down-draught,  however,  the  aeroplane  may  lose  altitude  even  when  the 
nose  is  upward.  Likewise,  in  an  up-draught  the  plane  may  gain  altitude 
while  the  nose  is  downward.  The  rate  of  climb  indicator,  by  notifying  the 
pilot  of  such  a  state  of  affairs,  acts  as  a  safety  device  as  well  as  a 
flying  aid. 


Navigation  instruments.  During  World  War  II,  the  millions  of  miles 
of  long-range  flying  carried  out  by  the  Allied  Bomber  Commands,  the 
mid-air  assembly  of  masses  of  planes  from  various  air-fields,  and  their 
punctual  arrival  over  targets  in  all  sorts  of  weather  could  never  have  been 
accomplished  without  the  aid  of  modern  navigational  devices.  There  is  a 
tremendous  variety  of  such  instruments,  some  very  complex  and  some  still 
on  the  secret  list.  A  few,  however,  are  basic  to  all  air  navigation.  These 
include  the  magnetic  compass,  the  directional  gyro,  the  altimeter  and  the 
drift-indicator.  ’ 

The  use  of  the  compass  has  been  sufficiently  described  in  our  section 
on  marine  navigation  (page  552).  It  may  be  mentioned  in  passing  that  in  a 
sense  precise  navigation  is  more  important  in  the  air  than  at  sea  A  lost 
ship  may  drift  until  help  arrives,  but  a  lost  aeroplane  cannot  stay  aloft 
indefinitely.  3 


The  directional  gyro  is  an  instrument  for  keeping  a  steady  course  or 
for  altering  course  accurately  and  quickly.  The  magnetic  compass  is 
subject  to  variations,  and  oscillates  widely  on  any  turn.  The  directional 
gyro  when  set  in  motion,  continues  to  point  out  the  course  for  some 
considerable  time  with  great  steadiness.  Suppose  a  pilot’s  charted  course 
calls  for  a  turn  from  course  203  degrees  to  course  297  degrees  As  the 
ship  was  banked,  the  compass  would  oscillate  beyond  the  required  turn 
and  remain  unsteady  for  some  time.  Using  the  gyro,  the  pilot  can  make 
the  turn  quickly  and  with  perfect  accuracy.  Things  happen  so  fast  in  the 
air  that  such  accuracy  is  necessary  for  both  precision  and  safety. 

The  altimeter,  as  its  name  implies,  indicates  the  plane’s  altitude  Since 
atmospheric  pressure  decreases  with  reasonable  regularity  as  the  'altitude 
increases,  a  barometer  may  be  used  to  measure  altitude  The  usual  tvne 
of  altimeter  is  in  fact,  a  barometer  graduated  to  read  directly  in  feet 
Unlike  the  ordinary  barometer  its  zero  point  can  be  set  for  various 
conditions.  Suppose  a  plane  is  based  at  an  air-field  1200  feet  above  sea- 
level.  The  altimeter  will  be  set  to  read  zero  when  the  plane  is  on  the 
ground.  In  flight  it  then  indicates,  not  the  height  above  sea-level  but  the 
height  above  the  home  aerodrome.  If  the  plane  returns  under  conditions 
of  poor  visibility,  the  pilot  must  reset  the  altimeter  before  attempting  to 
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land.  If,  for  instance,  weather  conditions  had  caused  a  drop  in  barometric 
pressure  his  unchecked  altimeter  would  read  too  high,  and  he  would  be  in 
danger  of  crashing  into  the  ground  before  levelling  off.  On  the  other  hand, 
a  rise  in  barometric  pressure  would  make  the  instrument  read  too  low, 
and  the  pilot  would  be  inclined  to  “land”  at  some  point  perhaps  sixty  feet 
off  the  ground.  One  application  of  radar  developed  during  the  war  years 
is  a  terrain  indicator,  which  measures  very  accurately  the  distance  above 
ground,  irrespective  of  sea-level  or  of  variations  in  barometric  pressure. 

When  flying  across  the  wund,  an  aeroplane,  like  a  ship  in  a  cross-tide, 
will  drift  off  its  course  even  though  the  compass  shows  it  to  be  heading 
in  the  right  direction.  The  drift-indicator,  usually  situated  on  the  floor 
on  the  plane,  enables  the  navigator  to  observe  the  track  of  the  plane  across 
the  ground.  Comparing  this  with  the  course  indicated  by  the  compass, 
he  can  calculate  the  angle  of  drift  and  the  velocity  of  the  wind.  The 
course  of  the  aircraft  may  then  be  corrected  to  take  this  factor  into  account. 

Jet-propelled  planes.  The  most  sensational  new  develop¬ 
ment  in  aviation  is  the  replacement  of  the  standard  engine  and 
air  screw  with  a  jet-propulsion  unit.  In  these  units  exhaust 
gases  are  expelled  with  such  tremendous  velocity  that  the 
reaction  which  is  set  up  according  to  Newton’s  third  law  of 
motion  provides  the  thrust  for  the  plane’s  forward  motion. 

There  are  two  types  of  jet-propulsion.  The  first  is  the  rocket 
type.  A  rocket  plane  carries  with  it  not  only  its  fuel  supply 
but  also  a  source  of  oxygen  for  the  combustion  of  the  fuel.  The 
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famous  German  V-bombs  were  pilotless  planes  of  this  type. 
So  far  the  principle  has  never  been  successfully  applied  to 
passenger-carrying  planes,  although  small  rocket  units  have 
been  used  as  auxiliary  power  to  enable  ordinary  planes  to  take 
off  when  very  heavily  loaded.  If  a  rocket-type  aeroplane  ever 
becomes  a  practical  reality,  it  will  have  the  advantage  of  being 
independent  of  the  atmosphere  in  its  method  of  creating  thrust. 
It  could  therefore  fly  at  altitudes  where  the  drag  caused  by  air 
friction  would  be  negligible. 

At  present,  designers  of  jet  planes  seem  to  be  concentrating 
on  the  other  type  of  craft,  employing  gas  turbine  units  (p.  476). 
Air  is  drawn  into  the  combustion  chamber  by  means  of  a 
compressor  at  the  front  of  the  engine  nacelle.  In  the  combus¬ 
tion  chamber  the  air  burns  fuel  and  produces  a  blast  of  hot 
gases  which  operate  the  gas  turbine.  The  turbine,  in  turn, 
drives  the  compressor.  The  exhaust  gases  from  the  turbine 
furnish  the  thrust  for  the  aeroplane  (Fig.  16-13). 

One  great  advantage  of  the  jet-propelled  aeroplane  is  its 
speed.  In  1945,  at  a  time  when  400  miles  per  hour  was 
considered  a  high  speed  for  ordinary  planes,  the  English  jet 
plane  known  as  the  Gloucester  Meteor  was  clocked  at  609  miles 
per  hour.  Shortly  afterward  in  the  United  States,  a  Lockheed 
Shooting  Star  crossed  the  continent  from  California  to  New 
York  at  an  average  speed  of  585  miles  per  hour.  These  speeds 
are  attained  partly  by  virtue  of  an  enormous  reduction  in  drag. 
Another  important  advantage  of  these  planes  lies  in  the  fact 
that  their  light,  simple  power  units  can  be  removed,  serviced, 
and  replaced  in  one-fifth  the  time  required  for  a  standard 
gasoline  engine.  It  is  likely  that  jet-propulsion  units  will  find 
increasing  use  in  long-distance  stratosphere  flights,  for  their 
efficiency,  like  that  of  the  turbine-driven  locomotive  (p.  499), 
increases  with  altitude. 

How  do  helicopters  fly?  The  helicopter  (Fig.  16-14)  does 
not  have  wings  or  a  tail  plane.  It  flies  by  means  of  a  powered 
rotor  which  resembles  a  wind-mill.  This  rotor  provides  both 
lift  and  thrust,  and,  in  conjunction  with  a  smaller  tail  rotor, 
control.  In  contrast,  the  autogyro  invented  by  the  Spaniard, 
Jean  de  la  Cierba,  has  an  unpowered  rotor  to  provide  lift  and 
the  usual  engine  and  air  screw  to  furnish  thrust. 


582 


SCIENCE  AND  PROGRESS 


Courtesy  Star  Newspaper  Service 

Fig.  16-14.  This  helicopter  is  the  type  designed  lor  passenger  service. 


Present  types  of  helicopters  are  a  culmination  of  research 
started  about  the  year  1770  by  Britain’s  Sir  John  Cayley.  He 
first  suggested  the  helicopter  principle  and  made  working 
models.  Over  a  century  was  to  elapse  before  the  Italian, 
Pescara,  built  the  first  practical  machine.  Sikorski’s  helicopter, 
manufactured  in  the  United  States,  seems  to  be  the  most  satis¬ 
factory  today.  Of  all  the  heavier-than-air  craft  it  is  the  easiest 
to  fly  and  the  safest.  It  can  move  in  all  directions,  and  it  can 
hover  over  one  spot.  Tipping  the  stick  forward  tips  the  main 
rotor  forward  and  causes  the  craft  to  move  ahead.  Pulling  the 
stick  back  reverses  the  tilt  of  the  rotor  and  drives  the  plane 
backward.  In  turning,  the  usual  right  or  left  motion  of  the 
stick  causes  the  directional  tail  rotor  to  act  as  a  rudder.  To 
climb,  the  pilot  pulls  a  pitch  control  lever  which  increases  the 
angle  of  attack  of  the  rotor  vanes  and  simultaneously  speeds  up 
the  engine  which  powers  the  rotor.  When  the  engine  is  cut  off 
the  ship  settles  gently  to  earth,  the  free-wheeling  main  rotor 
breaking  the  fall  and  at  the  same  time  driving  the  tail-rotor 
for  control. 
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Helicopters  will  doubtless  increase  in  popularity  because  of 
their  safety,  manoeuverability  and  simplicity  of  operation.  A 
helicopter  can  land  on  a  clear  city  lawn,  a  flat  roof,  or  a  road. 
The  landing  field  does  not  even  need  to  be  perfectly  level. 
Landing  is  both  easy  and  safe,  for  it  consists  of  a  slow,  gentle, 
direct  glide  followed  by  a  short  vertical  descent. 


Lighter-than-air  craft.  The  production  cost  of  lighter-than- 
air  craft,  their  unwieldiness  in  rough  air,  and  their  slowness 
limit  the  use  of  dirigibles.  Since  disaster  overtook  all  the  great 
rigid  dirigibles,  the  R101, 
the  Akron,  and  the  Graf 
Zeppelin,  no  large  dirigi¬ 
bles  have  been  constructed. 

The  small  dirigible,  or 
blimp,  which  was  used 
extensively  in  World  War 
II  for  coastal  patrol,  anti¬ 
submarine  patrol,  and  air- 
sea  rescue,  is  still  being- 
constructed,  but  the  de¬ 
mand  for  this  type  of 
aircraft  has  been  lessened 
by  the  development  of 
helicopter  and  auto-gyro. 

Non-rigid  balloons  are  now 
used  almost  exclusively  for 
scientific  work. 


Fig.  16-15.  Small  dirigible 
for  coastal  patrol. 


Courtesy  U.  S.  Nav 
(or  blimp)  used 


stratosphere  ascent  and  similar 


Of  what  importance  is  meteorology  to  the  pilot?  Meteor¬ 
ology  is  the  science  of  weather  analysis  and  forecasting.  In 
spite  of  great  advances  made  in  this  field  in  recent  years, 
weather  conditions  remain  the  greatest  threat  to  safety  in  the 
air.  The  pilot  must  therefore  be  able  to  make  intelligent  use 
of  any  information  which  will  help  him  to  detect  and  avoid 
adverse  weather  conditions.  He  should  be  able  to  interpret  in 
terms  of  weather  such  natural  warning  signals  as  the  various 
typical  cloud  formations  (Fig.  16- 16a  and  b).  In  order  to  make 
full  use  of  the  reports  and  synoptic  maps  prepared  by  the 
Government  Meteorological  Services,  he  must  understand  the 
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nature  of  such  weather  formations  and  atmospheric  disturb¬ 
ances  as  warm  fronts,  cold  fronts,  and  occlusions.  He  should 
also  be  able  to  make  specific  reports  to  the  meteorological 

officer  about  conditions 
observed  in  flight.  The 
accuracy  and  usefulness  of 
the  analyses  issued  by  the 
“met  man”  depend  on  the 
number  of  such  factual 
reports  at  his  disposal. 


What  weather  conditions 
constitute  flight  hazards? 

Fog,  mist,  and  haze  are 
obvious  hazards  because  of 
their  effect  on  the  pilot’s 
vision.  In  ground  fogs, 
visibility  downward  from 
the  air  is  better  than  hori¬ 
zontal  visibility.  For  this 
reason,  ground  visibility  is 
used  as  the  standard  in 
weather  reports,  so  that 
pilots  will  be  prevented 
from  trying  to  land  on 
runways  which  are  visible 
from  the  air  but  are  ob¬ 
scured  when  a  landing  is 
attempted. 

Accurate  knowledge  of 
the  direction  and  velocity 
of  the  wind  is  essential  to  safe  aerial  navigation.  Suppose,  for 
example,  an  aeroplane  is  to  proceed  from  its  home  airport  to 
another  800  miles  due  south.  Setting  a  course  of  180  degrees 
and  maintaining  an  air  speed  of  200  miles  per  hour,  the  pilot 
can  expect  to  reach  his  destination  in  four  hours,  provided 
there  is  no  wind.  On  the  other  hand,  if  there  were  a  head  wind 
with  a  velocity  of  35  miles  per  hour,  four  hours  flying  time 
would  leave  him  still  140  miles  short  of  his  destination!  while 
a  35-mile  tail  wind  would  carry  him  140  miles  beyond  his 


ig.  16-16a.  Cumulonimbus  with  an  underlying 
yer  of  low  ragged  clouds  of  bad  weather, 
hich  have  a  definite  roll  formation. 
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destination.  Similarly,  a 
cross  wind  of  35  miles  per 
hour  would  carry  the  air¬ 
craft  140  miles  off  its  pro¬ 
jected  course.  It  is  obvious, 
then,  that  an  air  crew  on 
a  long  flight  must  take 
great  care  to  be  always 
aware  of  the  current  wind 
conditions.  They  will  get 
what  definite  information 
they  can  from  the  meteoro¬ 
logical  service  before  tak¬ 
ing  off.  Radio  weather 
reports  will  assist  them 
from  time  to  time  on  the 
way.  Finally,  they  will  use 
air  speed  indicator  and  the 

drift  indicator  to  make  periodic  observations  of  the  wind 
velocity  for  themselves. 


Fig.  16-16b.  Cumulus  of  fine  weather.  The 
clouds  are  scattered  and  have  a  flat  and  deflated 
appearance. 


Turbulences  are  local  air  currents  and  disturbances.  They 
may  be  roughly  classified  as  up-draughts,  down-draughts,  and 
bumpiness”.  While  bumpiness  may  be  a  hazard  for  low-flyino 
planes  in  hilly  country,  it  is  generally  merely  a  source  ol 
discomfort.  Up-draughts  and  down-draughts,  particularly  the 
attei,  can  be  extremely  dangerous.  They  frequently  occur  in 
the  cumulus  clouds  and  thunderheads  (Fig.  16-16a)  which  form 
along  a  cold  front.  They  are  also  found  where  a  moving  mass 
of  air  is  passing  over  a  mountain  ridge.  Inside  thunderheads, 
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Fig.  16-1 7a.  Two  common  fogs  that  do  not  simplify  the  pilot’s  problems. 
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Fig.  16-17b.  Updrafts  and  downdrafts  are  responsible  for  “bumpy”  flying 
conditions. 


these  vertical  air  currents  may  reach  velocities  as  high  as  200 
miles  per  hour.  Such  a  down-draught  would  cause  an  aero¬ 
plane  to  lose  hundreds  of  feet  of  altitude  in  a  matter  of  seconds. 
Moreover,  a  wind  of  such  high  velocity  may  do  crippling 
physical  damage  to  the  aircraft. 

When  ice  forms  on  an  aeroplane,  several  dangerous  condi¬ 
tions  arise.  The  formation  of  ice  on  the  leading  edge  of  the 
wings  reduces  lift  very  considerably.  When  control  surfaces 
are  covered  with  ice  they  become  dangerously  sluggish  and 
sometimes  unmanageable.  Icing  conditions  reduce  the  engine’s 
efficiency  by  interfering  with  the  normal  operation  of  carbur- 
rettor,  ignition  system,  and  propeller.  Severe  icing  usually 
occurs  when  the  aeroplane  flies  through  a  region  containing 


Fic.  16-ltfa.  Icing  conditions  may  be  encountered  under  a  variety  of 


circumstances. 
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supercooled  raindrops  (Fig.  16-18a).  Supercooling  is  an  un¬ 
stable  condition  much  like  supersaturation  in  solutions;  the 
slightest  disturbance  upsets  the  equilibrium.  Thus,  the  super¬ 
cooled  droplets  freeze  instantaneously  when  they  strike  the 
aeroplane.  Supercooling  may  occur  under  any  condition  in 
which  raindrops  are  cooled  very  gradually  to  a  temperature 
slightly  below  the  freezing  point.  In  a  cold  front,  for  instance, 
rain  may  be  falling  from  a  high  layer  of  warm  air  down  into  a 
layer  of  colder  air.  Warm,  moist  air  may  be  gradually  cooled 
as  it  rises  over  a  mountain  ridge,  and  form  clouds  of  super¬ 
cooled  droplets.  In  any  case,  the  pilot  who  has  sufficient 
knowledge  of  meteorology  knows  when  to  expect  icino-  and 
how  to  avoid  it. 

What  modern  devices  contribute  to  safety  in  the  air?  Td 

describe  the  many  highly  technical  safety  devices  associated 
with  modern  flying  would  require  a  book  in  itself.  We  shall 
mention  a  few  which  are  of  outstanding  significance. 

Radio  communication.  Constant  communication  by  radio 
between  pilot,  home  base,  and  destination  is  an  indispensable 
flying  aid.  Advice  on  weather  and  other  flight  conditions  along 
the  route,  conditions  at  the  projected  landing  field,  and  location 
of  substitute  landing  fields  may  be  furnished  to  the  pilot  as 
required.  r 
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Radio  beams.  The  United  States  and  Canada  are  dotted 
with  radio  beam  stations  which  organize  the  aerial  traffic  into 
lanes  which  are  almost  like  streets.  The  beam  station  sends 
out  directional  beam  signals  in  such  a  way  that  a  plane  which 
strays  off  the  beam  to  left  or  right  picks  up  a  Morse  code  signal 
A  or  N.  When  the  plane  is  on  the  beam  a  steady  note  is  heard. 
The  signals  are  interrupted  from  time  to  time  for  station 
identification  signals.  A  plane  may  cross  the  continent  without 
requiring  any  navigational  assistance  other  than  the  various 
beams  which  are  marked  on  the  navigator’s  charts. 

Fog  dispersal.  The  fog-bound  airfield  is  one  of  the  great 
hazards  of  flying.  The  method  of  fog  dispersal  developed  in 
Great  Britain  during  World  War  II,  (nicknamed  “Fido”),  is  ' 
expected  to  prove  a  great  boon  to  civil  aviation.  It  is  a  system 
of  long  pipe-lines  which  send  out  streams  of  burning  gasoline, 
creating  an  area  of  heated  air  wherein  fog  cannot  form. 

The  automatic  pilot.  During  long  periods  of  sustained  flight 
on  a  straight  and  level  course,  a  mechanism  is  needed  to  keep 
the  plane  in  vertical  and  horizontal  stability.  Such  a  device 
is  the  automatic  pilot,  frequently  referred  to  as  “Elmer  or 
“George”.  It  is  a  double  gyroscope  arrangement  which  is 
connected  by  electrical  controls  to  the  hydraulic  mechanisms 
which  move  the  control  surfaces.  When  air  currents  cause  the 
plane  to  go  off  the  course  by  pitching,  rolling,  or  yawing,  the 
gyroscope,  maintaining  its  original  direction,  establishes  an 
electric  contact.  This  sets  in  motion  the  required  adjustments 
to  the  control  surfaces  to  bring  the  plane  back  on  course. 

Radar.  Perhaps  no  invention  developed  during  World 
War  II  had  such  a  marked  influence  on  the  course  of  events  as  | 
had  radar.  It  is  a  complex  electronic  device  which  sends  out 
electromagnetic  waves  of  very  high  frequency.  When  these 
strike  a  solid  object  they  are  reflected  back  to  their  source. 
The  echoing  waves,  picked  up  at  the  radar  station,  cause  an 
image  of  light  to  flash  on  the  end  of  a  cathode  ray  tube.  I  Ins 
image,  in  conjunction  with  auxiliary  devices,  enables  the 
observer  to  determine  the  direction  and  range  of  the  object. 
It  also  gives  with  astonishing  accuracy  a  general  outline  of  such 
large  objects  as  islands,  bays,  and  land  masses. 
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Courtesy  General  Electric 

Fig.  16-19.  Radar  sets  being  built  in  General  Electric  plant. 

The  war  uses  of  radar  were  many.  Its  first  use  was  in  Great 
Britain  where  the  first  radar  network  for  aircraft  detection  was 
built  in  1938.  It  was  this  network  which  made  it  possible  for 
the  small  Royal  Air  Force  to  intercept  with  such  deadly 
accuracy  the  raiding  bombers  in  the  Battle  of  Britain.  Radar 
was  used  by  night  fighters  to  locate  enemy  aircraft  in  the  dark, 
and  by  naval  vessels  to  locate  surfaced  submarines  and  sub¬ 
marine  periscopes.  One  of  its  most  important  applications  was 
instrument  bombing  when  unfavorable  weather  obscured  the 
target. 

The  use  of  radar  in  air  and  sea  navigation  holds  great 
possibilities  for  the  future.  In  the  experimental  stage,  devices 
now  exist  by  which  an  aeroplane  can  take  off  and  land  with 
almost  complete  safety  in  any  weather.  Using  the  radar-type 
terrain-indicator,  a  pilot  equipped  with  a  contour  map  can 
literally  feel  his  way  across  the  country.  Still  in  the  develop¬ 
ment  stage,  radar  devices  may  be  expected  to  make  an  extra¬ 
ordinary  contribution  to  safe  flying. 
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Of  Avhat  specific  value  to  Canada  is  air  transport?  Since 
Theodore  McCauley,  on  May  15th,  1914,  flew  the  first 
passenger  in  Canada  from  Toronto  to  Hamilton,  air  transport 
has  seen  many  changes  and  brought  many  gains  to  Canada. 
Since  the  bulk  of  our  population  occupies  a  narrow  belt  along 
the  four  thousand  miles  of  the  country’s  southern  border,  the 
rapid  communication  provided  by  air  travel  is  perhaps  more 
important  to  Canadians  than  to  any  other  people.  Moreover, 
our  great  roadless  Northland  can  be  opened  and  adequately 
served  by  no  other  means.  In  this  region,  Canadians  were  the 
first  to  equip  planes  with  skis  for  winter  work.  In  the  North¬ 
land,  trips  which  would  require  laborious  weeks  by  canoe,  river 
boat  and  pack  train  are  completed  in  a  matter  of  hours  by  air. 
Costly  cargoes  of  furs  are  brought  quickly  to  market.  Through 
air  transport,  northern  mines  are  discovered  and  supplied, 
gaining  two  or  three  extra  months  of  operating  time  each 
summer.  Canada’s  great  radium-uranium  deposit  at  Great  Bear 
Lake  was  discovered  from  the  air.  The  Labine  brothers,  leav¬ 
ing  Great  Bear  Lake  after  a  summer  of  fruitless  prospecting, 
asked  the  pilot  to  skirt  the  lake  shore  so  that  they  could  scout 
the  rocky  cliffs  for  evidence  of  minerals.  One  cliff  in  particular 
showed  markings  of  a  promising  type.  Next  summer  they 
investigated,  and  discovered  the  uranium  ore  which  has  given 
Canada  world  leadership  in  the  radium  and  atomic  energy 
fields. 

In  a  country  of  vast  distances  and  rugged  terrain,  the 
potential  applications  of  air  transport  are  unlimited.  Canada 
has  mapped  much  of  her  territory  by  the  accurate  method  of 
air  photography.  On  the  fisheries  patrols  of  the  coastal  regions 
aeroplanes  have  done  invaluable  work.  Forest  fires  are  pre¬ 
vented  by  spotting  small  blazes  and  transporting  men  and 
material  to  the  scene  by  air.  Insect  pests  are  eliminated  by 
poison-dusting  orchards,  fields,  and  forest  areas  from  aircraft. 

Canada  is  in  a  strategic  position  on  globe-circling  air  routes 
across  the  top  of  the  world.  The  shortest  routes  from  the 
United  States  to  Russia  and  the  Orient  cross  northern  Canada. 
Well-distributed  airports  will  bring  much  trade  and  passenger 
travel.  Canada  has  the  opportunity  of  becoming  a  hub  of 
world  air  transportation. 
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The  rapid  development  of  air  transport  has  brought  man 
not  only  new  opportunities  but  also  new  responsibilities.  The 
terrible  potentialities  of  air  warfare,  so  amply  demonstrated 
from  1939  to  1945,  make  it  imperative  that  a  practical  form  of 
world  organization  be  formed  to  regulate  international  affairs 
peacefully.  In  this,  the  most  difficult  task  mankind  has  ever 
faced,  air-minded  Canada  must  play  a  leading  part. 


Activities 

A 

1.  Problem— To  demonstrate  Bernoulli’s  principle. 

Hang  a  ping  pong  or  pith  ball  on  a  thread  and  using  a  straw  or  tube, 
create  a  current  of  air  past  the  ball.  Explain  the  behavior  of  the  ball. 

2.  Problem — To  demonstrate  Bernoulli’s 
principle. 

Push  a  pin  through  a  light  piece  of  card¬ 
board  and  put  the  pin  into  the  hole  of  a 
spool.  Blow  through  the  spool,  gently  at 
first,  then  vigorously.  Explain  the  behavior 
of  the  card. 

3.  Problem — To  demonstrate  Bernoulli’s 
principle. 

Bend  a  strip  of  cardboard  and  place  it 
over  a  pencil  (Fig.  16-20).  Blow  downward 
past  the  curved  surface.  Explain  the  behavior 
of  the  cardboard. 


B 

1.  Examine  a  model  aeroplane,  identifying  the  fuselage,  wings,  ailerons, 
fin,  rudder,  horizontal  stabilizer,  and  elevators. 

2.  An  interested  student  may  be  willing  to  build  for  the  school  a 
wooden  model  equipped  with  stick  and  pedals  which  actually  operate  the 
moveable  controls  by  cable  connections.  Such  a  model  is  very  useful  for 
instructional  purposes. 

3.  Collect  pictures  of  various  types  of  military  and  civil  aircraft 
classifying  them  in  the  ways  suggested  in  the  text.  Models  may  be 
collected  and  classified  in  a  similar  way. 

4  If  possible,  visit  an  air-port,  see  the  system  of  traffic  control  centred 
in  the  control  tower,  and  examine  the  controls  and  instrument  panel  of  an 
actual  aeroplane. 

5.  Collect  current  news  items  concerning  new  types  of  aircraft,  new 
speed  records,  long  distance  flights,  and  other  aviation  achievements. 

6.  Obtaining  the  necessary  information  from  transportation  companies 
compare  the  cost  of  a  particular  trip  by  air,  by  train,  and  by  bus. 

7.  What  factors  make  marine  navigation  more  difficult  than  air 
navigation?  What  factors  make  air  navigation  more  difficult? 

8.  Why  did  dirigibles  not  play  an  important  role  in  World  War  II? 
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Use  Archimedes’  principle  of  buoyancy  (page  533)  to  calculate  the  lifting 
power  of  a  balloon  containing  2000  cubic  feet  of  hydrogen,  and  also  of  one 
containing  2000  cubic  feet  of  helium.  How  do  the  lifting  powers  of  the 
two  gases  compare?  What  is  the  great  advantage  of  helium  as  a  lifting 
gas?  What  country  has  a  practical  monopoly  in  the  world’s  helium 
supply? 

9.  Write  a  note  on  peacetime  uses  of  the  helicopter. 

10.  Keep  a  daily  weather  chart,  recording  precipitation,  barometric 
pressures,  quantity  and  type  of  clouds,  temperatures,  and  direction  and 
velocity  of  wind.  Try  to  identify  cold  fronts  and  warm  fronts  as  they 
pass  over. 

11.  Collect  articles,  news  items,  and  pictures  of  control  and  safety 
devices  used  in  aviation. 


C 

(Do  not  write  answers  in  this  book) 

1.  The  body  of  an  aeroplane  is  called  the  - .  It  is  supported  in 

flight  by  a  difference  in  - -  on  the  two  surfaces  of  the  - .  The 

fixed  control  surfaces  which  provide  - -  are  the  - ,  - — - — ,  and 

- .  The  moveable  control  surfaces  which  provide - are  the - , 

- ,  and - . 

2.  Four  forces  act  on  an  aeroplane  in  flight.  The  wings  produce  - - -, 

which  is  opposed  by  - .  The  air  screw  produces  • — - ,  which  is 

opposed  by  - .  In  -  flight,  these  four  forces  are  in  equilibrium. 

3.  The  greater  portion  of  the  lift  in  a  modern  aeroplane  is  achieved  by 

an  application  of  the  principle  discovered  by  - .  To  create  this  type 

of  lift,  the  wing  is  built  in  the  shape  of  a - . 

4.  Up  to  a  certain  point,  lift  may  be  increased  by  increasing  the  — - . 

5.  The  stalling  angle  is  the  point  at  which  the  flow  of  air  over  the 

wings  ceases  to  be  -  and  becomes  - .  The  result  is  a  sudden 

loss  of - . 

6.  To  climb,  the  pilot  must  raise  the  - — - —  and  open  the  - .  To 

execute  a  turn  he  uses  the - and - . 

7.  The  chief  purpose  of  flaps  is  to  reduce  the  - . 

8.  The  instruments  on  the  panel  in  the  aeroplane’s  cockpit  may  be 

classified  in  three  groups,  one  concerning  the  - ,  one  - ,  and 

one  - . 

9.  The  power  unit  used  in  the  earliest  types  of  jet  plane  is  a  - . 

10.  Using  the  air-speed  indicator  and  the  drift  indicator,  the  air  navi¬ 
gator  can  measure  the  direction  and  velocity  of  the - . 

11.  The  most  dangerous  type  of  turbulence  in  the  air  is  the  - , 

because  it  may  cause  a  sudden  loss  of - . 

12.  Dangerous  icing  occurs  when  a  plane  enters  a  region  which 

contains  - . 

13.  Two  aviation  instruments  which  operate  on  the  gyroscope  principle 

are  the  -  and  the  - . 
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D 

In  this  unit  we  have  studied  a  variety  of  types  of  power  plants,  includ¬ 
ing  the  steam  engine,  steam  turbine,  electric  motor,  gasoline  engine,  diesel 
engine,  gas  turbine,  and  jet-propulsion  unit.  Specific  advantages  may  be 
claimed  for  each.  Some  of  these  advantages  are : 

(1)  great  power  in  single  units. 

(2)  light  weight  per  horsepower. 

(3)  dependability. 

(4)  low  operating  cost. 

(5)  low  maintenance  cost. 

(6)  cheap  mass-production  manufacturing  methods. 

(7)  flexibility  as  regards  load. 

(8)  high  thermal  efficiency. 

(9)  vibrationless  operation. 

(10)  regenerative  braking. 

Indicate  which  of  these  factors  are  most  important  in  choosing  power 
units  for  locomotives,  ships,  automobiles  and  aircraft.  Show  how  these 
considerations  have  determined  the  types  of  power  units  used  in  each 
kind  of  vehicle. 


16-21. 


Courtesy  R.C.A.F. 


KE\  to  instrument  panel  of  four-engined  transport  aircraft: 


1.  De-icer  Pressure. 

2.  De-icer  Control. 

3.  Instrument  Pressure 

4.  Airspeed  Indicator. 

5.  Artificial  Horizon. 

6.  Rate  of  Climb  Indicator. 

8.  Altimeter. 

9.  Direction  Indicator. 

10.  Turn  and  Bank  Indicator. 

11.  Clock. 

12.  Gyro  Stabilized  Magnetic 

Compass. 

13.  14,  15,  16.  Marker  lights 

for  use  on  Blind  Land¬ 
ings. 

17,  18,  19,  20.  Landing  Gear 
Indicator  Lights. 


21.  Selector  Switch  for  Static 

Pressure  Line. 

22,  23.  24.  25,  26.  Engine 

R.P.M.  Indicator. 

27,  28,  29,  30.  Intake  Mani¬ 
fold  Pressure  (Boost). 
31,  32,  33,  34.  Carburettor 
Intake  Pressure. 

35,  36,  37,  38.  Oil  Tempera¬ 
ture  Gauge. 

39,  40,  41,  42.  Coolant  Tem¬ 
perature  Gauge. 

43.  Flap  Position  Indicator. 

44.  Airspeed  Indicator. 

45.  Artificial  Horizon. 

46.  Rate  of  Climb  Indicator. 

47.  Blind  Landing  Indicator. 


48.  Altimeter. 

50.  Turn  and  Bank  Indicator. 

49.  Direction  Indicator. 

5 1 .  Clock. 

52.  53,  54,  55.  Marker  Lights 

for  Use  on  Blind  Land¬ 
ings. 

56.  Instrument  Pressure 

Gauge. 

57,  58,  59,  60,  61.  Coolant 

Temperature  Warning 
Lights. 

62,  63,  64,  65,  66,  67,  68,  69. 

Fuel  Quantity  Gauges. 
70,  71.  Fuel  Consumption 
Meter. 


Note:  Some  instruments  are  duplicated  for  pilot  and  co-pilot. 


UNIT  V 


APPLICATIONS  OF  SCIENTIFIC  DISCOVERIES 
HAVE  VASTLY  IMPROVED  OUR  MEANS  OF 
COMMUNICATION. 


CHAPTER  17 

THE  INVENTION  OF  THE  TELEGRAPH  REVOLU¬ 
TIONIZED  METHODS  OF  COMMUNICATION,  AND 
THE  TELEPHONE  HAS  BECOME  AN  ESSENTIAL 
PUBLIC  UTILITY 

Before  the  year  1837  methods  of  communication  were 
picturesque  but  slow.  Across  the  vast  stretches  of  the  American 
prairies  Indians  sent  messages  to  one  another  by  means  of 
columns  of  smoke  of  varying  length.  Through  the  dense 
African  forest  news  spread  with  amazing  rapidity  when 
translated  into  the  beat  of  jungle  drums.  Signals  were  flashed 
over  the  scorched  sands  of  the  Sahara  when  shiny  pieces  of 
metal  were  used  to  reflect  the  rays  of  the  sun.  Often,  men 
and  animals  were  used  to  carry  messages.  In  ancient  Greece, 
news  of  the  Battle  of  Marathon  was  carried  twenty  miles  by  a 
single  runner.  Browning  in  his  famous  poem  tells  of  the 
wounded  rider  who  fell  dead  at  the  feet  of  his  Emperor  after 
carrying  news  of  a  successful  siege.  We  have  the  story  of  the 
stirring  ride  from  Ghent  to  Aix,  and  of  the  midnight  ride  of 
Paul  Revere.  In  the  days  of  the  Caesars,  mounted  Roman 
messengers  were  able  to  cover  100  miles  in  a  day.  Two 
thousand  years  later,  in  America,  the  riders  of  the  Pony 
Express  carried  the  mail  by  the  same  method  and  at  the  same 
rate.  Even  at  the  mad  pace  set  by  these  daring  horsemen, 
messages  took  nearly  a  month  to  cross  the  continent.  Because 
of  the  slowness  and  vulnerability  of  human  and  animal  messen¬ 
gers,  the  increasing  complexity  of  modern  civilization 
demanded  new  methods  of  communication. 

In  1791,  Chappe  invented  the  semaphore,  a  contrivance  with 
mechanical  arms  for  the  transmission  of  signals.  It  is  said  that 
when  Napoleon  was  defeated  at  Waterloo,  advance  information 
sent  to  the  Rothschilds  by  semaphore  enabled  them  to  operate 
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on  the  stock  market  in  such  a  way  as  to  lay  the  foundation  of 
the  huge  fortune  which  they  eventually  acquired.  In  the  same 
year  that  the  semaphore  was  invented,  Michael  Faraday  was 
born.  It  was  because  of  the  impetus  given  to  the  study  of 
electricity  by  the  researches  and  lectures  of  this  great  British 
physicist  that  Morse,  Bell,  Edison,  de  Forest  and  others  were 
eventually  able  to  replace  such  mechanical  devices  as  the  sema¬ 
phore  by  electrical  means  of  communication. 

What  was  the  first  important  electrical  signalling  device? 

During  the  eighteenth  century,  when  the  study  of  electricity 
was  yet  in  its  infancy,  several  men,  including  the  great 
American  scientist,  Benjamin  Franklin,  invented  signalling 
devices  which  sent  electrical  impulses  from  discharged  con¬ 
densers  through  circuits  of  wire.  As  long  as  static  electricity 
lemained  the  sole  source  of  energy,  however,  progress  was 
necessarily  slow.  The  discovery  in  1800  of  the  voltaic  cell,  and 
the  invention  of  the  electromagnet  in  1830,  by  the  American 
physicist,  Joseph  Henry,  finally  set  the  stage  for  Samuel  Morse’s 
invention  of  the  telegraph. 

Morse’s  original  invention  was  much  more  complicated  than 
the  modern  telegraph  sounder,  for  it  printed  the  dots  and 
dashes  as  it  received  them.  Because  of  this  unnecessarily 
difficult  approach  to  the  problem,  Morse’s  lack  of  scientific 


Fig.  17-1.  A  single  telegraph  circuit  including  key,  sounder,  and  battery. 
Key :  A,  B,  X  and  Y  are  terminals. 
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training,  and  a  shortage  of  funds,  twelve  years  passed  before 
Morse  produced  a  device  which  really  worked.  With  the 
backing  of  Henry,  Morse  was  then  able  to  persuade  the  United 
States  Congress  to  appropriate  $30,000  for  the  construction  of 
a  telegraph  cable  from  Washington  to  Baltimore.  Although 
two-thirds  of  the  money  was  lost  in  an  unsuccessful  effort  to  lay 
an  underground  cable,  nevertheless,  in  the  spring  of  1844 
telegraphic  connection  between  the  two  cities  was  established 
and  the  famous  phrase  “What  God  hath  wrought”  was  slowly 
tapped  out  over  the  wires.  A  few  days  later,  citizens  returning 
to  Washington  from  a  political  convention  in  Baltimore  were 
amazed  to  find  that  news  of  the  convention  had  preceded  them. 

How  do  telegraph  sounders  operate?  A  single  telegraph 
sounder  consists  of  an  electromagnet  (M),  a  movable  armature 
(R),  and  a  key  (K)  to  close  the  circuit  (Fig.  17-1).  When  the 
key  is  depressed,  current  from  the  battery  energizes  the  magnet, 
which  attracts  the  armature  and  causes  a  click.  When  the  key 
is  released,  a  spring  (S)  separates  the  contacts,  the  coil  is 
demagnetized  and  a  second  spring  pushes  the  armature  back 
causing  a  second  click.  The  length  of  time  between  the  two 
clicks  indicates  whether  a  dot  or  a  dash  is  being  sent. 

When  two  sounders  are  connected,  they  are  arranged  so  that 
when  one  key  is  kept  closed  both  sounders  may  be  operated 
from  the  second  key  (Fig.  17-2).  Instead  of  a  return  wire,  the 
ground  is  used  to  complete  the  circuit.  In  such  a  simple 
arrangement  only  one  message  may  travel  over  the  circuit  at 
any  given  time.  In  any  circuit,  keys  are  kept  permanently 
closed  except  the  one  on  which  a  message  is  being  sent. 
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1  en  years  after  Morse’s  original  invention  of  the  telegraph, 
a  more  complex  connection  system  known  as  the  duplex  was 
devised.  This  doubled  the  usefulness  of  a  single  telegraph 
circuit  by  making  it  possible  to  send  out  a  message  without 
interfering  with  an  incoming  message.  The  subsequent  devel¬ 
opment  by  Heaviside  and  Edison  of  the  quadruplex  connection, 
and  the  discovery  of  the  harmonic  telegraph,  have  made  it 
possible  to  send  eight  or  ten  messages  simultaneously  in  either 
direction  over  a  single  wire. 

Why  are  telegraph  messages  sent  in  Morse  code?  Both  the 
telegraph  and  the  telephone  are  devices  for  the  transmission 
of  sounds  by  the  use  of  electrical  energy.  Since  the  telephone 
transmits  speech  directly,  one  might  well  wonder  why  we 
continue  to  use  the  telegraphic  system  of  sending  a  code  of  dots 
and  dashes  which  must  be  translated  by  the  receiver.  The 
answer  is  that  the  advantage  of  the  telegraph  lies  in  its  sim¬ 
plicity.  The  sounds  which  make  up  ordinary  speech  are 
exceedingly  complex.  An  instrument  which  is  to  reproduce 
speech  intelligibly  must  reproduce  with  great  accuracy  not  only 
the  length  of  the  sound  but  also  its  pitch,  its  intensity,  and  its 
quality.  For  example,  failure  of  a  telephone  circuit  to  transmit 
properly  just  one  particular  overtone  makes  it  practically 
impossible  for  the  listener  to  distinguish  between  the  words 
“two  ’  and  “three”.  On  the  other  hand,  a  message  transmitted 
by  Morse  code  can  be.  read  if  only  the  length  of  the  individual 
sounds  can  be  distinguished. 

The  simplicity  of  the  apparatus  required  for  transmission  of 
Morse  code  is  particularly  important  in  long  distance  communi¬ 
cation,  where  weak  signals  must  be  amplified.  Transoceanic 
telegraphy  is  possible  by  means  of  underwater  cable,  but 
telephone  signals  sent  over  the  same  route  are  so  weak  they 
cannot  be  deciphered.  It  is  possible  to  telephone  across  the 
ocean  by  means  of  radio;  nevertheless,  cable  telegraphy  remains 
both  simpler  and  more  dependable. 

In  view  of  these  facts,  it  is  not  surprising  that  although  the 
telegraph  was  used  successfully  in  1842,  Alexander  Graham 
Bell’s  first  telephone  message  was  not  spoken  until  1876.  A 
period  of  thirty-four  years  was  necessary  for  perfectino-  Bell’s 
more  complicated  instrument.  Neither  is  it  surprising  that 
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Morse  code  telegraphy  is  still  able  to  compete  successfully  with 
newer  methods,  particularly  for  long  distance  communication. 


What  devices  are  used  to 
amplify  weak  signals? 
Signals  which  have  been 
transmitted  over  long  dis¬ 
tances  may  be  so  weak  that 
they  are  incapable  of 
actuating  the  heavy  electro¬ 
magnet  of  a  sounder. 
Under  such  circumstances 
a  relay  is  used  (Fig.  17-3). 
This  device  may  be  oper¬ 
ated  by  a  very  small  cur¬ 
rent.  The  armature  (A) 
of  the  relay  does  not  make 
a  sound  loud  enough  to  be 
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Fig.  17-3.  A  relay.  When  the  key  is  closed,  read  by  the  operator, _ 

the  electro-magnet  in  the  primary  circuit  Qpens  and  doses  a  second 
attracts  the  armature,  A,  and  closes  the  .  “  .  . 

second  circuit.  circuit  which  has  an  aux¬ 


iliary  battery  (Bx),  and  this 
second  circuit  operates  a  sounder  (S)  in  obedience  to  the 
impulses  recorded  by  the  relay. 


A  vacuum  tube  amplifier  (page  624)  may  also  be  used  as  a  telegraph 
relay.  Associated  with  it,  a  device  may  be  used  which  “relapses”  the  signal 
to  make  it  clearer.  In  order  to  perform  this  mechanical  miracle,  the  relay 
amplifies  only  the  strongest  part  of  the  signal. 


What  special  problems  arise  in  connection  with  underwater 
cables?  Underwater  cables  are  usually  expected  to  carry  the 
telegraphic  signal  for  a  long  distance.  Stations  on  either  side 
of  the  Atlantic  Ocean,  for  example,  are  nearly  three  thousand 
miles  apart.  To  carry  an  intelligible  message  so  far,  the  line 
must  have  a  very  low  resistance;  hence  its  core  consists  of 
several  strands  of  very  heavy  copper  wire  twisted  into  a  cable. 

The  copper  cable,  which  carries  the  actual  current,  is  wound 
throughout  its  length  with  a  tape  of  permalloy.  This  alloy  of 
nickel  and  iron  has  an  exceptionally  high  magnetic  permeabil¬ 
ity;  that  is,  magnetic  lines  of  force  may  be  set  up  in  it  with 
unusual  ease.  The  inclusion  of  the  permalloy  tape  is  known 
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as  “loading”  the  cable.  Loading  the  cable  increases  the  amount 
of  electrical  energy  which  must  be  expended  in  sending  elec¬ 
trical  impulses  through  the  circuit,  but  it  also  increases  their 
chance  of  reaching  the  end  of  their  journey  successfully.  A 
useful  analogy  is  the  process  of  throwing  a  ball.  The  actual 
energy  required  to  move  a  ping-pong  ball  a  distance  of  100  feet 
is  much  less  than  that  required  to  move  a  baseball  through  the 
same  distance.  Yet  it  is  quite  easy  to  throw  a  baseball  100  feet, 
and  quite  impossible  to  throw  a  ping-pong  ball  that  far.  The 
thrower  has  at  his  disposal  an  ample  supply  of  energy,  but  finds 
it  physically  impossible  to  impart  to  the  lighter  ball  enough 
energy  at  one  time  to  carry  it  more  than  a  short  distance. 
Similarly,  in  the  case  of  long  distance  telegraphy  the  problem 
is  not  a  shortage  of  available  energy,  but  rather  the  difficulty  of 
associating  with  the  signal  the  energy  required  to  carry  it  over 
the  three  thousand  mile  distance.  Overcoming  this  difficulty 
is  the  function  of  the  loading  tape. 

Telegraph  and  telephone  lines  which  travel  over  land  are 
also  loaded,  but  by  a  different  method.  At  regular  intervals 
the  lines  are  surrounded  by  a  series  of  coils.  The  presence  of 
these  coils,  like  that  of  the  permalloy  tape,  increases  the  energy 
required  to  transmit  a  signal.  This  method  of  loading  was  the 
invention  of  the  American  physicist,  Michael  Pupin,  and  he  is 
said  to  have  profited  to  the  extent  of  a  quarter  of  a  million 
dollars  from  his  patents  on  this  one  device. 

A  further  problem  in  constructing  an  underwater  cable  is 
that  of  protecting  it  from  stray  electric  currents,  from  abrasion 
and  mechanical  shock,  and  from  seepage  of  sea  water  which 
would  cause  a  short  circuit.  The  metallic  core  of  the  cable  is 
accordingly  covered  with  a  complex  protective  coat.  A  moulded 
layer  of  gutta  percha  acts  as  an  insulator,  and  a  brass  sheath 
over  the  rubber  keeps  out  the  destructive  teredo  worm.  A  serv- 
ing  of  jute  acts  as  a  filler,  and  a  long  spiral  of  galvanized  iron 
wire  serves  both  to  protect  the  cable  from  mechanical  shock 
and  to  prevent  it  from  picking  up  induced  electric  currents. 
Over  the  iron  is  a  double  serving  of  yarn,  covered  with  pitch  to 
render  the  cable  water-proof.  Two  types  of  cable  are  used,  one 
about  an  inch  in  diameter  and  weighing  two  tons  per  nautical 
mile  for  use  where  the  water  is  deep,  and  the  other  approxi¬ 
mately  three  and  a  half  inches  in  diameter  and  weighing  thirty 
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tons  per  nautical  mile,  for  regions  close  to  the  shore  where  risk 
of  mechanical  abrasion  is  so  much  greater. 

Cyrus  Field  was  the  first  to  attempt  the  laying  of  a  trans- 
Atlantic  cable.  He  commenced  the  task  in  1854,  and  is  said 
to  have  crossed  the  ocean  sixty-five  times  during  the  twelve 
years  that  elapsed  before  he  was  eventually  successful.  There 
are  now  twenty-one  transatlantic  cables.  To  lay  1000  miles  of 
cable  costs  $2,000,000,  and  its  annual  maintenance  cost  is 
$600,000.  The  first  cable  carried  messages  at  the  rate  of  fifteen 
letters  per  minute,  and  a  minimum  of  one  hundred  dollars  was 
charged  for  each  message.  Today  the  use  of  automatic  senders 
has  increased  the  rate  to  2500  letters  per  minute,  and  the  cost 
of  a  transatlantic  cablegram  is  twenty-five  cents  per  word. 

What  devices  are  used  to  transmit  messages  automatically? 
Automatic  telegraphs  are  used  to  obtain  greater  accuracy  and 
greater  output.  The  consequent  saving  in  skilled  labour 
reduces  the  cost  of  communication  by  telegraph.  Two  varieties 
of  automatic  telegraphs  are  in  common  use:  the  simplex  and 
multiplex  types.  We  need  not  be  concerned  with  the  technical 
differences  between  the  two,  except  to  notice  that  the  multiplex 
system  permits  a  greater  number  of  messages  to  be  sent  simul¬ 
taneously  over  a  single  line.  It  is  therefore  used  on  busy  trunk 
lines,  while  the  less  expensive  simplex  system  is  used  on 
local  lines. 

In  both  of  these  systems  the  operator  copies  the  message  on 
a  machine  which  has  a  keyboard  like  that  of  a  standard  type¬ 
writer.  Instead  of  printing  a  letter  on  a  sheet  of  paper,  each 
key  when  depressed  makes  a  pattern  of  perforations  on  a  strip 
of  paper  according  to  a  special  code.  Passage  of  the  perforated 
strip  over  a  drum  permits  electrical  contact  only  at  the  perfor¬ 
ations.  Electrical  impulses  then  travel  over  the  wire  and 
produce  identical  perforations  on  a  strip  of  paper  at  the 
receiving  end.  Electrical  contact  through  these  perforations 
actuates  the  keys  of  another  typewriter  in  proper  sequence,  and 
the  message  is  tapped  out  ready  for  reading. 

By  the  use  of  the  multiplex,  from  two  to  five  separate 
transmissions  may  be  sent  in  each  direction  simultaneously. 
The  system  is  designed  for  an  operating  speed  of  72  words  per 
minute,  which  is  the  maximum  typing  speed  at  which  operators 
can  work  for  extended  periods. 
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How  may  pictures  be  transmitted  by  telegraph?  When 
wirephotos  are  transmitted,  two  motors  operating  cylindrical 
drums  must  be  synchronized  at  the  sending  and  receiving 
stations.  The  picture  to  be  sent  is  placed  on  one  drum  and 
sensitized  photographic  paper  on  the  other.  A  steady  series  of 
dot  signals,  sent  over  the  wire  as  the  drums  revolve,  is  recorded 
on  the  sensitized  paper.  Thus,  if  the  receiving  drum  revolved 
at  a  constant  speed  the  sensitized  paper  would  be  covered  with 
a  uniform  density  of  dots,  producing  a  uniform  gray  colour. 
The  drums,  however,  do  not  revolve  at  a  constant  speed. 
Photoelectric  control  causes  the  sending  drum  to  revolve  more 
slowly  past  the  darker  portions  of  the  picture.  A  varying  cur- 
lent  sent  over  the  wire  from  this  drum  keeps  the  receiving 
drum  synchronized  with  it.  The  reduced  speed  of  the  receiving 
drum  allows  a  greater  density  of  dots  to  be  recorded  on  the 
photographic  paper  in  a  position  corresponding  exactly  with 
the  dark  portion  of  the  original  picture. 

What  are  the  functions  of  a  central  telegraph  office?  Even 
if  it  were  possible  to  send  only  one  message  over  a  given  wire 
at  one  time,  it  would  still  be  necessary  to  have  central  offices 
in  all  the  large  cities.  Otherwise  every  village  and  hamlet 
would  need  to  be  interconnected  by  a  maze  of  wires  far  more 
complicated  than  the  web  which  is  now  in  use.  With  inven¬ 
tions  which  make  it  possible  to  send  ten  or  more  messages  over 
a  single  wire,  the  importance  of  trunk  lines,  and  hence  of 
central  offices,  becomes  even  greater.  The  central  office  of 
Western  Union  in  New  York  City  is  a  huge  structure 
employing  7000  people.  In  the  building  are  operating  rooms, 
engineering  offices,  business  departments,  dispatchers  and  a 
test-board. 

A  telegiaph  message  may  start  and  finish  its  journey  by 
telephone,  or  it  may  be  handed  across  the  desk  of  a  local 
telegraph  office.  If  the  receiving  station  is  a  branch  office  in 
a  large  city  it  may  be  connected  with  the  central  office  by  a 
pneumatic  tube  through  which  the  printed  sheet  may  be  sent 
intact.  Otherwise  the  message  may  be  sent  to  the  central  office 
by  means  of  a  simplex  telegraph  operated  by  a  stenographer. 
In  the  central  building  an  entire  floor  is  devoted  to  sortino-  the 
messages  and  sending  them  by  conveyers  to  the  operating  room 
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staff.  The  message  is  sent  from  one  large  centre  to  another  by 
multiplex,  thence  to  a  local  office  by  simplex,  and  may  conclude 
its  journey  by  telephone  or  messenger.  On  this  continent,  the 
average  length  of  time  required  for  transmission  is  four 
minutes. 

Not  the  least  important  department  of  a  central  telegraph 
office  is  that  devoted  to  maintenance.  With  the  aid  of  the 
test-board,  a  break  in  a  telegraph  wire  may  be  located  to  within 
a  foot,  even  though  it  may  occur  three  hundred  miles  away. 
Once  the  break  has  been  located,  maintenance  men  go  out  and 
repair  the  damage.  Occasionally,  heavy  construction  gangs 
must  be  sent  out  from  the  central  office  to  effect  major  repairs. 
On  the  other  hand,  much  of  the  trouble-shooter’s  time  is 
occupied  with  maintenance  of  equipment  right  in  the  central 
office. 

How  may  telephone  wires  be  used  to  transmit  telegraph 

messages?  Although  mail,  telegraph,  and  telephone  may  seem 
to  constitute  separate  communication  fields,  there  is  actually 
little  rivalry  between  the  systems,  but  rather  a  considerable 
degree  of  co-operation.  Long  distance  telephone  lines,  for 
example,  are  frequently  used  for  the  transmission  of  telegraph 
messages. 

Electrical  waves  which  carry  a  telegraph  message  are 
distinctly  different  from  those  which  carry  a  telephone  call,  and 
it  is  this  difference  in  electrical  character  which  permits  the 
two  types  of  signals  to  be  carried  by  the  same  wire  without 
mutual  interference.  Although  the  batteries  used  as  sources 
of  energy  for  both  telegraphy  and  telephony  are  usually  con¬ 
sidered  to  furnish  direct  current,  variations  in  the  current 
strength  are  produced  by  the  dots  and  dashes  and  by  the 
speaking  voice.  The  wires  therefore  carry  a  pulsating  current, 
which  is  in  many  ways  similar  to  an  alternating  current. 
Transformers,  condensers  and  other  apparatus  associated  with 
the  use  of  alternating  current  may  be  employed.  The  frequency 
of  the  variations  is  much  higher  in  the  telephone  current  than 
in  the  telegraph  current.  Hence,  a  condenser  may  be  used  to 
keep  the  low  telegraph  frequencies  from  interfering  with  the 
telephone  call,  and  a  device  called  a  choke  coil  serves  to  keep 
the  higher  telephone  frequencies  from  being  recorded  by  the 
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telegraph  receiver  (Fig.  17-4a).  This  arrangement,  known  as 
the  composite  method,  is  quite  satisfactory  for  use  with  the 
more  primitive  telegraph  methods,  but  permits  too  much 
interference  if  the  simplex  automatic  sender  is  to  be  used. 

For  simultaneous  transmission  over  the  same  wire  of  tele¬ 
phone  and  simplex  telegraph  signals,  we  take  advantage  of 
another  difference  between  these  communication  methods. 
A  telegraph  circuit  generally  consists  of  a  single  wire,  the 
ground  providing  the  return  circuit.  The  more  complex 
nature  of  telephone  signals  makes  it  necessary  to  employ  a 
second  wire  for  the  return  circuit.  However,  if  both  sides  of 
the  telegraph  circuit  are  grounded,  and  the  telegraph  sender  is 


Fig.  17 -4b.  Telegraph-telephone  circuit  using  the  “simplex”  method.  Arrows 
indicate  the  path  of  the  electricity  in  the  telegraph  circuit. 
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connected  to  the  centre  tap  of  a  simplex  or  “repeating”  coil 
(Fig.  17-4b),  the  telegraph  current  divides  itself  between  the 
two  wires  of  the  telephone  circuit  and  returns  through  the 
ground.  Since  the  telegraph  current  is  then  producing  identi¬ 
cal  variations  in  both  wires,  it  has  no  effect  on  the  current 
induced  in  the  telephone  side  of  the  transformer. 

For  the  more  sensitive  multiplex  telegraphy,  two  pairs  of 
telephone  wires,  known  as  a  “quad”,  are  used  to  provide  an 
all-metal  telegraph  circuit.  Such  a  circuit  is  extremely  reliable, 
for  all  four  wires  of  the  “quad”  must  be  broken  before 
communication  by  telegraph  is  entirely  disrupted. 


Under  what  circumstances  was  the  telephone  invented?  The 
introduction  of  the  telephone  was  retarded  as  much  by  a  lack 
of  enthusiasm  on  the  part  of  the  people  to  whom  it  was  offered 
as  by  the  mechanical  difficulties  inherent  in  its  invention.  Very 
few  people  in  the  early  days  could  see  the  value  of  the  telephone 
as  an  adjunct  to  modern  civilization.  Yet  today  there  are 

30,000,000  telephones  on 
the  North  American  conti¬ 
nent,  one  for  every  five 
people.  Approximately 
75,000,000  conversations 
are  carried  on  daily.  Total 
investment  is  approxi¬ 
mately  six  billion  dollars, 
and  employment  is  given 
to  more  than  a  quarter  of 
a  million  people. 

Alexander  Graham  Bell, 
the  inventor  of  the  tele¬ 
phone  (Fig.  17-5),  could 
number  among  his  ances¬ 
tors  many  teachers  of  elo¬ 
cution.  He  was  born  in 
England,  emigrated  at  an 
early  age  to  Canada,  and 
later  moved  with  his 

Courtesy  Bell  Telephone  Laboratories  .  .  -n  t. 

„  -  A1  s  r  \  v>  1.  .  parents  to  Boston.  It  was 

Fig.  17-5.  Alexander  Graham  Bell  at  open-  1  .  .  . 

ing  of  New  York-Chicago  line,  1892.  there,  while  he  was 
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searching  for  a  mechanical  device  to  aid  in  the  speech  training 
of  deaf  mutes,  that  he  became  interested  in  the  problem  of 
electrical  transmission  of  speech.  He  reasoned  that  if  he  could 
make  a  current  of  electricity  vary  in  strength  precisely  as  the 
air  varies  in  density  during  the  production  of  a  sound  he  would 
be  able  to  transmit  speech  telegraphically.  When  he  took  his 
idea  to  Professor  Henry,  the  great  man  gave  him  every 
encouragement. 

Bell  soon  acquired  the  limited  information  of  his  time 
regarding  electricity,  and  employed  a  Mr.  Watson,  son  of  a 
local  machinist,  to  make  models  from  his  crude  drawings.  The 
early  attempts  of  these  two  enthusiasts  made  use  of  transmitters 
which  consisted  of  electromagnets  with  clock  springs  and 
electrical  contacts  over  the  poles.  The  idea  was  that  twanging 
the  spring  of  a  transmitter  would  cause  variations  in  the  mag¬ 
netic  field  about  the  circuit,  and  that  similar  vibrations  would 
be  set  up  in  the  receiving  spring. 

Day  after  day  and  night  after  night  the  two  laboured,  until 
their  landlady  threatened  to  turn  them  out.  Then,  on  a  hot 
June  day  in  1875,  it  happened.  One  of  the  receiving  springs 
vibrated.  Breathlessly,  Bell  rushed  to  the  weary  Watson  and 
ordered  him  to  repeat  what  he  had  just  done.  They  carefully 
examined  the  transmitter  which  had  worked,  and  discovered 
the  vital  fact  that  the  screw  of  the  electrical  contact  was  loose. 
They  had  hit  upon  the  idea  which  is  at  the  root  of  all 
telephonic  communication:  a  loose  electrical  contact  which  can 
be  made  to  vary  from  a  tight  connection  with  a  low  electrical 
resistance  to  a  loose  connection  with  a  high  electrical  resistance 
in  accordance  with  the  variations  in  air  density  which  make  up 
a  sound  wave. 

Armed  with  this  vital  knowledge.  Bell  designed  a  transmitter. 
In  March,  1876,  after  numerous  failures  and  many  slight 
changes  in  the  apparatus,  Bell  spoke  and  Watson  heard  the 
famous  sentence,  “Mr.  Watson,  come  here;  I  want  you.”  By 
June  the  apparatus  had  been  perfected  to  the  point  where 
simple  sentences  spoken  over  the  telephone  could  be  understood 
if  they  were  repeated  three  or  four  times.  It  is  significant  that 
Bell,  the  elocutionist,  could  make  himself  understood  over  this 
early  instrument,  but  Watson  could  not. 
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The  first  telephone  exchange  was  opened  in  Boston  in  1877 
with  seven  lines,  and  exchanges  were  soon  set  up  in  other  cities. 
Western  Union  began  to  operate  telephone  exchanges  in  com¬ 
petition  with  Bell  in  the  same  cities.  They  used  a  transmitter 
with  a  loose  iron  diaphragm  over  the  solid  core  of  an  electro¬ 
magnet,  the  invention  of  one  of  their  employees,  T.  A.  Edison. 
Competition  between  Bell  and  Western  Union  resulted  in 
litigation  over  patent  rights  which  was  carried  to  the  Supreme 
Court  of  the  United  States,  where  Bell  finally  won  out.  Soon 
afterward,  Hughes  invented  the  carbon-granule  transmitter, 
and  when  Bell  purchased  his  patent  rights  Western  Union  with¬ 
drew  from  the  field  and  concentrated  its  attention  on  the 
telegraph.  The  early  competition  between  these  two  promoters 
of  the  telephone  had  established  one  essential  fact.  The  endless 
confusion  which  resulted  from  the  existence  of  two  separate 
telephone  systems  in  the  same  city  had  shown  conclusively  that 
the  telephone  must  be  regarded  as  a  public  utility.  It  must  be 
administered  as  a  monopoly,  with  protection  of  the  public  com¬ 
ing  through  government  regulation  rather  than  through  the 
time-honoured  method  of  free  competition. 

What  is  the  basic  principle  of  the  telephone?  Early 
telephones  consisted  of  a  single  piece  of  apparatus  placed 
alternately  over  the  ear  and  mouth.  Separate  instruments  are 
now  used,  the  receiver  for  hearing  and  the  transmitter  for 
speaking.  In  the  monophone  arrangement,  receiver  and 
transmitter  are  rigidly  attached  to 
each  other,  to  make  the  instrument 
compact  and  convenient,  and  to 
ensure  that  the  mouth  is  placed  at  the 
correct  distance  from  the  transmitter. 

Vibrations  of  the  air  caused  by  the 
speaking  voice  set  up  similar  vibra¬ 
tions  in  a  metal  diaphragm  in 
the  transmitter  (Fig.  17-6).  The 
diaphragm  (D)  forms  the  cover  of  a 
case  packed  with  carbon  granules  (C). 

The  vibration  of  the  diaphragm 
causes  variations  in  the  pressure  on 
(lie  closely  packed  granules,  and  the 


Fig.  17-6.  Telephone  trans¬ 
mitter —  showing  essential 
parts. 
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result  is  variation  in  the 
electrical  resistance  offered 
by  the  carbon.  Since  the 
carbon  forms  a  link  in  the 
electric  circuit  (E)  running 
to  the  receiver,  the  varia¬ 
tions  in  its  resistance  cause 
identical  variations  in  the 
strength  of  the  current 
which  flows. 

The  receiver  (Fig.  17-7) 
consists  of  a  permanent 
horseshoe  magnet  with  fixed  coils  around  its  poles.  The 
variations  in  the  current  strength  cause  variations  in  the 
strength  of  the  magnet,  and  these  variations  in  turn  are  trans¬ 
formed  into  vibrations  of  the  thin,  soft-iron  diaphragm,  which 
cause  vibrations  in  the  surrounding  area.  Thus,  a  sound  wave 
is  set  up  which  is  identical  with  that  which  produced  the 
original  vibration  of  the  diaphragm  in  the  transmitter. 

How  may  two  telephones  be  connected  in  a  single  circuit? 
The  simplest  method  of  connecting  two  telephones  in  a  circuit 
is  shown  in  Figure  17-8,  where  both  receivers  and  both  trans¬ 
mitters  aie  in  series  with  a  single  battery.  Such  a  system  is 
inefficient,  because  the  receiver  has  a  high  resistance.  Current 
strong  enough  to  operate  the  receiver  effectively  is  too  strong  for 
the  transmitter.  Interphones  in  a  single  building  may  use  this 
simple  system.  Where  greater  efficiency  is  required,  the  weak 
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Fig.  17-7.  Telephone  receiver.  Key.  B — - 
cross-section  of  coils,  C — terminal,  D — thin, 
soft-iron  diaphragm,  M— permanent  horse¬ 
shoe  magnet. 


Fig.  17-8.  Simple  telephone  circuit,  operated  by  single  battery 
and  receivers  connected  in  series. 


Transmitters 
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Fig.  17-9a.  Battery-magneto  telephone  set. 

Key  :  M— magneto-ringer,  B— bell,  T— transmitter  circuit. 


current  used  in  the  transmitter  circuit  may  operate  a  relay 
which  controls  a  heavier  current  in  the  receiver  circuit. 

In  Figure  17-9a  is  shown  a  battery-magneto  set  such  as  is  used 
on  rural  lines.  The  battery  supplies  the  speaking  current,  and 
the  magneto,  which  switches  on  only  when  the  handle  is 
cranked,  supplies  a  heavier  current  for  signalling  purposes. 
The  ringer  (Fig.  17-9b),  which  has  a  high  resistance,  is  bridged 
across  the  circuit  at  all  times.  The  receiver  hook  closes  the 
battery  circuit  only  when  the  set  is  in  use,  so  that  the  life  of  the 
battery  is  prolonged  as  much  as  possible.  Occasionally, 
grounded  circuits  using  only  one  wire  are  used  for  rural 
telephones,  but  they  are  noisy  because  of  inductive  inter¬ 
ference.  The  wire  may  be  of  galvanized  iron,  but  copper 
is  better. 


The  bell  of  a  modern 
which  uses  alternating  current 


telephone  is  operated  by  a  ringer 
(Fig.  17-10).  The  condenser 
(C)  in  the  bell  circuit  permits 
the  passage  of  alternating  cur¬ 
rent  only. 

Even  in  the  city  a  single 
pair  of  wires  known  as  a  party 
line  may  be  used  for  several  (4 
to  10)  separate  subscriber  sta¬ 
tions.  To  avoid  the  necessity 
of  ringing  bells  in  all  the  four 
homes  on  the  line  when  the 
attention  of  one  of  the  parties 
is  to  be  attracted,  various 


Fig.  17-9b.  Magneto-ringer. 


TELEGRAPH  AND  TELEPHONE 


609 


methods  are  used.  Figure  17-11 
shows  one  common  arrangement 
of  wires  and  instruments  which 
rings  the  bells  in  only  half  the 
homes  on  each  party  line.  Greater 
selectivity  is  possible  by  means  of 
“harmonic”  ringers,  each  mechan¬ 
ically  tuned  to  a  given  frequency 
in  much  the  same  manner  as  a 
radio  is  tuned. 


Fig.  17-10.  Bell-circuit  of  mod¬ 
ern  telephone.  S — switch  to  re¬ 
ceiver-transmitter  circuit. 


Why  do  two  telephone  wires  run  to  each  house?  In  any 

telephone  system,  every  subscriber  must  be  connected  to  a 
central  station,  in  order  that  he  may  be  connected  at  will  with 
any  other  subscriber.  Moreover,  unless  he  is  willing  to  delay 
his  calls  until  others  have  finished  using  the  line  each  subscriber 
must  have  a  separate  circuit.  Since,  as  has  been  mentioned, 
it  is  not  satisfactory  to  use  the  ground  as  a  return  circuit,  it 
follows  that  from  each  house  an  individual  pair  of  wires  must 
run  directly  to  the  central  station.  The  telephone  system 
differs  fundamentally  from  a  water  system  or  an  electric  power 
system  in  that  it  is  impossible  to  feed  the  individual  wires  into 
branches  and  the  branches  into  mains.  Although  the  indivi¬ 
dual  pairs  of  wires  are  collected  inside  cables,  each  pair  of  wires 
must  remain  electrically  insulated  until  it  reaches  the  operating 
board  in  the  central  station.  The  cables  may  be  carried  on 
poles  or  in  underground  pipes  known  as  conduits. 

Telephone  cables  may  be  of  any  size  up  to  a  diameter  of 
nearly  three  inches;  the  largest  contain  as  many  as  1800  pairs 


Fig.  17-11.  Alternating  current  is  used  to  ring  bells,  “ringing  to  ground”  from 
either  wire  “1”  or  wire  “2”. 
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of  paper-covered  wires.  Since  water  inside  a  cable  will  rapidly 
destroy  the  insulation  and  cause  a  short-circuit,  special  measures  . 
must  be  taken  for  protection  and  maintenance  of  the  cable, 
especially  if  it  is  laid  underground.  Hence  the  practice  of 
carrying  the  cable  inside  a  metal  conduit  is  used.  Occasionally, 
however,  water  may  penetrate  even  this  protection.  Manholes, 
or  splicing  chambers,  are  therefore  placed  at  intervals  of  five 
hundred  feet  along  the  underground  route,  to  enable  main¬ 
tenance  men  to  lift  any  specified  section  of  the  cable.  Each 
individual  circuit  inside  the  cable  is  identified  by  a  pattern  on 
its  paper  insulation  to  facilitate  quick  repair  of  a  damaged 
section. 

What  special  problems  arise  in  long  distance  telephony? 

Regular  telephone  service  is  now  possible  between  Canada  and 
sixty-seven  other  countries.  In  fact,  any  telephone  on  the 
North  American  continent  may  be  connected  with  any  one  of 
93  per  cent  of  all  the  telephones  in  the  world. 

The  first  long  distance  call  from  New  York  to  Chicago  was 
put  through  in  1892,  but  the  line  was  very  noisy  and  the  signal 
extremely  weak.  It  was  not  until  1915  that  San  Francisco  was 
in  telephonic  communication  with  New  York,  and  even  then 
conversation  was  possible  only  between  persons  possessing 
remarkably  strong,  clear  voices.  The  essential  problem  was 
that  of  maintaining  the  strength  of  the  electrical  signal.  At 
first,  the  only  means  of  accomplishing  this  was  to  minimize  the 
electrical  resistance  of  the  line  by  employing  very  heavy  copper 
wire,  with  a  weight  of  435  pounds  per  mile.  Two  inventions 
have  made  it  possible  to  use  much  less  of  this  valuable  metal 
and  at  the  same  time  improve  the  quality  of  the  transmission. 
The  first  of  these  is  the  loading  coil  invented  by  Pupin  (p.  599). 
These  coils  are  placed  on  the  line  at  intervals  of  a  little  over  a 
mile.  The  second  is  the  vacuum-tube  repeater,  placed  at 
intervals  of  fifty  or  sixty  miles.  Through  the  use  of  this  device, 
the  telephone  current  in  a  coast  to  coast  call  is  amplified  some 
fifty  times  with  practically  no  distortion. 

Another  problem  which  must  be  surmounted  when  different 
circuits  run  parallel  to  one  another  for  many  miles  is  that  of 
inductive  interference.  The  alternating  current  carrying  the 
signal  in  one  line  induces  a  similar  current  in  another,  and  what 


TELEGRAPH  AND  TELEPHONE 


611 


parallel,  conductor. 
CARRY  IN  a  HIGH  YOLTAGE  AC 


W 'IRE  / 


WIRE.  2 


the  engineers  refer  to  as  “cross-talk”  is  the  result.  The  device 
used  to  neutralize  this  tendency  is  the  “cross-over”  or 
transposition  (Fig.  17-12). 

A  further  saving  in  wires 
and  poles  is  effected  by  the  use 
of  carrier  currents  and  of  the 
phantom  circuit.  Carrier  cur¬ 
rents  are  used  in  much  the 
same  way  as  in  radio  to  permit 
several  telephone  conversa¬ 
tions  to  be  carried  by  a  single 
pair  of  wires.  A  phantom 
circuit  is  set  up  by  using  the 
two  wires  of  a  circuit  already  in  use  as  one  side  of  a  second 
circuit  (Fig.  17-13). 


< 


> 


Fig.  17-12.  Transposition  of  wires 
neutralizes  induction. 


None  of  the  devices  so  far  mentioned  provide  a  satisfactory 
solution  to  the  problem  of  long  distance  telephony  across 
stretches  of  water.  This  is  accomplished  today  by  broadcasting 
the  telephone  message  by  radio.  To  ensure  the  privacy  of  such 
a  message,  it  is  scrambled  as  it  is  broadcast  and  unscrambled  as 
it  is  received.  Radio-telephony  has  greatly  increased  in  popu¬ 
larity  during  recent  years.  Reference  has  already  been  made 
(p.  559)  to  its  widespread  use  for  ship-to-shore  communication 
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in  Canadian  and  American  coastal  waters.  It  also  provides  the 
standard  method  of  establishing  telephone  communication 
between  the  cities  of  this  continent  and  those  of  Europe,  Asia 
and  Australia. 


Activities 

A 

*1.  Problem — To  set  up  and  operate  an  experimental  telegraph  circuit. 

Connect  a  battery,  key  and  sounder  in  one  room  with  a  key  and  sounder 
in  a  second  room.  A  diagram  of  the  electrical  connections  is  given  in 
Figure  17-1.  Use  this  circuit  to  send  signals  from  one  room  to  the  other. 

2.  Problem — To  study  the  use  of  the  condenser  and  the  choke  coil. 

Connect  in  series  a  dry-cell,  switch,  resistance  and  galvanometer.  Close 

the  switch  and  observe  the  deflection  of  the  galvanometer  needle.  Now 
insert  in  the  series  circuit  a  parallel-plate  condenser.  Again  close  the 
switch  and  observe  the  effect  on  the  galvanometer.  Take  the  condenser 
out  of  the  circuit  and  replace  it  with  a  coil  consisting  of  a  large  number 
of  turns  of  fine  copper  wire.  Again  close  the  switch  and  observe  the  action 
of  the  galvanometer. 

Repeat  the  entire  series  of  experiments,  using  a  small  hand-operated 
generator  as  a  source  of  current,  instead  of  the  dry  cell.  Either  an  A.C. 
or  a  D.C.  generator  will  illustrate  the  effect  on  alternating  current,  for 
both  produce  currents  which  undergo  periodic  fluctuations. 

What  is  the  effect  of  a  condenser  on  the  passage  of  direct  current  and 
of  alternating  current?  What  is  the  effect  of  a  choke  coil  on  each?  What 
use  is  made  of  these  results  in  telegraph  and  telephone  circuits? 

3.  Problem — To  examine  the  construction  of  telephone  instruments. 

Obtain  a  discarded  telephone  transmitter  and  receiver.  Dismantle  them 

and  identify  the  parts. 

4.  Problem — To  set  up  a 

telephone  circuit. 

Connect  a  simple  telephone 
circuit  as  illustrated  in  Figure 
17-14.  Why  may  an  ordinary 
receiver  be  used  also  as  a 
transmitter? 

5.  Problem — To  examine  the 
structure  of  a  wire-photo. 

Examine  under  a  low-power 
microscope  the  pattern  of  dots 
which  constitutes  a  wire-photo 
clipped  from  your  daily  news¬ 
paper. 

B 

1.  Prepare  a  report  on  the  laying  of  the  first  transatlantic  telegraph 
cable. 

2.  Learn  the  Continental  Code  used  in  telegraphy. 
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3.  Visit  a  central  telephone  office.  Report  on  the  method  of  using  the 
central  switchboard. 

4.  Obtain  from  your  local  telephone  company  information  as  to  their 
total  mileage  of  overhead  wire  and  of  underground  cable.  Find  out  what 
plans,  if  any,  they  have  for  replacing  their  overhead  circuits  with  under¬ 
ground  cables. 


C 

(Do  not  write  answers  in  the  book) 

1.  Morse’s  invention  of  the  telegraph  was  dependent  on  the  previous 

invention  in  1800  of  the  - — — —  and  in  1830  of  the - . 

2.  The  essential  parts  of  a  telegraph  sounder  are  the  - ,  - 

and - . 

3.  When  several  telegraph  sounders  are  connected  in  series,  a  complete 

circuit  is  provided  by  keeping  all  keys  except  one  permanently  - - . 

The  return  circuit  is  provided  by  the - . 

4.  The  telegraph  has  two  advantages  over  the  telephone,  -  and 

- .  Its  advantages  are  most  marked  in  sending  messages  over  - 

distances. 

5.  When  telegraph  signals  are  too  weak  to  operate  a  sounder,  two 

auxiliary  devices  may  be  used.  These  are  the  - and - — . 

6.  Underwater  cables  contain  a  tape  of  - .  Inclusion  of  this  tape 

is  known  as  - — — .  It  enables  the  -  of  the  signal  to  be  increased. 

The  iron  covering  of  the  cable  helps  to  prevent  both  - — - and - . 

7.  Sending  a  message  on  an  automatic  telegraph  is  similar  to  operating 

a  - .  The  message  is  mechanically  sent  by  passing  a  -  over  a 

revolving  drum. 

8.  Telegraph  and  telephone  messages  may  be  sent  over  the  same  wire 

without  interference  by  taking  advantage  of  the  difference  in  their - . 

The  telegraph  signal  is  kept  from  the  telephone  circuit  by  means  of  a 

- ,  and  the  telephone  message  is  kept  from  the  telegraph  circuit  by 

means  of  a  - . 

9.  The  method  of  sending  automatic  telegraph  messages  over  a  tele¬ 
phone  line  depends  on  the  fact  that  the  telegraph  can  use  a  -  circuit, 

while  the  telephone  can  not. 

10.  All  telephone  transmitters  employ  some  variety  of  - -  electrical 

contact. 

11.  The  essential  parts  of  a  telephone  transmitter  are  the  _ 

and - . 

12.  The  essential  parts  of  a  telephone  receiver  are  the  fixed  -  the 

movable  -  and  the  - . 

13.  Telephone  circuits  cannot  use  the  -  for  a  return  circuit  because 

too  much - would  occur. 

14.  Telephone  circuits  differ  from  electrical  power  systems  in  that  all 

individual  lines  must  remain - until  they  reach  the  - . 

15.  Satisfactory  long-distance  telephony  is  possible  because  of  the  use 

of  two  special  devices,  the - and  the - — . 


CHAPTER  18 


COMMUNICATION  BY  RADIO  IS  AN  OUTSTANDING 

ACHIEVEMENT  OF  THE  TWENTIETH  CENTURY 

The  impact  of  radio  on  modern  living.  Invented  less  than 
fifty  years  ago,  communication  by  radio  has  developed  so 
rapidly  that  today  at  least  one  aspect  of  the  phenomenon  affects 
the  life  of  everyone.  At  the  touch  of  a  button,  music  by  the 
great  artists,  words  delivered  by  the  greatest  living  orators, 
operas,  plays,  or  scientific  discussions  may  be  enjoyed  by  people 
everywhere  in  the  comfort  and  privacy  of  their  own  homes. 
Other  less  common  but  more  important  applications  of  radio 
assist  the  work  of  police,  guide  aircraft  and  ships  to  their 
destinations,  and  provide  communication  wherever  the  use  of 
wires  is  not  feasible. 

Why  was  Clerk-Maxwell  able  to  predict  the  existence  of 
electromagnetic  waves?  Although  the  invention  of  the  tele¬ 
graph  is  usually  ascribed  to  Samuel  F.  B.  Morse,  and  that  of  the 
telephone  to  Alexander  Graham  Bell,  there  is  no  single  name 
which  we  are  accustomed  to  link,  with  the  invention  of  the 
radio.  Rather,  there  is  a  group  of  names,  each  linked  with 
one  aspect  of  this  complicated  phenomenon. 

First  on  the  list  is  the  name  of  Clerk-Maxwell  who,  in  1873, 
suggested  the  electromagnetic  theory  of  light.  According  to 
this  theory,  light  travels  through  space  in  the  form  of  a  wave 
motion.  The  wave  consists  of  a  varying  electric  field  and  a 
varying  magnetic  field  travelling  through  space  together. 
Since,  as  we  have  seen,  a  varying  electric  field  will  induce  a 
magnetic  effect  (page  446)  and  a  varying  magnetic  field  will 
produce  an  electrical  effect  (page  448),  it  is  impossible  to  say 
that  either  component  of  the  light  wave  actually  causes  the 
other.  Hence,  the  term  “electromagnetic  wave”  is  used  to 
describe  the  combination.  A  study  of  the  properties  of  light 
leads  to  the  conclusion  that  the  waves  must  vary  in  length  from 
.00004  cm.  to  .00007  cm.  A  logical  further  step  is  the 
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assumption  that  other  similar  electromagnetic  waves  may  exist 
which  are  not  visible  because  their  wave-lengths  do  not  fall 
within  these  limits  to  which  the  human  eye  is  sensitive. 

How  did  Hertz  test  the  electromagnetic  theory?  Maxwell 
died  before  being  able  to  test  his  theoretical  findings  in  a 
practical  manner,  but  in  1889  the  German  scientist,  Heinrich 
Hertz,  announced  that  he  was  able  to  transfer  energy  through 
space  by  means  of  electromagnetic  waves.  Hertz  used  high- 
voltage  electricity  to  produce  a  spark  across  a  gap  in  a  wire. 
In  another  room  in  the  building  an  assistant  noticed  a  simul¬ 
taneous  spark  across  a  second  gap,  though  no  source  of  elec¬ 
tricity  was  attached  to  the  second  wire. 

To  produce  the  spark-  Hertz  used  a  special  induction  coil 
with  condensers  on  both  sides  of  the  gap  in  the  secondary 
circuit.  When  the  condensers  were  loaded  with  enough  elec¬ 
tricity  to  build  up  a  sufficiently  high  voltage,  the  insulating 
qualities  of  the  air  gap  broke  down  and  a  discharge  occurred. 
Waves  were  set  up  which  spread  out  in  all  directions  and 
reached  the  second  gap  in  sufficient  strength  to  cause  a  feeble 


Fig.  18-1.  Hertz’s  Induction  Coil.  Key :  A— low-voltage  condenser,  B— low- 
voltage  switch,  C— low-voltage  battery,  D— spring,  E— contact  points,  F— arma¬ 
ture,  G— laminated  core,  H— secondary  turns,  I— primary  turns,  J— spark  gap. 
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spark.  To  produce  a  spark  strong  enough  to  cause  an  effect 
which  could  be  detected  by  his  very  crude  receiving  apparatus, 
Hertz  used  the  induction  coil  invented  by  Rumkorff,  with  the 
addition  of  suitable  condensers  to  permit  a  higher  voltage  to  be 
obtained  in  the  secondary  circuit. 

The  general  principle  of  the  induction  coil  has  been 
described  on  page  453.  The  particular  form  of  the  apparatus 
used  by  Hertz  is  illustrated  in  Figure  18-1. 

A  condenser  consists  of  alternate  plates  of  a  conducting 
material  separated  by  layers  of  a  non-conducting  material  such 
as  air,  mica,  or  oiled  paper  (Fig.  18-1 -A).  Odd-numbered  plates 
of  metal  are  connected  in  parallel  and  so  are  the  even-numbered 
plates.  When  one  set  of  plates  is  given  a  positive  charge  of 
electricity  and  the  other  set  is  grounded,  a  negative  charge  is 
induced  on  the  grounded  plates.  Thus,  the  condenser  stores 
electric  charges  and  electric  energy.  As  the  charge  is  increased, 
it  sets  up  an  electric  field  about  the  condenser.  If  this  field 
becomes  strong  enough,  it  causes  some  of  the  molecules  of  air 
between  the  plates  to  separate  into  positively  and  negatively 
charged  ions.  Since  each  ion  tends  to  migrate  toward  the  plate 
bearing  a  charge  opposite  in  sign  to  its  own,  the  air  ceases  to 
be  an  insulator  and  becomes  a  conductor.  A  sudden  rush  of 
electricity,  which  we  call  a  spark,  passes  across  the  ionized  gap. 
The  initial  discharge  is  so  sudden  that  it  more  than  neutralizes 
the  charges  on  the  plates.  Those  which  have  been  positively 
charged  take  on  a  negative  charge.  Those  which  were  negative 
become  positive.  A  reverse  discharge  therefore  follows  the 
first.  It,  again,  does  not  merely  neutralize  the  plates,  but 
actually  reverses  their  charge.  The  complete  discharge  is 
actually  a  momentary  alternating  current,  whose  frequency  is 
so  high  that  it  appears  to  be  a  single  spark.  Hence,  a  pulsating 
electromagnetic  field,  which  we  call  an  electromagnetic  wave,  is 
sent  out  into  the  surrounding  space. 

It  is  necessary  to  understand  why  the  electromagnetic  wave 
is  able  to  set  up  an  electric  spark  in  another  air  gap  some 
distance  from  the  first.  The  second  air  gap  is  merely  a  small 
space  cut  out  of  a  ring  of  conducting  metal.  When  the  wave 
produced  by  the  spark  from  the  first  gap  reaches  the  vicinity 
of  the  second  gap  it  is  able  by  its  electromagnetic  qualities  to 
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induce  the  electrons  in  the  metal  ring  to  swing  back  and  forth 
in  a  rhythmic  fashion,  much  as  a  series  of  little  pushes  properly 
timed  may  cause  the  motion  of  a  heavy  pendulum.  Oscillations 
of  the  electrons  in  the  metallic  conductor  are  built  up  until 
there  is  a  terrific  surge  against  the  two  ends  of  the  ring,  first 
against  one  end  and  then  against  the  other.  Back  and  forth 
the  electrons  surge  until  a  moment  is  reached  when  the  air  gap 
between  the  two  ends  becomes  ionized  and  the  spark  “jumps” 
across.  To  be  sure  it  is  but  a  feeble  likeness  of  its  powerful 
instigator,  but  it  is  a  spark  which  can  be  seen,  and,  if  need  be, 
felt.  By  this  means  a  series  of  sparks  representing  a  message  in 
the  Morse  code  could  be  transmitted  across  a  few  yards  of 
intervening  space. 

What  device  enabled  Marconi  to  transmit  Morse  code 
messages  without  the  aid  of  wires?  Hertz  made  no  attempt  to 
develop  practical  wireless  telegraphy  from  his  discovery,  but  six 
years  later,  in  1895,  Guglielmo  Marconi  attacked  the  problem 
of  wireless  transmission  over  greater  distances. 

Marconi’s  first  problem  was  to  send  out  an  extremely  strong 
electromagnetic  wave.  Now  a  gentle  breeze  will  scarcely  ruffle 
the  placid  surface  of  a  lake,  whereas  a  howling  north-easter  will 
build  up  waves  of  destructive  size.  Before  Marconi  could  send 
a  strong  signal  he  had  to  devise  a  means  of  increasing  the 
“amplitude”  of  the  electromagnetic  wave  in  a  similar  fashion. 
Instead  of  trying  for  a  stronger  spark  he  concentrated  on  an 
attempt  to  transfer  more  of  the  energy  of  the  spark  to  the  wave. 
He  connected  one  side  of  his  spark  gap  to  a  wire  strung  high 
above  the  ground,  the  antenna  or  aerial,  and  the  other  side  to 
great  pieces  of  metal  buried  deep  in  the  ground.  With  this 
arrangement  the  amplitude  of  the  wave  was  of  such  magnitude 
as  to  be  effective  over  a  distance  of  many  miles. 

Marconi’s  second  problem  was  to  invent  a  receiver  which 
could  detect  a  wave  much  too  feeble  to  produce  an  electric 
spark  across  a  gap  in  a  ring  of  metal.  To  trap  as  much  of  the 
energy  of  the  wave  as  possible,  antenna  and  ground  were  again 
used  just  as  at  the  sending  station,  but  the  air  gap  was  replaced 
by  a  “coherer”  invented  by  Professor  Branly.  This  coherer 
consisted  of  a  glass  tube  loosely  filled  with  filings  of  metal  and 
with  a  silver  plug  in  each  end.  Although  the  incoming  waves 
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had  not  sufficient  strength  to  agitate  the  electrons  in  a  piece  of 
metal  to  the  point  where  they  could  cause  an  electric  spark, 
they  were  still  strong  enough  to  line  up  the  particles  of  metal 
inside  the  glass  tube,  permitting  the  passage  of  an  electric 
current  from  a  separate  battery  (Fig.  18-2).  This  separate 
current  caused  sounds  in  a  pair  of  earphones,  the  sounds 
corresponding  to  variations  in  the  spark  produced  at  the 
sending  station.  A  second  duty  of  the  separate  current  was  to 
excite  a  small  electromagnet  causing  a  bar  to  tap  the  tube  and 
destroy  the  alignment  of  the  metal  particles. 


A  A 


Fig.  18-2.  Marconi  radio  telegraph.  Key :  A— aerial,  B — battery,  G — ground, 
S — switch,  E — earphones,  C — coherer,  I — induction  coil,  S — spark  gap. 

Like  many  other  inventors  Marconi,  at  first,  had  to  struggle 
along  with  but  little  encouragement.  He  moved  from  Italy  to 
England  and  was  fortunate  enough  to  be  able  to  send  bulletins 
to  the  people  of  England  when  Queen  Victoria  fell  ill  while  on 
the  Isle  of  Wight.  This  episode  gave  him  the  required 
publicity.  Twelve  years  later  the  Italian  government  invited 
Marconi  to  return,  and  in  the  country  of  his  birth  the  inventor 
received  many  honours  and  awards,  one  of  the  most  notable 
being  the  Nobel  prize  in  physics. 

Early  Marconi  apparatus  was  capable  of  sending  messages 
for  long  distances,  but  it  was  not  capable  of  sending  messages 
in  such  a  manner  that  one  message  out  of  many  could  be  singled 
out  for  reception.  To  understand  the  method  of  sending 
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“labelled”  messages  over  the  air,  any  one  of  which  may  be 
selected  for  reception  by  a  particular  receiver,  we  must  know 
more  of  the  characteristics  of  electromagnetic  waves. 

What  is  the  speed  of  electromagnetic  radiation?  All  electro¬ 
magnetic  waves,  including  both  light  and  wireless  or  radio 
waves,  travel  at  the  same  speed,  186,000  miles  per  second,  or 
300,000  kilometres  per  second.  This  speed  would  enable  such 
a  wave  to  travel  seven  and  one-half  times  around  the  earth  in  a 
single  second,  or  to  go  from  earth  to  the  sun  in  just  over  eight 
minutes.  Because  sound  travels  much  more  slowly,  1100  feet 
per  second,  it  is  possible  for  a  radio  listener  many  miles  away 
to  hear  a  song  a  fraction  of  a  second  sooner  than  a  listener  in 
the  broadcasting  studio. 

Why  are  radio  waves  said  to  be  transverse?  Most  of  the  facts 
at  our  disposal  concerning  electromagnetic  waves  indicate  that, 
during  the  transmission  of  energy,  the  oscillations  are  at  right 
angles  to  the  direction  in  which  the  wave  is  travelling.  Such 
waves  are  said  to  be  transverse  to  distinguish  them  from  sound 
waves,  which  are  longitudinal.  The  lowest  part  of  a  transverse 
wave  is  called  the  trough  and  the  highest  part  is  called  the  crest. 
The  distance  between  two  successive  troughs  or  between  two 
successive  crests  is  called  the  wave-length.  Half  the  vertical 
distance  between  trough  and  crest  is  called  the  amplitude 
(Fig.  18-3).  F 

Between  what  limits  do  the  lengths  of  radio  waves  vary? 

Radio  waves  vary  from  extremely  short  wave  lengths  of  only 
a  few  centimetres  to  the  longest  which  may  be  thousands  of 


Fi9-  A  B  ecluaIs  one  wave-length.  Distance  “a”  represents  the  ampli- 

tuae  oi  this  wave. 
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Fig.  18-3b.  Kennelly-Heaviside  layer. 


metres,  or  several  miles,  from  crest  to  crest.  It  is  thus  possible 
to  label  a  radio  message  by  sending  one  particular  wave-length, 
the  receiving  station  being  “tuned”  to  receive  this  particular 
message  and  no  other.  It  might  be  supposed  that  with  so  many 
wave-lengths  to  choose  from  no  confusion  could  be  possible, 
but  in  the  first  ten  years  radio  communication  found  so  many 
uses  that  an  international  conference  was  needed  to  assign  the 
different  lengths  for  various  purposes.  Wave-lengths  above 
1500  metres  are  reserved  for  the  use  of  ships,  those  which  lie 
between  545  and  200  metres  are  allotted  to  the  commercial 
broadcasting  companies,  and  the  shorter  wave-lengths,  which  at 
the  time  of  the  conference  (1927)  were  thought  to  be  of  little 
value,  were  left  to  radio  amateurs.  Since  that  time  we  have 
discovered  that  short  waves  may  be  sent  for  long  distances  with 
less  power  than  the  longer  waves,  for  at  the  top  of  the  earth's 
atmosphere  there  is  a  layer  of  ionized  molecules,  known  as  the 
Kennelly-Heaviside  layer  (Fig.  l-3b),  which  is  impervious  to 
short  radio  waves  and  reflects  them  back  to  the  earth.  The 
longer  waves  pass  right  through  the  Kennelly-Heaviside  layer 
and  are  unable  to  follow  the  curvature  of  the  earth’s  surface  for 
any  great  distance,  but  moderately  short  waves  bounce  back 
and  forth  between  the  earth  and  this  reflecting  layer  to  such 
good  purpose  that  a  short-wave  signal  from  a  50  watt  station  can 
travel  from  Australia  to  America  with  but  little  difficulty. 
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Besides  allotting  wave-lengths,  the  government  controls  not 
only  the  hours  of  operation  of  radio  stations  but  also  their 
strength  and  the  location  of  their  transmitters.  This  control 
allows  the  maximum  number  of  stations  to  operate  with  a 
minimum  of  interference.  To  see  that  these  regulations  remain 
in  effect  the  government  maintains  regular  listening  posts  to 
police  the  air  and  uses 
trucks  equipped  with  direc¬ 
tion  finders  to  locate  any 
station  which  is  operating 
illegally.  The  principle 
on  which  these  direction 
finders  operate  is  particu¬ 
larly  interesting.  Instead 
of  using  a  straight  wire  for 
an  aerial,  a  loop  of  wire  is 
used.  When  the  plane  of 
this  loop  is  at  right  angles 
to  the  direction  from  which 
the  signal  is  coming,  little 
is  heard  over  the  loud 
speaker,  but  when  the 
plane  of  the  loop  is  in  the 
line  of  direction  of  the  transmitter  a  much  stronger  signal  is 
heard.  Compass  bearings  taken  from  two  or  more  widely 
separated  points  are  applied  to  a  map  and  the  point  of  inter¬ 
section  locates  the  sending  station.  Bearings  of  the  known 
locations  of  two  or  more  radio  stations  may  be  used  in  a  similar 
manner  to  fix  the  position  of  a  ship  or  an  aeroplane  (Fig.  18-4a). 

If  the  wave-length  is  known,  how  may  the  frequency  be 
calculated?  Although  we  have  spoken  of  labelling  a  radio 
signal  by  sending  it  out  on  a  special  wave-length,  it  is  actually 
the  frequency  which  is  selected  when  the  receiving  station  is 
“tuned”.  Since  the  velocity  of  all  radio  waves  is  the  same, 
186,000  miles  per  second,  there  can  be  only  one  frequency 
associated  with  any  given  wave-length.  If  each  wave-length  is 
one  mile,  then  186,000  of  them  must  pass  a  given  point  each 
second.  Similarly,  if  the  wave-length  is  one-half  mile  then  the 
frequency  must  be  372,000  per  second.  Expressing  this  relation 


Fig.  18-4a.  Bearings  from  two  points 
on  land  may  be  used  to  fix  navigator’s 
position. 
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between  velocity,  frequency,  and  wave-length  in  a  mathematical 
formula  we  get: 

v  —  n  X  l  (velocity  =  frequency  X  wave-length) 

Because  the  velocity  in  metric  units  is  equal  to  300,000,000 
metres  per  second  we  have  the  relationship: 


Wave-length  (in  metres)  = 


300,000,000 


Frequency 

Since  the  frequency  of  a  radio  signal  is  usually  expressed  in 
kilocycles  (one  thousand  cycles)  we  may  divide  both  the 
numerator  and  denominator  of  the  right  hand  side  of  the 
equation  by  1000  to  get: 

Wave-length  (in  metres)  = - 300,000 _ 

Frequency  (in  kilocycles) 


_  How  may  radio  transmitters  and  receivers  be  tuned  to  a 
given  frequency?  We  are  now  in  a  position  to  understand  the 
methods  in  use  to  send  radio  messages  on  one  particular  wave¬ 
length  and  also  the  method  of  tuning  a  receiver  so  that  only 
one  of  the  thousands  of  messages  picked  up  by  the  receiving 
antenna  may  be  heard  over  the  loud  speaker. 

We  have  already  shown  (page  617)  how  Marconi  was  able  to 
increase  the  amplitude  of  the  transmitted  wave  by  using  an 
aerial  and  ground  instead  of  simply  a  broken  ring  of  conduct¬ 
ing  material.  Now  we  shall  learn  that  the  length  of  the 
transmitted  wave  depends  on  the  inductance  and  capacitance 
of  the  aerial-ground  circuit. 

Inductance.  If  a  comparatively  short  length  of  coiled  wire 
is  put  into  a  sending  circuit  between  the  aerial  and  the  ground, 
the  electromagnetic  wave  is  lengthened.  Such  a  coil  is  said  to 
have  inductive  resistance.  Inductive  resistance  operates  only 
when  the  electrons  are  surging  back  and  forth;  that  is  to  say,  it 
hampers  alternating  currents  but  not  direct  currents.  Because 
the  object  of  radio  transmission  is  to  set  up  waves  or  pulses, 
we  must  use  alternating  current  in  the  aerial-ground  circuit. 
Coils  of  wire  of  various  length  may  thus  be  introduced  into  the 
aerial-ground  circuit  to  change  the  length  of  the  transmitted 
wave.  Similarly,  they  may  be  used  to  change  the  period  of  a 
receiving  set  so  that  it  is  in  tune  with  waves  of  a  particular 
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length  only.  When  the  surge  of  electrons  in  the  receiving  set 
has  just  time  to  get  round  and  back  to  receive  another  push 
from  the  next  incoming  wave  then  the  receiver  is  said  to  be 
“tuned”  to  a  particular  wave-length.  However,  in  practice  it 
is  inconvenient  to  make  many  changes  in  the  inductance  of  the 
set.  Usually  only  two  or  three  coils  are  used,  one  for  long 
waves,  one  for  short  waves,  with  perhaps  a  third  for  an  inter¬ 
mediate  “band”  of  wave-lengths.  Tuning  within  these  ranges 
is  performed  more  easily  by  changing  the  capacity  of  the  set. 

Capacitance.  Capacity  of  a  circuit  is  varied  by  using  a  second 
device — the  condenser.  On  page  616  we  spoke  of  using  a 
condenser  to  store  electrical  energy.  A  condenser  may  be  used 
in  this  manner  in  a  direct  current  circuit  because  the  positive 
and  negative  sides  are  insulated  from  each  other  so  that  direct 
current  cannot  flow  through  a  condenser.  On  the  other  hand, 
the  condenser  will  not  block  alternating  current  for  the 
alternating  current  can  surge  first  into  one  side  of  the  condenser 
and  then  into  the  other, 
keeping  time  with  the 
surges  in  the  rest  of  the 
circuit. 

A  condenser  will,  how¬ 
ever,  increase  the  natural 
period  of  an  A.C.  circuit; 
and  the  larger  the  capacity 
of  the  condenser  the  sweater 

o 

the  increase.  Condensers 
whose  capacity  can  be 
changed  by  turning  a  knob 
are  widely  used  for  tuning  purposes  (Fig.  18-4b). 

In  practical  radio  reception,  no  attempt  is  made  to  tune  the 
aerial-ground  circuit.  Instead,  this  circuit  is  designed  to  pick 
up  as  many  different  signals  as  possible.  A  separate  circuit 
(Fig.  18-5)  containing  inductance  and  capacitance  is  then 
arranged  so  that  the  inductance  between  aerial  and  ground  and 
the  inductance  in  the  tuning  circuit  have  a  common  core. 
The  combination  of  the  two  inductances  then  constitutes  a 
transformer.  Except  that  the  core  is  air,  rather  than  iron,  the 
radio  transformer  is  similar  to  the  alternating  current 


624 


SCIENCE  AND  PROGRESS 


transformer  described  on  page  452.  Variations  in  the  induc¬ 
tance  and  capacitance  of  the  tuning  circuit  may  be  controlled 
so  that  only  one  of  the  many  signals  trapped  in  the  aerial- 

ground  circuit  is  carried 
over  by  the  action  of  the 
radio  transformer  to  the 
tuned  circuit. 

What  famous  men  con¬ 
tributed  the  inventions 
which  gave  us  the  modern 
radio  tube?  Alternating 
currents  picked  up  by  the 
tuning  circuit  are  extremely 
weak.  If  we  are  to  use  this 
C  current  for  purposes  of 
sound  reproduction,  we 
must  apply  it  to  the  control 
of  a  much  stronger  current 
from  a  local  auxiliary 
source.  The  trigger  which 
controls  this  local  current  is 
the  well-known  “tube”,  var¬ 
iously  referred  to  as  an 
audion  tube,  electron  valve, 
or  radio  tube.  Although  it 
serves  the  same  purpose  as 
the  telegraph  relay  (p.  598), 
the  radio  tube  is  a  much  more  sensitive  instrument.  To  under¬ 
stand  how  the  tube  functions  it  is  best  to  examine  its 
historical  development. 

The  basic  discovery  was  made  by  Thomas  Alva  Edison  in 
1893.  He  found  that  if  he  sealed  a  plate  of  metal  into  the  side 
of  an  ordinary  light  globe,  charged  it  positively,  and  connected 
a  galvanometer  of  sufficient  sensitivity  between  the  plate  and 
the  lighted  filament  (Fig.  18-6),  a  flow  of  electricity  could  be 
detected.  Since  nothing  was  known  of  the  electronic  theory 
at  that  time,  his  invention  was  incapable  of  explanation,  but 
we  know  now  that  the  hot  filament  gives  off  electrons  to 
surrounding  space  and,  if  the  terminals  of  a  battery  are 


Fig.  18-5.  Tuning  circuit. 
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connected  to  filament  and 
plate,  a  tiny  current  will 
flow.  Such  a  flow  of  elec¬ 
trons  has  long  been  known 
as  the  “Edison  effect”. 

The  first  radio  tube  or 
“valve”  was  invented  by  Sir 
Ambrose  Fleming.  It  con¬ 
sisted  of  a  filament  heated 
by  a  low-voltage  source  of 
electricity  and  a  metal  plate 
placed  inside  the  glass  en¬ 
velope  to  gather  the  elec¬ 
trons.  A  high-voltage  source 
of  electricity  applied  be¬ 
tween  the  filament  and  the 
plate  accelerated  the  flow  of 
electrons.  Because  the  fila¬ 
ment  gave  off  electrons,  he 
called  it  the  cathode,  and 
the  plate  which  received 
electrons  he  called  the 
anode;  hence,  the  tube  is 
designated  as  a  two  electrode 
or  diode  tube.  Recently, 
diode  tubes  have  found  ex¬ 
tensive  use  in  radio  as  recti¬ 
fiers  to  convert  A.C.  into 
D.C.,  but  the  triode  tube  of 
Dr.  DeForest  was  used  more 
extensively  in  earlier  radios. 

Fee  DeForest,  born  in 
1873,  and  known  as  one  of 
the  greatest  contributors  to 
modern  applied  science,  did 
much  to  develop  the  radio 
tube.  Besides  using  a  special 
filament  capable  of  produc¬ 
ing  a  strong  stream  of  elec¬ 
trons  and  a  metal  plate  to 


Fig.  18-6.  Edison  effect. 

Key  :  L — glass  envelope,  F — carbon  fila¬ 
ment,  E — stream  of  electrons,  G — gal¬ 
vanometer. 


Fig.  18-7.  Connections  for  a  triode  valve. 
Key:  I — input  voltage  from  tuning 
circuit,  S — screen  grid,  F — filament, 
P— plate,  A— “A”  battery,  B— “B”  bat¬ 
tery. 
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receive  them,  he  placed  a  mesh  of  fine  wire  called  the  grid 
between  the  filament  and  the  plate  (Fig.  18-7).  These  various 
parts  necessitate  the  use  of  four  wires  which  terminate  in  stout 
prongs  attached  to  the  base.  Figure  18-7  shows  the  usual 
representation  of  a  tube  in  a  radio  diagram.  Current  from  a 
six-volt  source  is  used  to  heat  the  filament.  It  may  be  direct 
current  from  an  “A”  battery  or  alternating  current  from  a 
step-down  transformer.  High  voltage  from  a  direct  current 
circuit  is  applied  between  the  filament  and  the  plate. 
A  “B”  battery  may  be  used,  or  alternating  current  may 
be  “rectified”  for  the  purpose.  This  high-voltage  plate 
current  accelerates  the  flow  of  electrons  from  the  heated 
filament.  If  the  grid  between  the  filament  and  the  plate  is 
charged  positively,  then  it  too  will  accelerate  the  flow  of 
electrons  from  the  filament  to  the  plate,  but  if  the  grid  is 
charged  negatively  the  plate  current  will  be  retarded.  Regular 
variations  in  the  grid  potential  may  thus  be  used  to  set  up 
corresponding  variations  in  the  plate  current.  If  the  variations 
in  the  potential  of  the  grid  are  controlled  by  surges  in  the 
tuning  circuit,  then  the  variations  of  the  wave  set  up  in  the 
plate  circuit  will  be  identical  with  those  of  the  wave  selected 
by  the  tuning  circuit.  However,  the  amplitude  will  be  much 
greater  because  of  the  separate  high  voltage  applied  to  the 
plate  circuit. 

The  electronic  wave  in  the  tuned  circuit  may  not  be  used  to 
operate  a  telephone  receiver  or  radio  loud-speaker,  for  the 
frequency  is  beyond  the  audible  range,  but  such  is  the  magic 
of  the  radio  tube  that  while  it  is  working  as  a  relay  it  also 
detects  variations  in  the  electronic  wave  which  have  been 
imposed  at  the  sending  station.  The  high  frequency  radio 
wave  is  known  as  the  carrier  wave.  The  imposition  of  suitable 
variations  on  the  carrier  wave  is  known  as  modulation. 

What  methods  are  used  to  “modulate”  a  sound  wave  on  a 
carrier  wave?  We  stated  at  the  beginning  of  the  chapter  that 
radio  waves  may  vary  in  length  from  a  few  centimetres  to  many 
kilometres  and  that  all  radio  waves  travel  with  the  speed  of 
light.  Hence  these  waves  must  have  frequencies  which  vary 
from  a  few  hundred  thousand  up  to  several  billion  vibrations 
per  second.  The  frequencies  of  sounds  which  may  be  heard  by 
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the  human  ear  are  much  less,  the  limits  of  audible  frequencies 
being  approximately  30  and  30,000.  Two  satisfactory  methods 
of  imposing  these  sound  frequencies  on  high  frequency  radio 
waves  have  been  found.  The  older  method  is  known  as  ampli¬ 
tude  modulation,  abbreviated  “AM”;  the  newer  and  in  many 
ways  more  satisfactory  method  is  known  as  frequency  modu¬ 
lation,  abbreviated  “FM”. 


Fig.  18-8.  Unmodulated  and  modulated  waves. 
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Let  us  discuss  amplitude  modulation  first.  Figure  18-8-A 
represents  an  unmodulated  carrier  wave  of  high  frequency. 
The  distance  “a”  is  the  amplitude.  If  this  amplitude  is  varied 
in  a  rgular  manner  (Fig.  18-8-C),  the  line  following  the  crests 
of  successive  waves  indicates  the  amplitude  variations.  If  this 
line  represents  a  sound  wave,  then  a  sound  wave  has  been  used 
to  modulate  the  amplitude  of  the  carrier  wave.  Radio  waves 
are  modulated  at  the  broadcasting  station.  The  wave  travels 
through  space  carrying  the  sound  wave  on  its  back.  At  the 

receiving  station  the  sound 
wave  is  peeled  off  the 
carrier  wave  and  used  to 
control  the  energy  of  a 
loud  -  speaker  circuit  in 
such  a  manner  that  the 
loud  -  speaker  faithfully  re¬ 
produces  sounds  which 
originated  in  the  broad¬ 
casting  studio. 


Frequency  modulation 
imposes  sound  waves  on  a 
carrier  wave  by  causing 
variations  in  the  frequency 
of  the  carrier  wave.  Figure 
18-8  shows  a  graphical 
representation  of  (A)  an 
unmodulated  carrier  wave, 
(B)  a  sound  wave,  (C) 
combination  of  the  sound 
wave  and  carrier  wave  by 
means  of  amplitude  modu¬ 
lation,  (D)  combination  of 
the  sound  wave  and  carrier 
wave  by  means  of  fre¬ 
quency  modulation. 


Most  natural  and  man¬ 
made  static  is  applied  to  a 
carrier  wave  by  amplitude 
modulation.  If  the  wanted 


Fig.  18-9a.  Giant,  air-cooled,  modulator  tubes 
in  radio  station,  each  having  a  maximum  output 
of  50,000  watts. 


RADIO 


629 


Fig.  18-9b.  Flow-sheet  of  radio  broadcast. 
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signal  has  been  applied  to  the  carrier  wave  by  amplitude 
modulation  also,  any  subsequent  increase  in  the  volume  of  the 
incoming  signal  will  be  accompanied  by  an  increase  in  the 
amount  of  noise.  On  many  occasions  the  noise  drowns  out  the 
signal  entirely;  at  other  times  the  signal-noise  ratio  is  so  small 
that  attention  to  the  programme  becomes  decidedly  unpleasant. 
The  listener  to  an  FM  radio  enjoys  his  programme  virtually 
static-free. 

How  is  amplitude  modulation  applied  at  the  broadcasting 
station?  Details  of  a  modern  broadcasting  station  are  far 
beyond  the  scope  of  this  book,  but  it  is  possible  to  apply  several 
of  the  principles  we  have  studied  to  form  a  general  picture  of 
the  process.  Reference  to  Figure  18-9b  will  be  of  assistance. 

We  will  begin  with  the  sound  waves  which  are  directed 
toward  the  microphone.  Let  us  suppose  that  it  is  a  modern 
crystal  microphone.  The  operating  principle  is  a  minute 
difference  of  potential  which  exists  between  the  two  ends  of 
the  crystal.  Tiny  changes  in  the  thickness  of  the  crystal,  caused 
by  the  pressure  of  the  sound  waves  which  strike  it,  set  up 
electric  waves  of  the  same  characteristics  as  the  sound  waves. 
These  electric  waves  are  led  by  a  conductor  to  the  grid  of  a 
radio  tube.  Changes  in  the  grid-potential  caused  by  these 


Fig.  18-10.  A  method  used  to  link  two  stages  of  audio-amplification  (resistance- 
capacity  coupling).  Key.  R— -resistance,  C — condenser. 
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“audio-frequency”  waves  cause  changes  in  the  plate  current, 
but  the  changes  in  the  plate  current  are  very  much  stronger. 
If  they  are  strong  enough  they  may  be  used  directly,  but  it  is 
usual  to  carry  them  through  one  or  more  stages  of  amplification. 
To  amplify  the  audio-frequency  further  the  plate  current  of  the 
first  tube  may  be  connected  directly  to  the  grid  of  a  second 
tube.  More  frequently,  this  “coupling”  is  accomplished  either 
through  a  condenser  and  a  resistance  or  by  means  of  an  audio¬ 
frequency  transformer. 


Fig.  18-11.  Audio- frequency  transformer  (transformer  coupling). 
Key :  R — resistance,  C — condenser,  T- — audio-transformer,  B — battery. 


The  amplified  audio-frequency  oscillations  are  then  led  to  a 
modulator  tube.  This  tube  has  filaments,  cathodes,  anodes, 
and  grids  like  all  other  radio  tubes,  but  it  has  more  of  them, 
making  its  construction  very  complicated.  It  is  in  this  tube 
that  the  audio-frequencies  and  radio  frequencies  are  combined 
to  form  a  modulated  carrier-wave. 

The  radio-frequency  oscillation,  carrying  the  audio-frequency 
as  a  series  of  variations  in  its  own  amplitude,  emerges  from  the 
modulator  tube  and  is  conducted  to  the  antenna,  whence  it 
commences  its  journey  through  space  as  a  complex  electro¬ 
magnetic  wave.  First,  however,  two  precautions  must  be  taken. 
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When  the  listener  tunes  his  receiving  set  he  is  assuming  that 
the  radio-frequency  sent  out  by  a  specific  station  will  be  exactly 
as  advertised.  This  is  accomplished  at  the  sending  station  by 
inserting  in  the  oscillating  circuit  a  fragment  of  quartz  crystal 

of  a  specified  size.  Such  a 
crystal  has  a  natural  vibra¬ 
tion  frequency.  Furthermore, 
it  is  able  to  compel  the  elec¬ 
trical  oscillations  of  the  radio¬ 
frequency  current  to  main¬ 
tain  that  same  frequency. 
Thus,  a  circuit  containing  a 
quartz  crystal  exactly  0.25  cm. 
thick  will  maintain  a  radio¬ 
frequency  of  precisely  one 
thousand  kilocycles.  Again, 
the  current  from  the  modu¬ 
lator  tube  may  have  the 
correct  frequency  but  insuffi¬ 
cient  strength.  It  must  then  be  amplified  in  precisely  the  same 
manner  used  to  amplify  the  original  audio-frequency  current 
from  the  microphone.  That  is,  instead  of  being  conducted 
directly  to  the  antenna,  it  will  be  sent  to  the  grid  of  an  amplifier 
tube,  and  the  stronger  plate  current  from  that  tube  will  pass 
on  to  the  antenna. 

How  does  the  receiver  change  the  variations  in  amplitude  of 
the  carrier  frequency  back  to  sound?  The  modulated  wave 
whose  development  we  traced  in  the  preceding  paragraph 
travels  across  the  earth  with  the  speed  of  light.  When  it 
reaches  an  aerial-earth  conducting  system  it  sets  up  an  elec¬ 
tronic  wave  in  the  system  with  characteristics  similar  to  its  own. 
The  complexity  of  the  situation  is  almost  impossible  to  imagine 
for  simultaneously  numerous  broadcasts  travel  out  in  all 
directions  from  numerous  transmitters.  At  any  given  instant, 
then,  there  are  many  alternating  currents  operating  in  an 
aerial-earth  system,  each  with  its  own  frequency  and  each 
modulated  with  its  own  audio-frequency. 

An  aerial-earth  system  consists  (Fig.  18-5)  of  an  insulated 
conductor  above  the  ground,  a  conductor  reaching  to  the 


Fig.  18-12.  Oscillating  circuit  with 
quartz  crystal. 
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ground,  and  an  inductance  coil  between  them.  With  a  modern 
radio  that  is  susceptible  to  very  minute  currents  the  exact 
design  of  an  aerial  is  relatively  unimportant,  but  a  horizontal 
conductor  well  above  surrounding  structures  is  a  help  in  the 
reduction  of  static.  Again,  the  ground  connection  is  not 
important  with  a  modern  receiver,  but  use  of  the  electric  light 
system  as  a  ground  may  bring  in  more  than  a  fair  share  of 
undesirable  noise.  Because  aeroplanes  and  automobiles  are 
able  to  receive  and  transmit  radio  signals,  we  know  that  a 
connection  with  the  earth  is  not  imperative.  All  that  is  needed 
is  a  conductor  with  capacity  on  the  side  of  the  inductance 
opposite  the  aerial.  The  metallic  part  of  a  modern  radio  set 
is  often  all  that  is  needed  for  this  purpose. 

In  previous  paragraphs  (page  622)  we  mentioned  the  tuning 
circuit  with  its  separate  inductance  and  capacitance  and  spoke 
of  the  way  in  which  the  radio  tube  is  used  to  “detect”  and 
amplify  the  audio-frequencies  with  which  the  carrier  wave  is 
modulated.  We  are  now  in  a  position  to  summarize  this 
information  and  to  discuss  the  radio  receiver  as  a  unit. 

Because  the  impulses  picked  up  by  the  tuned  circuit  (Fig. 
18-5)  are  very  weak,  many  radio  receivers  are  designed  to 
amplify  the  high  frequency  radio  currents  before  detection. 
Alternating  currents  led  from  the  tuning  circuit  are  known  as 
the  “input”.  More  than  one  stage  of  amplification  may  be 
used,  in  which  case  the  hrst  tube  used  is  said  to  “drive”  the 
second  tube.  High-frequency  amplification  introduces  many 
difficulties  of  a  rather  technical  nature.  For  example,  it  was 
found  necessary  to  invent  a  tube  with  more  electrodes.  The 
pentode  tube,  with  a  cathode  or  filament,  three  grids,  and  an 
anode,  is  one  of  the  simplest.  One  of  these  grids  is  given  a 
negative  voltage  from  an  external  source  which  is  capable  of 
control.  Such  a  grid  is  known  as  the  control  grid  and  the 
voltage  applied  is  called  grid  bias.  Control  of  the  grid  bias  is 
the  familiar  volume  control  of  the  modern  radio. 

After  amplification,  the  high-frequency  variations  are  led  to 
the  detector  tube.  This  tube  is  so  arranged  that  the  audio¬ 
frequency,  or  amplitude  variation,  part  of  the  wave  is  given 
special  emphasis.  Other  parts  of  the  detector  circuit  may  be 
used  to  trap  the  unwanted  radio  frequencies,  dissipating  them 
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Fig.  18-13.  One-tube  regenerative  receiving  set. 


harmlessly  to  earth.  Figure  18-13  shows  a  simple  one-tube 
receiver.  In  this  set  the  single  tube  acts  as  both  a  detector  and 
an  amplifier.  Impulses  from  the  tuning  circuit  are  led  to  the 
grid  of  the  tube  where  they  produce  a  variation  in  the  grid 
potential  which,  by  assisting  or  opposing  the  plate  current,  sets 
up  electronic  waves  of  audio-frequency  and  fairly  high  ampli¬ 
tude  in  the  plate  circuit.  Two  refinements  are  worthy  of  note. 
The  condenser,  C2,  forms  a  resistor  for  the  audio-frequencies, 
but  permits  the  passage  of  the  radio  frequencies,  conducting 
them  in  a  harmless  fashion  directly  to  earth.  The  resistor,  R,, 
is  called  the  grid-leak  and  serves  to  dissipate  any  accumulation 
of  potential  on  the  grid,  which  would  prevent  the  arrival  of 
the  low-voltage  fluctuations  coming  from  the  tuning  circuit. 
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After  detection,  the  audio-frequencies  are  usually  amplified 
still  further.  Then  they  are  used  to  operate  a  loud  speaker. 
The  fluctuating  current  from  the  power  or  output  tube  may 
be  used  to  operate  the  diaphragm  of  an  ordinary  telephone 
receiver.  In  the  early  days  of  radio,  two  receivers  were  joined 
by  a  flexible  piece  of  metal  which  fitted  over  the  head  of  the 
listener,  the  combination  known  as  ear-phones.  This  arrange¬ 
ment  left  the  hands  of  the  listener  free  to  operate  the  many 
dials  and  switches  found  on  the  front  of  the  old-time  radio 
cabinet,  or  to  indicate  in  pantomime  to  the  eager  and  impatient 
members  of  his  family  the  more  or  less  pleasant  sounds  which 
he  alone  could  enjoy.  In  order  that  more  than  one  person  at  a 
time  could  listen  to  a  programme,  without  the  inconvenience 
of  several  pairs  of  ear-phones,  the  loud-speaker  was  invented. 
The  modern  high-fidelity  speaker  did  not  come  in  a  single 
stride,  and  it  is  interesting  to  trace  a  few  of  the  important  steps 
in  the  development  of  radio  loud-speakers. 

The  amplified  audio-frequencies  are  still  electrical  waves 
and,  like  the  waves  which  travel  over  the  telephone  wire,  they 
must  be  used  to  operate  an  instrument  capable  of  changing 
the  electrical  impulses  into  mechanical  impulses  which  are  able 
to  travel  through  the  air  and  reach  our  ears  as  sounds.  The 
earliest  loud-speakers  were  overloaded  telephone  receivers  with 
a  horn  attached.  These  employed  a  fixed  coil  and  moving 
iron  diaphragm  (page  607)  and  were  called  moving-iron  loud¬ 
speakers.  Very  little  progress  could  be  made  with  this  principle 
for  the  iron  diaphragm  can  respond  only  to  those  frequencies 
which  lie  between  200  and  2500  cycles.  Sounds  confined  to 
this  limited  range  are  tinny  because  the  elimination  of  many 
overtones  changes  the  quality  of  the  sound. 

It  might  be  as  well  at  this  point  to  review  the  meaning  of 
the  term  “overtones”.  A  pure  sound  consisting  of  one  fre¬ 
quency  only  is  extremely  rare.  Most  of  the  sounds  which  we 
hear  consist  of  the  fundamental  plus  overtones  or  harmonics. 
A  violin  string  vibrating  as  a  whole  is  said  to  give  out  the 
fundamental  note.  If  the  string  is  lightly  held  in  the  centre 
and  one  of  the  halves  is  plucked  or  bowed  then  each  half  of 
the  string  vibrates  independently  and  the  second  harmonic  is 
produced.  The  fundamental  is  referred  to  as  the  first  harmonic. 
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If  the  string  be  held  one-third  of  the  distance  from  one  end  and 
the  short  end  plucked  or  bowed,  a  note  with  three  times  the 
frequency  of  the  fundamental  is  produced  since  the  string  is 
now  vibrating  in  three  sections,  and  we  have  the  third 
harmonic.  Other  harmonics  would  have  four,  five,  or  any 
integral  number  of  times  the  frequency  of  the  fundamental. 
When  an  open  violin  string  is  plucked  it  is  likely  that,  although 
the  fundamental  is  the  main  frequency  produced,  other  greater 
frequencies  will  be  produced  at  the  same  time,  and  the  wave 
sent  out  into  the  air  becomes  very  complex  (Fig.  18-8).  A 
singer,  a  violin,  and  a  piano  may  each  be  sounding  the  same 
note  but,  although  the  fundamental  in  each  case  has  the  same 
frequency,  we  have  no  difficulty  in  distinguishing  each  sound 
because  of  variations  in  the  number  and  the  intensity  of  the 
overtones  which  are  present.  A  loud-speaker  unable  to  respond 
to  the  high  overtones  produced  by  the  sibilant  sounds  of  speech 
or  the  low  overtones  which  frequently  accompany  the  sounds 
of  music  will  make  it  difficult  for  a  listener  to  distinguish  notes 
played  by  various  instruments.  The  result  will  be  decidedly 
tinny.  The  term  “canned”  was  aptly  applied  to  the  sounds 
produced  by  the  earliest  loud-speakers. 

The  magnetic  action  between  a  piece  of  iron  and  a  coil  of 
wire  carrying  an  electric  current  is  mutual.  We  can  either  hold 
the  coil  stationary  and  permit  the  iron  to  move  or  hold  the  iron 

and  allow  the  coil  to  move. 
If  iron  is  to  do  the  moving, 
the  range  of  frequencies 
which  can  be  reproduced  is 
limited.  Motion  of  the  coil 
imposes  less  restriction,  and 
so  we  find  that  the  next  step 
in  the  improvement  of  loud¬ 
speakers  was  the  invention  of 
the  moving-coil  speaker.  In 
such  a  speaker  (Fig.  18-14) 
one  pole  of  the  electromagnet 
is  a  hollow  cylinder  and  the 
other  pole  is  a  solid  cylinder 
placed  within  the  hollow 
cylinder.  A  coil  of  wire 


Fig.  18-14.  Electro-dynamic  loud¬ 
speaker. 
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excited  by  a  separate  source  of  direct  current  is  wrapped  round 
the  inner  cylinder,  producing  a  steady  magnetic  field  whenever 
the  set  is  in  operation.  This  “held”  coil,  present  in  all  of  the 
early  speakers,  maintained  a  strong  magnetic  held  in  the  gap 
between  the  poles  of  the  magnet.  In  the  gap  itself,  surround¬ 
ing  the  inner  iron  cylinder,  but  close  to  the  free  end,  was  a 
second  coil  of  wire,  the  “speech”  coil.  This  smaller  coil  was 
attached  to  a  cone  of  buckram,  stiffened  paper,  or  cardboard 
and  was  excited  by  electrical  impulses  from  the  output  tube 
of  the  set.  The  strong  held  from  the  permanent  coil  main¬ 
tained  a  steady  tension  on  the  cone  and  fluctuations  in  the 
magnetic  held  caused  by  variations  in  the  current  through  the 
speech  coil  caused  the  point  of  the  cone  to  move  in  and  out, 
setting  up  sound  vibrations.  This  type  of  speaker  provided 
much  improved  listening,  especially  in  so  far  as  it  brought  in 
the  lower  harmonics.  It  was  less  successful  with  the  higher 
tones.  Production  of  bass  notes  requires  more  energy  than 
production  of  high  notes,  for  the  lower  frequencies  penetrate 
the  air  less  easily.  Thus  we  hnd  that  instruments  designed  to 
produce  bass  notes  are  much  larger  than  those  used  in  the 
production  of  high  notes.  Compare,  for  example,  the  piccolo 
with  the  bass  viol,  or  the  voice  of  a  child  with  the  voice  of  a 
man.  It  was  not  until  the  moving-coil  loud-speaker  permitted 
the  transfer  of  considerable  energy  from  the  output  tube  to  the 
atmosphere  that  we  were  able  to  hear  the  bass  notes  broadcast 
by  the  transmitting  station.  Modern  speakers  are  often  made 
with  a  permanent  magnet  of  an  alloy  of  cobalt  in  place  of  the 
held  coil.  With  a  smaller  gap  between  the  poles,  these  speakers 
are  less  responsive  to  bass  notes  but  more  responsive  to  the 
higher  frequencies. 

The  loud-speaker  of  today  is  of  the  moving-coil  variety  but 
many  improvements  have  been  introduced.  Two  of  the  major 
difficulties  encountered  involved  (1)  the  method  of  attaching 
the  cone  to  the  coil,  and  (2)  the  natural  frequency  of  the  cone 
itself.  It  was  necessary  to  centre  the  cone  very  carefully  on  the 
permanent  magnet  because  of  the  narrowness  of  the  gap 
between  the  poles.  Several  patents  have  been  awarded  ^on 
methods  of  centring  the  cone.  Generally,  a  very  light  connec¬ 
tion  is  used.  By  altering  the  shape  and  construction  of  the 
cone  it  is  possible  to  have  a  design  with  a  natural  period  outside 
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the  frequency  of  the  sounds  which  are  normally  heard.  Because 
of  the  difficulty  of  designing  a  speaker  which  will  respond 
favourably  to  both  high  and  low  frequencies,  dual  speakers  are 
occasionally  installed  with  very  satisfactory  results. 

When  a  loud-speaker  is  in  operation  a  series  of  waves  is 
produced  at  the  back  of  the  cone  as  well  as  the  front.  The  two 
waves  may  overlap  and  cause  distortion  unless  the  speaker  is 
carefully  installed.  The  board  on  which  the  speaker  is  mounted 
is  called  the  baffle,  and  a  very  large  baffle  will  overcome  this 
particular  type  of  distortion  to  a  considerable  extent,  but  in 
commercial  receivers  a  large  baffle  is  out  of  the  question.  Box 
baffles  need  not  be  so  large  but  they  have  a  natural  period  at 
which  they  will  themselves  vibrate,  and  so  they  tend  to 
reinforce  sounds  of  their  own  particular  frequency,  producing 
a  new  type  of  distortion.  These  are  only  a  few  of  the  many 
problems  which  confront  the  designer  of  a  loud-speaker.  Any 
individual  specially  interested  in  the  topic  may  use  a  reference 
library  to  pursue  the  study  further. 

What  is  the  principle  of  the  photo-electric  cell?  There  are 
several  substances  which  tend  to  give  off  electrons.  They  are 
radiators  of  electric  currents.  These  currents  are  extremely 
minute  under  all  circumstances  but  they  increase  when  light 
rays  are  concentrated  on  the  radiating  substance.  Caesium, 
potassium,  and  selenium  are  examples  of  elements  which  are 
sensitive  to  light  in  this  manner.  If  the  radiating  substance  is 
surrounded  by  a  vacuum,  the  current  produced  will  be  much 
greater  than  if  the  substance  is  surrounded  by  air.  If  the  inside 
of  a  glass  envelope  is  coated  with  one  of  these  light-sensitive 
elements,  a  conductor  introduced  into  the  centre  of  the  tube  to 
pick  up  the  electrons  given  off,  and  the  envelope  sealed  after 
the  air  has  been  removed,  we  have  a  photo-electric  cell  or 
“electric-eye”.  The  principle  of  the  photo-tube  is  similar  to 
that  of  the  radio-tube,  but  in  place  of  the  heated  filament  is  an 
extremely  active  metal.  A  source  of  high-voltage  direct-current 
electricity  joining  the  central  conductor  with  the  coated  walls 
of  the  tube  serves  to  accelerate  the  flow  of  electrons  just  as  it 
does  in  the  radio-tube.  This  voltage  is  called  the  plate 
potential.  A  portion  of  the  inside  glass  wall  of  the  photo-tube 
is  left  bare  (the  window)  and  when  light  is  directed  through 
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this  opening  and  falls  on  the  active  element  on  the  inside  wall 
there  is  an  increase  in  the  plate  current.  This  increased  current 
may  be  amplified  by  means  of  a  radio  amplification  circuit  and 
used  to  control  the  switch  of  an  external  burglar-alarm  circuit 
(Fig.  18-15).  In  a  similar  manner  an  electric  eye  may  operate 
a  garage  door  in  response  to  a  signal  from  the  headlights  of 
a  car.  Photo-electric  cells  have  been  used  to  open  doors  when 
the  person  approaching  them  intercepts  a  permanent  light 
beam.  Because  smoke  from  a  fire  obscures  or  dims  the  light, 
photo-tubes  may  be  used  to  give  warning  of  a  fire.  An  electrical 
connection  direct  to  a  fire  station  or  fire  control  system  makes 
the  response  to  the  warning 
extremely  rapid.  On  our 
famous  P-T  boats,  photo¬ 
electric  tubes  control  the  dis¬ 
charge  of  the  cylinders  of 
carbon  dioxide  so  that  fire 
control  during  action  is  en¬ 
tirely  automatic. 

How  is  the  photo-electric 
cell  used  in  television?  The 

invention  of  the  photo-electric 
cell  has  made  possible  the 
transmission  and  reception  of 
light  as  well  as  sound.  Funda¬ 
mentally  the  two  problems 
are  identical.  '  Waves  of  one 
form  are  changed  into  elec¬ 
trical  waves,  used  to  modu¬ 
late  carrier  waves  of  constant 
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electrical  waves  and  then  into  contro1  burglar  alarm. 


waves  of  either  sound  or 


light. 


The  most 


outstanding 


difference  in  the  theoretical  aspects  of  the  two  types  of  trans¬ 
mission  is  the  difference  in  frequency  between  the  two  types 
of  modulation.  Sound  waves  vary  from  approximately  30  to 
30,000  cycles,  but  the  frequency  of  the  longest  waves  which 
the  eye  can  recognize  as  light  is  in  the  neighborhood  of 
400,000,000,000,000  cycles.  The  frequency  of  even  the  highest 
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pitched  sounds  is  very  low 
compared  with  the  fre- 
quency  of  even  the  longest 
radio  waves.  Hence  it  is 
possible  to  use  all  the 
sounds  at  once  from  even 
as  complex  a  source  as  a 
symphony  orchestra  to 
modulate  a  carrier  fre¬ 
quency.  There  will  still 
be  a  few  crests  in  between 
the  tiniest  variations  which 
occur  in  the  audio¬ 
frequency.  Otherwise, 
these  tiny  variations  in  the 
audio  wave  would  escape 
detection.  On  the  other 
hand,  the  frequency  of 
light  waves  is  greater  than 
the  frequency  of  carrier 
waves.  Hence,  we  cannot 
use  a  visual  frequency  to 
modulate  a  radio  frequency 
directly. 

If  it  were  not  for  the  fact  that  the  frequency  of  light  waves 
is  greater  than  the  frequency  of  carrier  waves,  it  would  be 
possible  to  transfer  the  techniques  of  sound  broadcasting  to 
television  and  have  full  colour  transmission  in  short  order. 
Fortunately,  the  problem,  though  difficult,  is  not  insoluble. 
Instead  of  transmitting  light  waves  as  such  we  transmit  varia¬ 
tions  in  light  intensity.  Let  us  imagine  a  pure  white  screen 
with  light  shining  on  it.  Waves  of  light  from  the  screen  may 
be  used  to  excite  the  sensitive  coating  of  a  photo-electric  cell, 
causing  maximum  electron  emission.  The  light  on  the  screen 
now  “goes  off”  and,  because  the  screen  is  entirely  dark,  electron 
emission  from  the  sensitive  coating  of  the  photo-electric  cell  is 
at  a  minimum.  The  light  comes  on  again,  but  not  as  strongly 
as  before,  and  this  and  subsequent  variations  in  the  light 
intensity  cause  corresponding  variations  in  the  electron  emis¬ 
sion  from  the  photo  tube.  So  long  as  these  variations  in  light 
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Fig.  18-16.  One  -way  restaurant  kitchen-to- 
dining-room  door  automatically  controlled  by 
“magic  door  operator”. 
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intensity  are  not  too  rapid  they  may  be  used  to  modulate  a 
carrier  frequency  and  at  the  receiving  end  the  modulated  wave 
may  be  used  to  control  electron  emission  from  a  filament  in 
the  usual  manner.  To  enable  the  receiver  to  see  these  varia¬ 
tions,  it  is  only  necessary  to  throw  the  emitted  electrons  on  a 
screen  coated  with  a  fluorescent  material:  that  is,  a  material 
which  produces  light  when  struck  by  electrons.  The  fluorescent 
screen  will  then  become  alternately  light  and  dark  in  response 
to  the  variations  in  beam  intensity  caused  by  the  modulations 
of  the  carrier  frequency.  We  can  now  see  how  it  is  possible  to 
transmit  the  changes  in  light  intensity  on  the  screen  from 
black  through  grey  to  white,  but  we  have  still  to  see  how  this 
device  may  be  applied  to  the  transmission  of  a  picture.  We 
shall  discuss  the  transmission  of  a  black  and  white  picture  only. 

A  black  and  white  picture  may  be  thought  of  as  composed  of 
thousands  of  individual  areas  with  the  correct  light  intensity 
assigned  to  each.  We  have  this  situation  in  the  transmission 
of  wire-photos  such  as  are  used  by  the  daily  press.  An  ordinary 
photograph  uses  a  similar  arrangement.  The  smoothness  of 
the  picture  is  determined  by  the  number  of  areas;  the  smaller 
and  more  numerous  we  make  the  individual  areas,  the  smoother 
the  picture  which  results. 

We  could  imagine  a  system  whereby  each  of  the  areas  of  a 
scene  is  focused  on  a  separate  photo-cell  with  each  of  these 
separate  cells  connected  by  its  own  circuit  to  the  thousands  of 
tiny  screens  waiting  at  the  receiving  end.  The  light  intensity 
of  an  individual  area  at  the  transmitting  station  controls  the 
light  intensity  of  a  corresponding  area  at  the  receiving  end  and 
when  all  the  currents  are  sent  simultaneously  a  picture  is  the 
result.  Such  an  arrangement  was  indeed  put  into  operation 
by  a  man  named  Carey  in  1875.  The  system  is  much  too  com¬ 
plicated  and  requires  too  many  circuits  to  afford  a  practical 
system  of  television. 

In  the  transmission  of  photos  by  wire  only  one  transmitting 
circuit  is  used,  for  each  area  in  turn  is  focused  on  a  single 
photo-electric  cell,  a  process  known  as  “scanning”.  Although 
the  wire-photo  system  is  too  slow  for  television,  it  is  possible  to 
speed  up  the  scanning  process  to  such  a  degree  that  the  final 
area  is  able  to  register  on  our  eyes  before  the  first  one  has  had 
time  to  fade,  and  we  see  a  complete  picture.  This  property  of 
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Fig.  18- 17a.  Television  broadcasting.  A — main  control  desk  in  G.E.  studio, 
B — television  drama,  “You  Can’t  Take  It  With  You’’,  C — receiving  set  in  home, 
showing  Dinah  Shore  and  George  Montgomery. 


RADIO 


643 


sight  which  permits  a  scene  to  remain  on  the  retina  is  called 
“persistence  of  vision”  and  the  duration  of  this  persistence  is 
approximately  one-fifteenth  of  a  second.  Moving  pictures 
seem  to  move  because  our  eyes  are  exposed  to  a  series  of  still 
pictures  at  the  ra"e  of  24  per  second,  each  slightly  different  from 
its  predecessor.  For  television,  then,  it  is  necessary  to  speed 
up  the  scanning  of  each  “still”  so  that  the  process  is  complete 
in  less  than  one-fifteenth  of  a  second.  The  actual  time  used 
in  television  is  approximately  one  twenty-fifth  of  a  second.  By 
this  we  mean  that  twenty-five  times  each  second  the  television 
camera  must  sweep  back  and  forth  over  the  entire  scene  which 
is  being  televised.  This  scanning  process  cannot  be  indis¬ 
criminate,  but  must  follow  a  regular  pattern  and  the  picture 
must  be  “unscanned”  at  the  receiving  end  in  the  very  same 
order,  otherwise  chaos  will  result  and  there  will  be  no  picture. 
In  the  scanning  system  which  is  most  popular  at  the  moment 
the  area  to  be  televised  is  broken  into  horizontal  rows  of 
squares  like  a  checkerboard.  The  actual  number  of  rows  varies. 
For  our  discussion  we  shall  choose  to  have  300  rows  with  400 
squares  in  each  row  (400-line  definition),  giving  a  video¬ 


frequency  of 


300  X  400  X  25 


or 


1,500,000  as  a  maximum. 


This  maximum  would  occur  if  the  squares  were  alternately 
black  and  white,  for  the  current  would  change  from  a  maxi¬ 
mum  to  a  minimum  in  covering  only  two  of  the  squares.  This 
is  a  much  higher  frequency  than  the  audio-frequencies  which 
occur  in  radio.  Accordingly,  a  high-frequency  radio  wave  must 
be  used  as  the  carrier.  Carrier  frequencies  of  50  to  100  mega¬ 
cycles  (50,000  to  100,000  kilocycles)  are  used. 


Why  are  special  devices  required  for  the  transmission  of  very 
high  frequencies?  The  extremely  high  frequencies  used  in  the 
broadcasting  of  television  programmes  are  not  satisfactorily 
reflected  by  the  Kennelly-Heaviside  layer  and  therefore  refuse 
to  follow  the  curvature  of  the  earth.  Maximum  range  of  a 
station  thus  lies  in  the  neighborhood  of  fifty  miles.  Two  or 
three  methods  of  increasing  the  range  of  television  broadcasts 
have  been  suggested.  To  begin  with,  very  high  towers  are  used 
for  the  initial  broadcast:  for  example,  the  top  of  the  Empire 
State  building  in  New  York.  The  initial  broadcast  is  picked 
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Fic.  18-1 7b.  High  towers  are  used  in  initial 
stage  of  television  broadcast.  Studio  building 
and  antenna,  Station  WRGB. 


up  by  other  stations  in  an 
elevated  position  and  auto¬ 
matically  re-broadcast,  the 
process  continuing  in  a 
chain  over  most  of  the 
continent.  A  second 
method  makes  use  of  aero¬ 
planes  equipped  with 
transmitters.  These  planes 
fly  over  the  transmitting 
tower,  pick  up  the  modu¬ 
lated  waves,  and  re-broad- 
cast  them  over  a  much 
greater  area.  Other  planes 
within  receiving  distance 
of  the  first  plane  are  used 
to  broadcast  the  signal 
once  again.  By  a  third 
method  the  televised  scenes 
are  transmitted  by  wire  to 
key  broadcasting  stations 
all  over  the  country  form¬ 
ing  a  network  much  like 
the  networks  used  for  the 
release  of  sound  programs. 
Because  long  waves  can 


bend  round  corners, 
whereas  short  waves  cast 
shadows,  the  aerial  used  to  receive  television  broadcasting  must 
be  much  more  elaborate  than  that  used  in  the  reception  of 
sound  broadcasts.  It  is  far  more  important  also  that  the  aerial 
should  be  higher  than  objects  in  the  immediate  neighborhood 
in  order  to  eliminate  interference. 


What  device  is  used  to  scan  the  scene  in  television?  The  modern 
television  camera  or  emitron’  is  based  on  an  invention  by  Zworykin 
called  the  iconoscope.  Instead  of  one  photo-electric  cell  there  are 
thousands  of  them,  one  for  each  square  of  the  scanning  process  The 
separate  cells  are  built  up  into  a  screen  with  a  metallic  backing  and  the 
whole  is  called  a  mosaic  (Fig.  18-18).  High  in  the  neck  of  this  special  tube 
is  the  cathode,  a  heated  filament  which  acts  as  a  source  of  high  speed 
electrons.  Near  the  cathode  are  two  perforated  anodes  which  speed  the 
electron  beam  toward  the  mosaic.  These  anodes  have  only  one  opening 
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L  LEUS  SYSTEM 
M  MOSAIC 
S  METAL  SCPEEU 
O  DEFLECTING  coil 
A  PEPFOPATED  AkJOOE 
r  INTENSITY  COUTpOL 
C  CATHODE 
O  OUTPUT 


Fig.  18-1!;'.  Iconoscope  used  in  television. 


and  that  is  in  the  exact  centre.  As  a  result,  not  all  the  electrons  from  the 
cathode  pass  through  the  anode  opening.  If  the  electrons  from  the 
cathode  are  spread  by  the  control  potential  which  surrounds  them,  a  much 
weaker  beam  succeeds  in  penetrating  through  the  anode  openings.  If 
nothing  else  were  added  to  the  tube  we  should  have  a  stream  of  electrons, 
strong  or  weak  as  we  desired,  aimed  at  a  particular  part  of  the  mosaic. 
We  must  control  the  direction  of 
this  beam  so  that  it  sweeps 
steadily  back  and  forth  across  the 
rows  of  photo-electric  cells  in  the 
mosaic,  covering  them  all  in  one 
twenty-fifth  of  a  second.  Two 
vertical  plates  charged  with  a 
potential  which  is  alternately 
positive  and  negative  may  be  used 
to  carry  the  beam  from  left  to 
right  in  a  row,  then  swiftly  back 
ready  to  begin  another  row.  Two 
horizontal  plates  undergo  a  change 
in  potential  which  varies  at  a 
uniform  rate,  bringing  the  beam 
down  from  one  row  of  cells  in  the 
mosaic  to  the  next  when  the 
previous  row  has  been  adequately 
scanned.  Since  the  entire  area  is 
scanned  in  one  twenty-fifth  of  a 
second,  all  of  the  motions  described 

are  incredibly  swift,  but  they  are  amazingly  regular.  The  oscillating 
circuits  used  for  this  purpose  are  known  as  the  “time-base  ’  circuits. 

The  modulating  circuit  leads  from  the  back  of  the  mosaic.  To  under¬ 
stand  how  the  impulses  are  impressed  on  this  circuit  let  us  consider  a 
cell  in  the  very  centre  of  the  bank.  Light  from  the  scene  to  be  televised 
is  focused  on  the  mosaic  and  a  very  small  portion  of  the  scene  is  focused 
on  our  particular  cell.  This  cell  tends  to  give  off  many  or  few  electrons 
depending  on  the  intensity  of  the  light  received  from  the  scene  and  so 
becomes  charged  positively  to  a  greater  or  lower  potential.  Although  it  is 
not  electrically  connected  to  the  plate  at  the  back,  it  is  able  to  induce  a 

negative  charge  on  this  plate  by 
condenser  action.  When  it  is  the 
turn  of  this  particular  cell  to 
intercept  the  electron  beam  from 
the  cathode,  neutralization  takes 
place  and  the  tiny  condenser 
formed  by  the  photo-electric  cell 
and  the  metallic  backing  of  the 
mosaic  is  discharged,  setting  up  an 
oscillation  which  is  used  to  modu¬ 
late  the  carrier  frequency. 

How  is  a  cathode-ray  tube  used 
to  receive  television?  The  cathode- 
ray  tube  (Fig.  18-19)  is  in  many 
respects  similar  to  the  iconoscope. 
The  fluorescent  screen  at  one  end 
is  coated  with  a  material  which 


A  PE B FOP  ATE D  AUODE 
C  CATHODE 
F  IUTEKISITY  COUTPOL 
H  HOP.l2.OUTA  L  PLATES 
V  VERTICAL  PLATES 
FS  FLUOPESCEUT  SCPEEU 


Fig.  18-19.  Cathode-rav  tube. 
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gives  off  light  when  bombarded  by  electrons.  The  stronger  the  electron 
beam,  the  stronger  the  light  which  is  produced.  Potential  of  the  intensity 
control  which  surrounds  the  cathode  is  regulated  by  the  modulated 
frequencies  of  the  incoming  carrier  wave.  As  before,  we  have  a  double 
anode  with  a  perforation  at  the  centre  of  each  part  to  line  up  the  beam. 
Vertical  and  horizontal  plates  connected  to  the  time-base  circuit  serve  to 
sweep  the  cathode  beam  back  and  forth  as  before.  When  the  motion  of 
the  electron  beam  at  the  receiving  end  is  in  time  with  the  motion  of  the 
electron  beam  at  the  transmitting  end,  a  black  and  white  picture  is  produced 
on  the  fluorescent  screen  representing  more  or  less  accurately  the  scene 
at  the  television  studio. 


Activities 


!•  Problem  How  may  two  tuning  forks  be  used  to  show  resonance? 
Two  identical  tuning  forks  are  needed  for  this  experiment  and  the 
results  are  better  if  they  are  attached  to  suitable  resonance  boxes.  If 
the  boxes  are  placed  with  the  open  ends  opposite  each  other  both  forks 
will  sound  though  only  one  is  struck.  A  rubber  band  attached  to  the 
prong  of  one  of  the  forks  will  change  the  frequency  and  the  forks  will  no 
longer  show  this  phenomenon  of  resonance.  Sketch  the  apparatus  and 
explain  the  phenomenon  observed. 

2.  Problem— How  may  two  Leyden  jars  be  used  to  show  resonance? 
Two  identical  Leyden  jars  are  placed  side  by  side.  Connections  from 
inner  and  outer  coatings  lead  to  either  side  of  a  spark  gap.  One  of  the 

jars  is  also  attached  to  either  side 
of  a  static  machine.  Sparks  jump¬ 
ing  across  one  of  the  gaps  will 
induce  similar  sparks  across  the 
other  gap  if  the  two  systems  are 
properly  tuned  by  varying  the 
length  of  wire  leading  to  the  spark- 
gap  (Fig.  18-20).  Explain. 

3.  Problem  —  To  examine  the 
structure  of  a  paper  condenser. 

Obtain  a  worn-out  paper  con¬ 
denser  from  an  old  radio  set. 
Remove  the  outer  metal  cover,  tak¬ 
ing  care  not  to  damage  the  inner 
parts.  Unroll  several  turns  of  the 
waxed  paper  along  with  the  turns 
of  lead  foil.  Note  how  alternate 
layers  of  metal  run  over  to  either 
the  left  or  the  right  sides  but  not  to 
...  ,  .  ,  .  both  sides.  Use  a  diagram  to 

explain  how  a  ro  condenser  of  this  type  is  really  a  series  of  condensers 
connected  in  parallel. 

*4.  Problem— To  make  a  simple  model  of  a  transformer. 

Obtain  an  iron  ring-the  top  of  an  ordinary  tripod  stand  is  verv 
suitable.  On  one  side  of  the  ring  twist  two  turns  of  wire  and  attach  the 


Fig.  18-20.  Leyden  jars. 


RADIO 


647 


ends  to  a  voltmeter.  On  the  other  side  of  the  ring  twist  several  turns  of 
wire  and  attach  the  ends  to  a  battery  (or  other  source  of  low  potential) 
through  a  switch  which  may  be  turned  on  and  off  very  quickly.  Each 
time  the  current  in  the  primary  is  started  or  stopped  by  closing  or  opening 
the  switch  the  voltmeter  will  jump,  indicating  the  presence  of  a  tiny 
current  in  the  secondary.  Explain.  (Note :  It  would  be  very  dangerous 
to  connect  this  model  to  the  110-volt  lighting  circuit  unless  a  suitable 
resistance  is  inserted  to  cut  down  the  flow  of  current.) 

5.  Problem — To  make  a  further  study  of  inductance  by  means  of  a 
special  coil. 

For  this  activity  it  will  be  necessary  to  obtain  the  Lenz’s  law  apparatus 
from  a  supply  house.  This  apparatus  consists  of  a  primary  with  one 
hundred  turns  of  No.  18  shellac-insulated  wire  wound  on  a  wooden  core, 
a  secondary  with  three  or  four  hundred  turns  of  No.  28  shellac-insulated 
wire  wound  on  a  wooden  core  large  enough  so  that  the  primary  may  be 
fitted  inside,  and  an  iron  rod  which  may  be  put  inside  the  primary  coil. 
Terminals  of  both  the  primary  and  the  secondary  end  in  suitable  binding 
posts. 

Connect  the  ends  of  the  secondary  to  a  galvanometer.  Remove  the 
primary  and  the  core.  Insert  a  permanent  magnet  in  the  secondary  and 
observe  the  effect  on  the  galvanometer.  Withdraw  the  magnet  and  note 
the  motion  of  the  needle.  Try  moving  the  magnet  up  and  down  in  the 
region  of  the  secondary  but  outside  the  core.  Next  insert  the  primary 
without  the  core  and  connect  the  ends  of  the  primary  through  a  switch 
to  a  source  of  2  or  3  volts  direct  current.  Watch  the  galvanometer  needle 
as  the  current  in  the  primary  is  alternately  switched  on  and  off.  Discon¬ 
nect  the  galvanometer  and  insert  the  iron  core  in  the  primary.  Have  a 
friend  hold  the  terminals  of  the  secondary  with  moistened  fingers  as  you 
alternately  switch  the  current  in  the  primary  on  and  off  as  rapidly  as 
you  can.  Record  and  explain  phenomena  observed. 

6.  Problem — To  examine  the  structure  of  a  radio  tube. 

Obtain  a  worn-out  radio  tube  from  home  or  from  a  radio  technician. 
Break  the  glass  of  the  tube  taking  care  not  to  damage  the  inside  structure 
in  any  manner.  Look  for  the  following  parts:  cathode,  heater,  screen  grid, 
control  grid,  plate.  When  you  have  found  them  all,  write  out  the  name  of 
each  part  on  a  card  and  connect  card  and  part  with  a  piece  of  thread. 

7.  Problem — To  examine  the  structure  of  a  photo-electric  cell. 

Obtain  a  worn-out  photo-electric  cell  from  the  local  radio  shop.  (Moving 
picture  projectors  use  photo-electric  cells  and  they  are  in  constant  need 
of  replacement.)  Examine  the  cell  carefully  for  the  following  parts : 
Photo-sensitive  film,  plate,  window.  Sketch  the  photo-electric  cell  and 
label  the  parts. 

B 

1.  Study  carefully  the  diagram  of  an  induction  coil  in  the  text  (page 
615)  and  then  make  your  own  sketch  from  memory.  Indicate  the  name  of 
each  of  the  major  parts. 

2.  Calculate  the  length  of  time  which  it  takes  for  the  light  to  reach  us 
from  the  sun,  a  distance  of  93,000,000  miles. 

3.  The  nearest  fixed  star,  alpha  centauri,  is  four  light  years  away  from 
the  earth.  Express  this  distance  in  miles. 
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4.  Compare  the  length  of  time  needed  for  a  radio  wave  to  travel  1000 
miles  with  the  length  of  time  necessary  for  a  sound  wave  to  travel  100 
feet.  Speed  of  sound  in  air  may  be  taken  as  1100  feet  per  second. 

5.  Draw  a  straight  line  across  a  piece  of  paper.  On  this  line  draw  two 
or  three  lengths  of  a  transverse  wave.  Indicate  on  the  diagram :  amplitude, 
wave-length,  crest,  trough,  and  frequency. 

6.  Calculate  the  wave-length  of  each  of  the  following  frequencies : 
10,  100,  and  1000  kilocycles ;  10,  100,  and  1000  megacycles. 

7.  Make  the  usual  diagrammatic  representation  of:  condenser,  trans¬ 
former  with  iron  core,  transformer  without  iron,  inductance,  triode  tube, 
headphone,  loud-speaker,  resistor,  aerial,  ground  connection. 

8.  What  method  is  used  to  vary  the  capacity  of  a  variable  condenser? 

9.  Distinguish  carefully  three  possible  uses  of  a  radio  tube  in  a  modern 
receiver. 

10.  In  a  battery  radio  two  different  batteries  are  commonly  used.  Why 
are  two  necessary?  What  is  the  distinction  between  an  A  battery  and  a 
B  battery? 

11.  Explain  carefully  the  function  of  a  grid  in  a  triode  tube. 

12.  Why  is  it  not  possible  to  modulate  light  waves  directly  on  a  radio 
wave? 

13.  Why  is  frequency-modulation  transmission  more  free  from  static 
than  amplitude  modulation? 

14.  What  special  device  makes  sure  of  the  fact  that  a  transmitter  will 
stay  on  its  allotted  frequency? 

15.  What  characteristic  of  sound  enables  a  listener  to  distinguish 
between  the  sounds  produced  by  a  violin  and  a  trumpet? 

16.  List  as  many  uses  as  you  can  of  the  “electric  eye”. 

17.  Yellow  light  has  a  wave-length  of  .000053  cm.  Calculate  the  frequency 
of  this  particular  colour. 

18.  What  is  the  meaning  of  the  expression  “525-line  definition”  as 
applied  to  the  transmission  of  television? 


C 

(Do  not  write  answers  in  the  book) 


1.  The  existence  of  electromagnetic  waves  much  longer  than  light 

waves  was  first  predicted  by  - . 

2.  -  confirmed  this  prediction  in  the  year  - .  He  set  up  the 

waves  by  using  a  special  variety  of  -  to  produce  an  electric  - . 

The  waves  were  detected  by  using  the  principle  of - . 

3.  The  first  practical  attempt  to  use  these  waves  for  the  transmission 

of  signals  was  made  by  - .  He  increased  the  amplitude,  and  hence 

the  -  of  the  waves  by  connecting  the  spark  gap  to - and  - - . 

He  also  used  a  -  as  a  more  delicate  device  for  detecting  the  waves.' 

4.  All  electromagnetic  waves  travel  at  a  speed  of - miles  per 

second,  or  -  kilometres  per  second. 

5.  Waves  of  suitable  -  will  follow  the  curvature  of  the  earth’s 

surface  because  they  are  reflected  from  the - layer  in  the  stratosphere. 
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6.  The  wave-length  and  frequency  of  any  wave  motion  are  connected 

through  the  equation  - .  Tuning  a  radio  receiver  means  adapting  it 

for  resonance  with  a  particular - . 

7.  The  tuning  of  a  circuit  depends  on  two  properties, -  and  - . 

The  first  of  these  may  be  increased  by  using  a  - ,  the  second  by 

employing  a  - . 

8.  In  a  practicab  radio  the  tuning  circuit  picks  up  signals  from  the 

antenna-ground  circuit  through  a  - - 

9.  The  Edison  Effect  is  a  flow  of - from  a  conductor  which  has 

been - .  This  phenomenon  is  the  basis  of  the  operation  of  - . 

10.  The  essential  parts  of  a  triode  tube  are  the - , - and  - . 

11.  In  a  triode  tube,  variations  in  the  -  current  are  induced  by  a 

fluctuating  charge  on  the  — - . 

12.  A  radio-frequency  is  said  to  be - when  an  audio-frequency  is 

imposed  upon  it  as  a  series  of  variations  in  its  - . 

13.  Frequency  modulation  imposes  sound  waves  on  a  carrier  wrave  by 

causing  variations  in  its  - - . 

14.  A  quartz  crystal  may  be  used  to  control  the  wave  emitted  from  a 

radio  station  because  it  has  a  natural  - . 

15.  Early  loud-speakers,  employing  a  fixed  -  and  movable  - - , 

were  able  to  reproduce  only  a  limited  range  of  - .  Modern  speakers 

are  of  the -  type. 

16.  The  important  part  of  a  photoelectric  cell  is  a  coating  of  - , 

• - or  - .  Activation  by  - -  increases  the  ability  of  these 

elements  to  radiate  - — — — . 

17.  A  light  wave  cannot  be  used  directly  to  modulate  a  radio  wave 

because  its -  is  greater  than  that  of  the  carrier  wave. 

18.  Television  depends  on  the  ability  of  a  -  to  respond  to  variations 

in  the  -  of  light. 

19.  In  a  television  receiver,  the  picture  appears  on  a  screen  coated  with 

a  - - —  material.  Such  a  subst-ance  emits  light  when  struck  by - . 

20.  The  range  of  a  television  broadcasting  station  is  rather  limited 

because  of  the  extremely  high  -  which  must  be  used. 

*Note:  Activities  marked  with  asterisks  should  be  completed  by  all  students. 


CHAPTER  19 


UNDERSTANDING  OF  THE  MICROSCOPE,  TELE¬ 
SCOPE,  CAMERA,  AND  PROJECTOR  IS  DEPENDENT 
UPON  KNOWLEDGE  OF  THE  REFLECTION  AND 
REFRACTION  OF  LIGHT 

Which  electromagnetic  waves  are  visible  to  the  eye?  Light 
waves,  like  radio  waves,  are  electromagnetic  disturbances.  As 
we  have  seen  in  our  study  of  the  photo-electric  cell,  light  has 
the  ability  to  cause  minute  electrical  effects.  Other  waves 
which  are  related  to  both  radio  waves  and  light  include  X-rays, 
cosmic  rays,  gamma  rays  from  radium,  infra-red  rays,  and 
ultra-violet  rays.  Figure  19-1  shows  them  all  in  proper  relation 
to  each  other.  Because  they  are  all  vibrations  of  the  same  kind, 
differing  only  in  frequency  and  wave-length,  we  refer  to  the 
arrangement  shown  in  the  diagram  as  the  electromagnetic 
spectrum.  This  spectrum  includes  wave-lengths  which  vary 
from  an  exceedingly  small  fraction  of  a  millimetre  to  many 
kilometres,  but  the  band  of  visible  wave-lengths  is  extremely 
narrow  and  covers  only  those  between  .00004  and  .00007 


Fig.  19-1.  Electromagnetic  spectrum. 

Type 

Wave-length 

Frequency 

A — Long  Radio  Waves 

545  metres  to  infinity 

Zero  to  550  K.C. 

B — Commercial  Band 

200m.  to  545m. 

550  K.C.  to  1.500  K.C. 

C — Short  Radio  Waves  ,03cm.  to  200m.  1,500  K.C.  to  1 ,000,000  M.C 


1 ) — Infra  Red  (Heat) 

78X10  “cm.  to  3X10  ’em. 

I  X  10"  to  38X10" 

E — Visible  Light 

39X10-“cm.  to  78X10—' 

38X10'“  to  77X10" 

F — Ultra-Violet 

1  X10~ “cm.  to  39X10— “cm. 

77X10"  to  3X10'“ 

( 1 — X-ravs 

5X  10~10cm.  to  1  X 10— “cm. 

3X10"  to  6X10" 

H  Camma  Rays  (Radium) 

lXi(]-“cm.  to  IX 10 -“cm. 

3X10"  to  3X10“ 

1  Cosmic  Ravs 

? 

? 
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centimetres.  As  the  wave-length  of  light  of  a  single  frequency 
can  be  determined  with  an  accuracy  of  1  in  10,000,  in  order  to 
express  the  exact  wave-length  of  a  certain  type  of  yellow  light 
we  should  have  to  write  down  the  number  .00005889  cm. 
Since  it  is  evident  that  the  centimetre  is  too  large  a  unit  for 
such  a  small  quantity,  we  use  another  smaller  unit  called  the 
Angstrom  unit.  In  one  centimetre  there  are  100,000,000 
Angstrom  units;  hence,  the  wave-length  of  this  particular 
yellow  light  is  5889  Angstrom  units.  Symbol  of  the  Angstrom 
is  A,  the  capital  letter  A  with  a  small  zero  over  the  top. 
Angstrom  was  a  Swedish  physicist  interested  in  spectroscopy, 
and  the  small  circle  over  the  first  letter  of  his  name  has  a  special 
significance  in  the  Swedish  language. 

Why  do  light  rays  change  direction  when  they  pass  from  one 
medium  to  another?  Like  all  other  forms  of  electromagnetic 
radiation,  light  rays  travel  in  a  vacuum  with  the  speed  of 
186,000  miles  per  second,  or  3  X  1010  centimetres  per  second. 
In  going  through  transparent  material  such  as  glass,  water,  or 
even  air  the  light  rays  find  the  path  somewhat  more  difficult. 
They  slow  down  to  approximately  124,000  miles  per  second  in 
glass  and  140,000  miles  per  second  in  water.  The  reduction  in 
speed  causes  an  oblique  ray  to  change  direction  as  it  enters  the 
denser  medium,  inclining  it  toward  the  normal  (Fig.  19-2). 
The  normal  is  a  straight  line 
perpendicular  to  the  surface  of 
the  denser  medium.  Light 
which  is  bent  in  this  way  is 
said  to  be  refracted.  The 
angle,  I,  between  the  incident 
ray  and  the  normal  is  called 
the  angle  of  incidence  and 
the  angle,  R,  between  the 
refracted  ray  and  the  normal 
is  called  the  angle  of  re¬ 
fraction.  There  is  a  defi¬ 
nite  relationship  between  the 
angle  of  incidence  and  the 
angle  of  refraction  for  any 
given  substance,  known  as  the 


Fig.  19-2.  A  ray  of  light  is  refracted 
as  it  enters  a  denser  medium. 
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Glass  Plate 


Fig.  19-3.  Diagram  indicating  the  path 
taken  by  a  ra3r  of  light  passing  through 
a  glass  prism. 


Passage 
glass 


index  of  refraction  of  the  substance.  For  glass  this  index  has 
a  value  of  1.5.  Careful  measurements  show  that  the  speed  of 
light  in  glass  is  the  same  as  the  value  obtained  when  we  divide 
186,000  miles  per  second  by  1.5  (the  index  of  refraction).  The 

speed  of  light  in  other  media 
may  be  calculated  in  the 
same  manner. 

How  may  the  many  differ¬ 
ent  wave-lengths  of  visible 
light  be  separated?  When 
light  enters  glass  the  ray  is 
bent  toward  the  normal,  but 
when  it  leaves  glass  it  is 
bent  away  from  the  normal. 

of  light  through  a 
plate  causes  a  shift  or 
displacement  in  the  ray,  but 
the  direction  in  which  the  ray  emerges  is  parallel  to  the 
direction  in  which  it  entered  (Fig.  19-3).  If  the  sides  of  the 
glass  are  not  parallel,  as  when  we  send  the  light  through  a 
glass  prism,  the  change  of  direction  of  the  emergent  ray  may 
add  to  the  change  of  direction  of  the  refracted  ray  (Fig.  19-4) 
and  permanent  bending  of  the 
light  ray  results.  The  beam  of  ^ 
white  light  which  entered  the 
glass  prism  emerges  not  only 
bent  but  also  coloured.  Sir 
Isaac  Newton  was  the  first  to 
carry  on  experiments  in  an 
attempt  to  explain  this  pheno¬ 
menon.  He  used  a  ray  of  light 
which  entered  his  room  when 
the  sun  shone  on  a  crack  in 
his  window  blind.  Passage  of 
the  narrow  beam  of  sunlight 
through  a  glass  prism  caused 
the  formation  of  a  rainbow  of 
colour  on  the  opposite  wall. 

Separation  of  white  light  into  its  colours  by  means  of  a  prism 
is  known  as  dispersion.  The  experiment  is  capable  of  great 


Fig.  19-4.  When  a  beam  of  white 
light  passes  through  a  prism,  the  light 
is  refracted  and  dispersed. 
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refinement  when  an  instrument  known  as  a  spectrometer  is 
used.  This  instrument  consists  of  a  collimating  tube  with  a 
slit  at  one  end  and  a  focusing  device  at  the  other,  a  prism  of 
transparent  material,  a  telescope  tube  to  view  the  spectrum, 
and  various  devices  to  measut'e  the  exact  angle  through  which 
each  colour  is  refracted. 

What  causes  the  variation  in  colour  of  different  materials? 

If  a  complete  spectrum  or  rainbow  of  colour  is  used  to  illumi¬ 
nate  pieces  of  cloth  of  different  colours,  then  the  origin  of 
these  different  colours  becomes  evident.  The  red-coloured 
cloth  will  absorb  all  colours  except  the  red  so  that  a  spectrum 
projected  on  red  cloth  appears  to  consist  of  red  and  black 
bands  only.  The  blue-coloured  cloth  will  absorb  all  colours 
except  the  blue  so  that  a  spectrum  formed  on  blue  cloth 
appears  to  consist  of  blue  and  black  bands  only.  White  material 
will  reflect  all  colours  which  shine  upon  it.  Thus  white  cloth 
appears  blue  in  blue  light,  red  in  red  light,  yellow  in  yellow 
light,  and  so  on,  but  when  illuminated  with  white  light  it 
reflects  all  the  wave-lengths  and  so  appears  white.  Black 
material,  on  the  other  hand,  absorbs  all  colours  so  that  black 
cloth  appears  black  no  matter  what  the  illuminating  colour. 

How  may  the  fact  that  glass  refracts  light  be  used  to  increase 
man’s  ability  to  see?  A  piece  of  glass  with  curved  sides  has  long 
been  known  as  a  lens.  If  the  edges  of  the  lens  are  thicker  than 
the  centre,  the  light  will  be  spread  by  the  lens  and  it  is  said  to 
be  a  diverging  lens.  Objects  viewed  through  a  diverging  lens 
appear  smaller  but  nearer  than  when  viewed  with  the  naked 
eye.  A  lens  with  the  central  portion  thicker  than  the  edges  is 
called  a  convex  lens  because  the  faces  of  the  lens  curve  outwards. 
Because  this  type  of  lens  converges  the  rays,  it  is  known  also  as 
a  converging  lens.  Rays  of  light  which  come  from  a  distant 
object  are  very  nearly  parallel.  When  parallel  rays  fall  on  a 
converging  lens  they  are  refracted  in  such  a  manner  that  they 
meet  at  a  single  point  known  as  the  focal  point  of  the  lens.  The 
distance  from  the  centre  of  the  lens  to  the  focal  point  is  known 
as  the  focal  length  of  the  lens. 

Both  diverging  lenses  and  converging  lenses  are  used  as 
spectacles,  the  former  to  correct  nearsightedness  and  the  latter 
to  correct  farsightedness.  In  a  normal  eye,  light  from  any 


654 


SCIENCE  AND  PROGRESS 


object,  upon  entering  through  the  pupil,  is  converged  by  both 
cornea  and  natural  lens  and  focused  upon  the  retina  (Fig. 
19-5a).  In  order  to  focus  the  light  accurately  on  the  retina, 
the  lens  must  be  thicker  when  examining  a  near-by  object  than 


<■ 


<- 


when  viewing  a  distant  one. 

-  This  “accommodation”  of  the 

1  lens  is  accomplished  through 
the  action  of  a  muscle  within 
the  eye,  known  as  the  ciliary  • 

_  muscle.  In  a  nearsighted  eye, 

-  failure  of  the  lens  to  accom¬ 
modate  itself  for  distant 
vision  causes  the  light  from  a 

_  distant  object  to  be  focused 

_  in  front  of  the  retina  (Fig. 

19-5b).  The  use  of  diverging 
spectacles  remedies  the  defect 
(Fig.  19-5c).  In  a  farsighted 

- -  eye,  the  lens  fails  to  accom- 

modate  itself  for  close-up 
vision,  and  the  light  is  not 
focused  by  the  time  it  reaches 

_  the  retina  (Fig.  19-5d).  This 

-  defect  is  remedied  by  the  use 

of  converging  spectacles  (Fig. 
in  eye-  19-5e).  Nearsightedness, 
glasses  to  correct  faulty  vision.  called  myopia,  is  more  com¬ 

mon  among  children  and  young  people;  farsightedness,  or 
hyperopia,  among  elderly  people. 

A  single  converging  lens  may  be  used  as  a  magnifying  glass, 
but  where  greater  magnification  is  desired  it  is  necessary  to  use 
a  special  combination  of  lenses  known  as  the  microscope. 
Where  the  chief  purpose  is  to  see  a  distant  object  more  clearly, 
field  glasses,  binoculars,  or  a  telescope  may  be  used.  Before  we 
can  understand  the  different  parts  of  a  microscope  or  of  a 
telescope  we  must  know  more  about  the  physics  of  a  simple  lens. 


Fig.  19-5.  Lenses  are  used 


How  does  a  lens  change  the  apparent  size  and  location  of  an 
object?  Consider  a  source  of  light  so  small  that  it  may  be 
regarded  as  a  single  point.  Rays  of  light  radiate  from  it  in  all 
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Fig.  19-6.  Light  radiating  from  a  diminishes  as  distance  from  source 
point  forms  a  spherical  wave  front.  increases. 


directions,  forming,  at  any  given  instant,  a  wave-front  which  is 
spherical  in  form  (Fig.  19-6).  The  curvature  of  the  wave-front 
is  greatest  just  as  the  light  leaves  the  source,  and  diminishes  as 
the  light  travels  outward  (Fig.  19-7).  Hence,  if  R  represents 

the  radius  of  the  spherical  wave-front,  may  be  used  to  repre¬ 
sent  the  curvature,  for  as  the  light  travels  outward  from  the 
source  the  value  of  this  fraction  diminishes. 


Now  suppose  a  diverging  lens  is  placed  at  a  distance  of  p  cm. 
from  the  light  source  (Fig.  19-8).  When  the  wave-front  strikes 


the  lens  the  curvature  of  the  front  is--.  Through  its  refraction 

of  the  light,  the  lens  adds  to  the  curvature  of  the  wave-front. 
The  front  emerges  from  the  lens  with  a  curvature,  let  us 


say,  of 


1 

<7‘ 


That  is,  the  light  appears  to  have  come  from  a 


point,  I,  only  q  centimetres  away  from  the  lens.  Looking  at 
the  light  source  through  the  lens,  we  see  an  image  of  it  at  a 
distance  of  q  centimetres. 


It  is  possible  to  predict  the  position  of  the  image  if  we  know 
just  how  much  curvature  the  lens  adds  to  the  wave-front.  This 
may  be  determined  by  looking  through  the  lens  at  a  fairly 
distant  object.  For  practical  purposes,  the  rays  from  such  an 
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object  striking  the  lens  may  be  considered  to  be  parallel  and, 
therefore,  to  have  a  flat  wave-front,  with  a  curvature  of  zero. 
Any  curvature  the  front  has  as  it  emerges  has  been  contributed 
by  the  lens  itself.  Suppose  the  image  of  the  distant  object 
appears  to  be  formed  at  a  distance  of  /  centimeters  from  the 
lens.  This  is  called  the  focal  length  of  that  particular  lens,  and 

the  fraction  -  represents  the  curvature  which  the  lens  produces 

in  the  wave-front. 

Now  this  same  lens  will  add  an  amount  equal  to  j-  to  the 

curvature  of  any  wave-front  which  enters  the  lens.  We  may 
therefore  say  that  if  light  coming  from  a  source  p  cm.  behind 
a  diverging  lens  whose  focal  length  is  /  cm.,  and  the  image 

appears  to  be  q  cm.  behind  the  lens,  then  —  4-  l. 

]  P  f  <1 

It  will  be  apparent,  since  —  is  obtained  by  adding  the  lens 

curvature  to-,  that  q  will  always  be  a  smaller  quantity  than  p. 

In  other  words,  the  image  seen  through  a  diverging  lens  is 
always  closer  to  the  lens  than  is  the  object. 
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Fig.  19-9.  Wave  front  emerges  from  converging  lens  with  curvature  dimin¬ 
ished,  forms  virtual  image  at  I. 


In  the  case  of  a  converging  lens  (Fig.  19-9),  the  curvature 
which  the  lens  contributes  tends  to  neutralize  or  overcome  the 
curvature  which  the  wave-front  already  possesses.  The 

equation  which  expresses  this  relationship  is:— — 

Since  the  curvature  caused  by  the  lens  is  subtracted  from  the 
original  curvature,  the  quantity  q  may  turn  out  to  be  either 
positive  or  negative.  The  significance  of  this  fact  is  indicated 
in  Figure  19-9.  If  the  object  distance  is  less  than  the  focal 


length  of  the  lens,  the  quantity  -j  is  less  than  the  quantity  j 


and  q  is  positive.  In  this  case,  the  light  rays  are  still  diverging 
when  they  emerge  from  the  lens,  and  appear  to  have  come  from 
some  point,  I,  farther  away  than  their  actual  sources.  An  image 
is  seen  which  appears  relatively  distant.  Such  an  image,  seen 
behind  a  lens  because  light  has  been  made  to  appear  to  come 
from  an  imaginary  source,  is  called  a  virtual  image.  It  is 
actually  a  sort  of  optical  illusion.  If  the  object  is  placed  beyond 


the  focal  length  of  the  lens,  ^is  greater  than—,  and  q  is  negative. 

In  this  case,  the  light  which  emerges  from  the  lens  is  converg¬ 
ing  (Fig.  19-10),  and  eventually  comes  to  a  point  at  a  distance 
of  /  centimeters  in  front  of  the  lens.  If  a  screen  is  placed  at 
this  point,  I,  the  converging  light  will  produce  a  picture,  or 
image,  of  the  original  light  source.  Such  an  image,  which  can 
be  picked  up  on  a  screen  because  it  is  formed  by  the  actual 
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Fig.  19-10.  Converging  lens  may  reverse  curvature  of  wave  front  and  form 
real  image. 


convergence  of  rays  of  light,  is  called  a  real  image.  We  have 
seen  that  a  converging  lens  is  capable  of  producing  either  a 
real  or  a  virtual  image,  while  a  diverging  lens  always  forms  a 
virtual  image. 

So  far  we  have  referred  only  to  the  image  of  a  point-source 
of  light.  Any  larger  object,  however,  is  made  up  of  a  series  of 
such  points.  Hence,  the  facts  we  have  established  apply  to  any 
object.  When  considering  an  object  larger  in  size  than  a  point, 
we  find,  too,  that  the  image  differs  in  size  from  the  object.  An 
image  which  appears  farther  than  the  object  from  the  lens  is 
enlarged;  one  which  appears  nearer  to  the  lens  than  is  the 


A  / 
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/ 

Fig.  19-11.  When  the  object  is  beyond  the  focal  length  of  a  converging  lens, 
a  real,  inverted  image  is  formed.  When  P=15  cm.,  F=10  cm.,  and  Q  =  30  cm., 
magnification— 2. 


REFLECTION  AND  REFRACTION 


659 


object,  is  diminished.  The  relationship  is  usually  expressed 
by  stating  that  the  magnification  is  equal  to 


The  magnification  produced  by  a  lens  is  best  illustrated  by 
means  of  a  ray  diagram  (Fig.  19-11).  The  arrow  AB  indicates 
an  object  placed  15  cm.  from  a  converging  lens  whose  focal 
length  is  10  cm.  From  the  point  A,  at  the  top  of  the  object, 
light  radiates  in  all  directions.  All  rays  from  this  point  which 
pass  through  the  lens  are  converged  to  meet  at  the  point  C, 
where  the  image  is  formed.  To  find  the  position  of  the 
point  C  it  is  only  necessary  to  trace  the  paths  of  two  such  rays. 
Any  two  may  be  chosen,  but  there  are  two  which  are  particu¬ 
larly  easy  to  draw.  First  of  these  is  the  ray  which,  passing 
through  the  centre  of  the  lens,  is  not  bent*.  Second  to  be 
drawn  is  the  ray  which  approaches  parallel  to  the  axis  of  the 
lens  and  is  bent  so  as  to  pass 
through  the  focus  of  the  lens. 

From  the  completed  diagram 
it  can  be  seen  that  the 
triangles  ABX  and  XDC  are 
similar  triangles.  It  follows 

that  the  ratio  is  equal  to 
AB  1 


the  ratio 


XD 

XB" 


The  first  of 


Ftg.  19-12.  Object  within  focal  length 
of  converging  lens.  Image  virtual,  erect. 
Maghifi  cation— 2. 


these  equal  ratios  is  the 
magnification  produced  by 
the  lens,  and  the  second  is 

,  •  <7 

the  ratio  -f . 

P 

If,  as  in  Figures  19-12  and 
19-13,  the  rays  which  emerge 
from  the  lens  are  diverging, 
the  intersection  of  the  two 
rays  is  found  by  producing 
the  rays  backward.  In  such 


Fig.  19-13.  A  diverging  lens  always 
forms  a  virtual,  erect,  diminished  image. 

case,  the  image  is  virtual,  but 


the  magnification  is  still  equal  to  the  ratio  It  should  be 

P 

*This  is  true  only  of  rays  passing  through  very  thin  lenses. 
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noticed  that  in  the  case  of  a  diverging  lens  the  ray  which 
approaches  parallel  to  the  axis  of  the  lens  is  not  bent  through 
the  focus,  but  rather  emerges  in  such  a  direction  that  it  appears 
to  have  come  from  the  focus.  Again,  it  should  be  noticed  that 
real  images  produced  by  lenses  are  inverted,  while  virtual 
images  are  erect. 

When  a  converging  lens  is  used  as  a  magnifying  glass,  best 
results  are  obtained  by  placing  the  object  just  far  enough  from 
the  lens  so  that  a  virtual  image  is  formed  about  10  inches  from 
the  lens.  This  is  the  distance  at  which  the  average  eye  distin¬ 
guishes  detail  most  clearly.  Applying  the  lens  formula  to  this 
case  in  which  q  is  10  inches: 

1  1  _  1 

P~J= TO 


p~ 

/  +  10 

1 

10  +  / 

p~ 

10/ 

p  = 

10/ 

mi* 

xt  •  ,  „  .r  .  q  10(10  +  /) 

Now,  since  q  =  10,  the  magnification  —— — \  '  . 

/;  10/ 


This  fraction  may  be  reduced  to 


Thus,  the  magnifica¬ 


tion  obtainable  by  using  a  single  converging  lens  as  a  magnify¬ 
ing  glass  may  be  calculated  from  the  formula: 


Magnification 


+  1  > 


where  /  is  the  focal  length  of  the  lens  measured  in  inches, 
is  measured  in  centimeters,  the  formula  becomes: 


Magnification  = 


25 

T 


+ 


if/ 
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What  factors  tend  to  detract  from  the  clearness  of  a  lens 
image?  Aside  from  the  evident  difficulties  caused  by  the 
imperfections  of  the  glass  and  the  irregularities  of  the  polished 
surfaces,  there  are  two  major  factors  which  tend  to  blur  the 
image  seen  through  a  lens.  Both  these  factors  are  known  as 
aberrations,  a  word  which  means  “straying  from  the  path”. 

Spherical  aberration  is  a  fault  inherent  in  every  spherical 
lens,  no  matter  how  accurately  it  is  ground.  Although  we  have 
previously  stated  (pp.  659,  660)  that  rays  of  light  parallel  to  the 
principal  axis  are  refracted  either  through  the  focus  or  as  if 
they  had  come  from  the  focus,  this  statement  is  only  true  for 
those  rays  which  are  very  near  the  principal  axis.  The  farther 
we  get  from  the  principal  axis  the  farther  the  refracted  ray 
strays  from  the  focus.  This  property  of  spherical  lenses  tends 
to  blur  the  image.  Spherical  aberration  is  usually  prevented 
by  using  a  diaphragm  to  “stop  down”  the  lens  so  that  light 
passes  through  only  a  very 
small  area  of  the  lens  close  to 
the  principal  axis  (Fig.  19-14). 

Dispersion  of  white  light  by 
lenses  causes  chromatic  aber¬ 
ration,  for  at  the  same,  time 
that  the  light  is  refracted  it  is 
also  broken  up  into  its  Fig.  19-14.  spherical  aberration, 
separate  colour  components  (page  652).  When  an  attempt  is 
made  to  focus  the  image  it  is  found  impossible  to  focus  the 
different  colours  at  the  same  spot.  The  image  is  surrounded 
by  a  fringe  of  colour  and  appears  blurred.  Chromatic  aberra¬ 
tion  may  be  overcome  by  making  the  lens  of  two,  three,  or 
more  parts,  each  part  made  of  a  different  kind  of  glass.  The 
dispersion  of  a  positive  lens  is  counteracted  by  the  dispersion 
of  a  negative  lens  and  the  colours  are  brought  together  again. 
The  refractive  index  of  the  glass  in  the  lenses  must  differ  or  the 
magnification  would  be  neutralized  at  the  same  time. 

How  may  a  knowledge  of  single  lenses  be  used  in  the  study 
of  the  microscope?  A  compound  microscope  is  a  combination 
of  lenses  so  arranged  that  magnification  up  to  2000  diameters 
or  more  may  be  obtained.  The  simplest  possible  arrangement 
which  could  be  classed  as  a  compound  microscope  is  shown  in 
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figure  19-15.  Two  converging  lenses  are  set  up  on  a  common 
axis.  The  object  to  be  magnified  is  placed  just  outside  the 
focal  length  of  the  lower  lens,  which  is  called  the  objective  lens. 
This  lens  forms  a  magnified  real  image  (page  658).  The  upper 

lens,  or  eyepiece,  is  placed  so 
that  this  real  image  falls  just 
within  its  focal  length.  Ac¬ 
cordingly,  this  lens  forms  an 
enlarged  virtual  image  of  the 
real  image  formed  by  the 
objective  lens  (page  659). 
The  total  magnification  is 
thus  the  product  of  the  mag¬ 
nifications  of  the  two  indivi¬ 
dual  lenses. 

Actually,  each  part  of  a 
compound  microscope  is 
more  complex  than  a  mere 
single  lens.  Each  part  is 
itself  a  rather  complex,  pre¬ 
cision-built  unit. 

1.  The  eyepiece.  The  eyepiece 
behaves  like  a  single  converging 
lens.  The  purpose  of  the  eyepiece 
is  to  form  an  enlarged  virtual 
image  of  the  real  image  produced 
by  the  object  glass.  For  clearest 
vision  the  virtual  image  so  formed 
should  be  approximately  10  inches 
or  25  centimetres  from  the  eye. 
Magnification  produced  by  the 
eyepiece  is  found  in  the  same  way 
as  for  a  simple  lens  (page  660). 
This  value  is  usually  stamped  on 
the  brass  or  metal  tube  containing 
the  eyepiece  lens  or  lenses.  There 
are  usually  two  lenses  so  arranged 
as  to  produce  a  minimum  of 
chromatic  and  spherical  aberra¬ 
tion.  It  consists  of  two  plano¬ 
convex  lenses  with  the  bulged 
sides  toward  the  light.  The  upper 
lens  nearest  the  eye  is  called  the 
eye-lens  and  is  usually  smaller 
than  the  other,  called  the  field  lens. 


Fig.  19-16.  Microscope  objective. 
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2.  The  objective.  The  objective  (Fig.  19-16)  also  behaves  like  a  single 
converging  lens,  but  the  construction  of  a  good  object  glass  is  considerably 
more  complicated  than  that  of  the  eyepiece  and  accounts  for  nearly  all  of 
the  cost  of  an  expensive  instrument.  The  object  glass  produces  a  real 
image  of  the  object  in  the  tube  just  above  the  focal  plane  of  the  field  lens. 
It  is  essential  that  the  image  so  produced  be  free  from  spherical  and 
chromatic  aberration  and  that  each  tiny  portion  of  the  surface  under 
consideration  be  separate  and  distinct.  This  latter  property  of  a  good 
microscope  is  known  as  the  resolving  power. 


3.  The  condenser. 

Microscope  slides  must 
be  brightly  lighted.  If  the 
magnification  is  not  too 
great,  a  concave  mirror  is 
used  to  focus  natural  or 
artificial  light  on  the  slide. 
Where  greater  magnifica¬ 
tion  and  consequently  more 
light  is  needed,  lenses  are 
used  to  focus  the  light 
reflected  upward  by  a 
plane  mirror  (Fig.  19-17). 
The  amount  of  illumination 
is  controlled  by  a  variable 
diaphragm. 

There  are  other  parts 
of  the'-microscope  :  the  tube 
which  holds  the  object 
lenses  and  the  eyepiece 
lenses,  the  stage,  the  fine 
adjustment,  the  coarse  ad¬ 
justment,  and  the  stand. 
Most  school  science  labora¬ 
tories  possess  at  least  one 
microscope,  and  actual  ex¬ 
amination  of  the  various 
parts  should  be  made  if  at 
all  possible. 

How  are  the  lenses 
arranged  in  a  refract¬ 
ing  telescope?  It  is 
said  that  the  discovery 
of  the  telescope  by 
Hans  Lippershey  in 
1608  was  accidental. 
The  man  was  a  spec- 


Courtesy  W estinghouse 


Fig.  19-1 7a.  Microscopes  are  used  extensively 
in  the  study  of  micro-organisms.  Can  you 
recognize  the  parts  of  this  instrument? 


tacle  maker  and  the  story  goes  that  while  two  of  his  children 
were  playing  with  a  pair  of  lenses  they  noticed  that  when  they 
held  the  lenses  together  in  a  certain  manner  thev  obtained  a 
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Fig.  19- 17b. 

relatively  new 
dimensions. 


Courtesy  Imperial  Oil 

The  electron  microscope  is  a 
research  instrument.  Note  the 


edly  limited, 
have 
For 


Because  of  this 


combination  through 
which  distant  objects 
appeared  larger  and 
clearer.  A  year  or  two 
later  Galileo  heard  of 
the  curiosity  and  real¬ 
ized  the  usefulness  of 
the  new  instrument  for 
astronomical  studies. 

The  Galilean  tele¬ 
scope  consists  of  a 
large  convex  lens  to¬ 
ward  the  field  and  a 
smaller  concave  lens 
toward  the  eye.  The 
same  principle  is  used 
today  in  field  glasses 
and  opera  glasses.  Fig¬ 
ure  19-18  shows  the 
passage  of  rays  of  light 
through  this  combina¬ 
tion  of  lenses  and  indi¬ 
cates  the  manner  in 
which  magnification 
and  greater  clarity  are 
obtained.  There  is 
little  aberration  with 
this  instrument,  espe¬ 
cially  if  the  field  lens 
is  achromatic,  but  the 
field  of  view  is  decid- 
drawback  field  glasses  seldom 


a  magnification  of  more  than  three  diameters. 


greater 


magnification 


be 
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Fig.  19-18.  Arrangement  of  lenses 
opera  glasses. 


the  eyepiece  must  also 

converging  lens  or  group  of 
lenses  (Fig.  19-19).  Galileo 
used  this  type  of  telescope, 
but  he  never  overcame  the 
difficulty  of  inversion  which, 
as  he  said,  made  a  fly  walk 
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Fig.  19-19.  A  simple  telescope. 


upside  down  and  east  instead  of  west.  All  microscopes  invert 
the  image  but  with  them  the  inversion  causes  little  incon¬ 
venience.  Astronomical  telescopes  of 
the  refracting  variety  also  invert  the 
image,  but  two  methods  are  in  use  to 
make  the  image  seen  through  a  terres¬ 
trial  telescope  seem  more  natural.  In 
one  of  these  methods  a  small  lens  is 
introduced  between  the  objective  and 
the  eyepiece  with  the  sole  purpose  of 
turning  the  image  right  side  up.  In 
the  second  method  carefully  ground 
glass  prisms  serve  the  purpose. 

When  prisms  are  used  it  is  possible 
to  shorten  the  length  of  the  telescope 
very  considerably.  Modern  prismatic 
binoculars  (Fig.  19-20)  consist  of  two 
erect-image  prism  telescopes  side  by 
side  with  a  single  screw  setting  to 
control  the  focus  of  both  telescopes  at 
the  same  time.  These  optical  instru¬ 
ments  are  useful  at  sea  or  on  land  for 
viewing  the  details  of  distant  objects. 

The  largest  refracting  telescope  in 
the  world  is  in  the  Yerkes  observatory 
owned  by  the  Chicago  Universitv  at 
Lake  Geneva  in  Wisconsin.  The  lens 
is  40  inches  in  diameter  and  weighs 
more  than  750  pounds.  The  tube  is 
62  feet  long  and  the  entire  telescope 
weighs  more  than  6  tons.  The  cupola 
which  houses  this  giant  has  a  large  slit 
right  across  the  roof  so  that  the  instru- 
mem  may  be  swept  in  an  arc  o£  180°  thSegl, 
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from  one  horizon  to  the  other.  In  addition  to  this  up  and 
down  control  the  entire  cupola  may  be  rotated,  enabling  the 
observer  to  train  his  telescope  on  any  part  of  the  sky.  Second 
largest  telescope  of  this  type  is  on  Mount  Hamilton  in  Cali¬ 
fornia,  at  the  Lick  observatory. 

What  is  the  principle  of  the  reflecting  telescope?  In  certain 
respects  reflecting  telescopes  are  better  than  those  which  focus 
the  light  by  means  of  lenses,  especially  when  they  are  used  for 
photographic  work.  In  this  type  of  instrument  the  objective 
lens  is  replaced  by  a  concave  mirror.  Since  the  light  is 
reflected  from  the  mirror,  rather  than  passing  through  it,  three 
advantages  are  gained.  In  a  refractory  telescope  two  sides  of 
the  huge  objective  lens  must  be  ground  to  an  accuracy  of  one 
millionth  of  an  inch;  the  mirror  of  the  reflecting  instrument  is 
ground  on  one  surface  only.  Again,  a  lens  can  be  supported 
only  at  the  edge,  while  a  mirror  may  be  more  sturdily  sup¬ 
ported.  Finally,  if  the  mirror  is  ground  in  the  shape  of  a 
parabola,  its  use  avoids  both  spherical  and  chromatic  aberration. 

The  huge  mirror  with  its  supporting  skeleton  of  iron  needs 
only  the  addition  of  a  viewing  device  to  make  it  complete. 
The  first  reflecting  telescope  was  made  by  Sir  Isaac  Newton. 
Because  he  used  a  plane  mirror  set  at  an  angle  of  45°  to  send 
the  light  off  to  one  side  and  then  looked  towards  the  mirror 
with  an  ordinary  telescope  or  microscope  eyepiece,  we  call  this 
arrangement,  which  is  still  in  use,  a  Newtonian  flat.  An  alterna¬ 
tive  procedure  is  to  drill  a  hole  in  the  centre  of  the  large 
concave  mirror  and  arrange  a  convex  mirror  to  collect  the  light 
from  the  large  mirror  for  transmission  through  the  hole  via  an 
eyepiece  to  either  the  observer  or  a  camera. 

Largest  of  the  reflecting  telescopes  is  on  Mount  Palomar  in 
California.  The  huge  mirror  of  this  enormous  light-gatherer 
is  200  inches  across.  The  glass  backing  is  made  of  Pyrex  and 
took  many  months  to  cool  after  being  cast  from  molten  glass 
(Fig.  11-13).  The  greatest  disadvantage  of  the  instrument  is  its 
susceptibility  to  minute  changes  in  temperature  which  cause 
local  swellings  and  bulges  on  its  silver  face  and  distort  the 
image  of  the  distant  star  or  nebula  under  observation. 

In  the  Dominion  Astrophysical  Observatory  at  Victoria, 
B.  C.,  there  is  a  large  reflecting  telescope  with  which  important 
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astronomical  discoveries  have  been  made.  It  is  interesting  to 
note  in  passing  that  the  astronomers  who  make  use  of  these 
gigantic  watchers  of  the  sky  must  work  at  night  in  a  tower 
which  is  open  to  the  atmosphere.  Because  conditions  for 
observation  are  often  best  on  cold  frosty  nights,  astronomers  are 
a  hardy  race  with  an  intense  passion  for  their  work. 

How  may  a  lens  be  used  to  focus  an  image  upon  a  photo¬ 
graphic  film?  A  camera  consists  of  a  lens  fastened  in  front  of 
a  light  container.  At  the  back  of  the  container  is  a  device  on 
rollers  so  that  a  fresh  section  of  film  may  be  wound  into  place 
as  needed.  The  lens  may  usually  be  moved  backwards  or 
forwards  on  either  a  slide  or  a  screw  so  that  the  image  of  either 
a  near  at  hand  or  distant  scene  may  be  focused  on  the  film. 
An  ingenious  arrangement  of  metallic  plates  may  be  controlled 
so  as  to  govern  the  size  of  a  circular  opening  in  front  of  the 
lens.  This  device  is  known  as  the  diaphragm.  Besides  the 
diaphragm,  which  covers  only  part  of  the  lens,  there  is  the 
shutter  which  covers  all  of  the  lens  except  for  the  brief  period 
when  the  shutter  is  lifted  by  hand  to  expose  the  film.  The 
technical  skill  necessary  to  obtain  a  clear  picture  is  largely  a 
matter  of  using  the  correct  setting  of  diaphragm,  lens,  and 
shutter  speed. 

The  lens  is  by  far  the  most  expensive  part  of  a  good  camera 
(Fig.  19-21).  An  ideal  lens  will  have  a  large  diameter  compared 


Fig.  19-21.  Structure  of  camera  showing  the  way  image  of  object  is  formed. 
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with  its  focal  length  so  that  plenty  of  light  may  be  admitted  at 
high  shutter  speed.  A  high  shutter  speed  makes  possible  a 
snapshot  of  a  rapidly  moving  object.  To  give  a  clear  image 
the  lens  must  be  as  free  as  possible  from  spherical  and  chromatic 
aberration.  The  fact  that  the  image  is  inverted  on  the  screen 
is  of  no  consequence  for,  since  the  negative  is  transparent,  it 
may  be  turned  over  to  invert  the  image  when  it  is  inspected 
after  development. 

What  happens  when  the  film  of  a  camera  is  exposed  to  the 
light?  The  film  of  a  camera,  made  of  flexible  plastic  material 
such  as  celluloid,  is  coated  with  gelatin  containing  a  “halide”  i 
of  silver.  A  halide  of  silver  might  be  silver  chloride,  silver 
bromide,  or  silver  iodide.  Silver  bromide  is  the  halide  most 
generally  used.  When  light  strikes  a  silver  salt,  the  salt  is 
decomposed,  with  the  formation  of  metallic  silver.  The  silver 
precipitated  in  this  manner  consists  of  such  fine  particles  that 
the  usual  silvery  sheen  is  lacking  and  the  silver  deposit  appears 
black.  If  a  silver  halide  is  exposed  to  light  for  only  a  very  brief 
time,  no  change  in  the  colour  is  visible,  but  the  reaction  has  in 
some  way  been  started  for,  when  this  silver  halide  is  added  to  a 
solution  containing  certain  complex  organic  chemicals  called 
developers,  decomposition  is  rapid.  The  speed  of  the  decom¬ 
position  is  directly  proportional  to  the  quantity  of  light  to 
which  the  silver  halide  has  been  exposed.  When  the  film  of  a 
camera  is  exposed  to  a  scene,  the  quantity  of  light  falling  on 
each  part  of  the  film  will  depend  entirely  on  the  light  reflected 
from  each  part  of  the  scene.  When  this  exposed  film  is  I 
developed,  those  parts  of  the  film  which  received  most  light 
will  show  blackest  from  silver  formation,  and  those  which 
recorded  the  darkest  part  of  the  scene  will  show  lightest.  In 
between  there  will  be  varying  shades  so  that  the  developed  film 
shows  a  picture  in  which  the  light  intensity  is  exactly  reversed. 
Light  parts  of  the  scene  will  appear  dark  in  the  picture.  Such 
a  picture  is  called  a  negative,  and  because  the  backing  of  the 
film  is  transparent  celluloid  the  negative  will  cast  a  shadow 
when  placed  in  front  of  a  light  source.  If  the  shadow  falls  on 
a  piece  of  sensitized  paper,  paper  covered  with  a  coating  of 
gelatin  impregnated  with  silver  halide,  this  paper  will  record 
a  true  picture  of  the  original  scene  when  it  is  placed  in  the 
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THE  CHEMICAL  PROCESSES 

IN  THE 

MANUFACTURE  OF  PHO TOGQA PH/C  FILM 


35  MM.  PICTURE  FILM 


Fig.  19-22.  Many  chemical  processes  are  employed  in  the  production  of 
photographic  films. 

developer.  Such  a  picture  is  called  a  positive  or  a  print.  Both 
the  original  film  and  the  print  will  contain  unused  silver 
halides  after  they  have  been  developed.  Hence  the  developing 
process  must  be  carried  out  in  a  dark  room  and,  before  the 
developed  him  or  print  is  exposed  to  the  light,  the  excess  silver 
salts  must  be  removed.  Any  silver  halide  is  soluble  in  sodium 
thiosulphate,  a  compound  which  the  photographer  refers  to 
as  “hypo”.  A  solution  of  “hypo”  is  called  a  fixing  solution 
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because  it  is  used  to  fix  the  scene  on  the  paper.  Rinsing  with 
running  water  removes  both  the  “hypo”  and  the  excess 
silver  salts. 

What  chemical  reactions  take  place  in  the  developing  bath?  The  exact 
chemical  reaction  which  takes  place  when  a  latent  image  is  produced  on 
a  photographic  plate  by  exposure  to  light  is  not  known.  We  do  know 
that  gelatin  containing  sulphide  is  the  most  suitable  for  films.  Perhaps  the 
silver  sulphide  particles  formed  during  manufacture  of  the  film  are 
decomposed  and  in  the  developer  initiate  silver  formation  in  their  imme¬ 
diate  neighborhood. 

We  also  know  that  silver  is  formed  by  the  reducing  action  of  the 
developer  on  silver  bromide.  If  we  use  hydrogen  to  represent  the 
developer  the  equation  for  the  reaction  follows: 

2  AgBr  +  H2 - >  2  HBr  +  2  Ag 

Pr’n*  were  in  the  developer  long  enough,  the  entire  surface 
would  be  covered  with  microscopic  coke-like  particles  of  silver  and  to  the 
naked  eye  would  appear  uniformly  black.  Light  would  have  the  same 
effect  The  printing  process  must  therefore  be  carried  out  in  a  dark  room 
lit  only  by  a  dim  orange  red  light,  to  which  the  silver  bromide  is  not  very 
sensitive. 

Hydrogen  is  an  unsuitable  reducing  agent  to  use  as  a  photographic 
developer.  Two  compounds  in  common  use  are  pyrogallol  (1)  and 
hydroquinone  (2)  : 


(I)  OH 

A 

H— C  C— OH 

II  I 

H— C  C— OH 

V 

I 

H 


(2) 


OH 

I 

A 

H— C  C— H 

II  I 

H— C  C— H 

V 

I 

OH 


Note  the  hydroxyl  groups  present  in  both  these  compounds.  Because 
these  important  groups  are  quickly  put  out  of  action  by  the  hydrobromic 
acid  formed,  most  developing  powders  contain  alkalies  such  as  sodium 
carbonate,  sodium  bicarbonate,  or  borax,  to  neutralize  the  hydrobromic 
acid.  Since  any  reducing  agent  tends  to  absorb  oxygen  from  the  air, 
sodium  sulphite  is  added  to  the  developer  to  react  with  the  oxygen  before 
it  can  spoil  the  reducing  agent. 

Why  is  acetic  acid  added  to  the  fixing  bath?  Acetic  acid  is  called  a 

short  stop  because  it  acts  like  hydrobromic  acid  on  the  hydroxyl  group 

of  the  developer  and  prevents  the  reduction  of  any  more  of  the  silver 
bromide  before  the  hypo  can  dissolve  it  away. 

Why  is  alum  added  to  the  fixing  bath?  Frequent  washings  tend  to 

soften  the  gelatin  coat  of  the  film.  Alum  tends  to  harden  this  film  by 

a  process  similar  to  the  tanning  of  leather. 
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How  does  a  projecting  lantern  make  use  of  lenses  and 
mirrors?  Parts  of  a  projector  are  shown  in  Figure  19-23.  Light 
from  a  strong  source  is  intensified  by  a  concave  mirror  situated 
behind  the  lamp.  The  rays  are  focused  to  some  extent  when 
they  next  go  through  the  two  large  condenser  lenses.  The 
strong  beam  of  light  is  then  used  to  illuminate  the  picture  or 
“slide”,  which  is  a  photographic  print  on  a  transparent  backing. 
An  image  of  the  slide  is  focused  on  the  screen  by  means  of  an 
ordinary  camera  lens.  If  glass  slides  are  used  there  must  be  a 
device  consisting  of  a  double  frame  so  that  one  picture  may  be 
changed  while  the  other  is  being  viewed.  It  is  considerably 
more  convenient  to  use  a  roll  of  celluloid  slides  fastened 
together.  A  special  device  makes  it  possible  to  turn  these  slides 
into  place  one  after  the  other.  When  these  film  slides  are  used, 
a  glass  partition  must  be  inserted  between  the  light  source  and 
the  film  to  absorb  the  heat  rays  which  otherwise  would  spoil 
the  film. 

Projectors  may  be  used  to  show  opaque  pictures  on  a  screen 
if  an  arrangement  of  mirrors  is  used,  first  to  shine  the  light  of 
the  lamp  on  the  picture  and  then  to  reflect  the  light  from  the 
picture  to  the  screen. 
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How  can  a  projector  create  the  illusion  of  motion  pictures? 

It  the  projector  is  to  be  used  to  project  motion  pictures,  several 
devices  must  be  added.  First,  there  must  be  an  electric  motor 
to  diive  the  ribbon  of  film  through  the  apparatus.  There  are 
usually  two  reels,  one  to  receive  the  film  which  has  been  shown, 
the  other  to  hold  the  unshown  film.  During  projection  the  film 
is  steadily  unwound  from  one  reel  and  wound  on  the  other. 
When  we  are  told  that  the  film  passes  through  at  the  rate  of 
nearly  one  foot  per  second  we  realize  that  considerable  atten¬ 
tion  must  be  paid  to  the  mechanics  of  getting  the  film  through 
or  a  hopeless  tangle  will  result.  After  a  reel  of  film  has  been 
shown  it  must  be  rewound  ready  for  the  next  showing.  Along 
one  side  of  a  sound  film,  or  along  each  side  of  a  silent  film, 
there  is  a  low  of  evenly  spaced  holes  which  fit  into  the  teeth 
of  various  sprocket  wheels,  much  like  the  chain  of  a  bicycle. 
When  threading  film,  careful  attention  must  be  paid  to  getting 
these  holes  over  the  sprocket  correctly  or  extensive  damage  to 
the  film  may  result.  Although  the  reels  move  steadily  as  the 
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Courtesy  General  Films  Ltd.,  Vancouver,  D.C. 

1*  ig.  19-24.  Motion  picture  projector. 
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film  is  wound  or  unwound  upon  them,  the  film  itself  passes  the 
opening  in  front  of  the  light  source  in  a  series  of  jerks.  There 
are  twenty-four  of  these  jerks  every  second.  While  a  tooth 
flashes  round  to  carry  the  film  ahead  one  picture  at  a  time,  a 
metal  shutter  comes  between  the  light  source  and  the  film  to 
cut  off  the  light  during  the  brief  space  of  time  that  the  film  is 
actually  moving.  In  order  that  these  jerks  may  not  tear  the 
film,  a  loop  must  be  left  above  and  below  the  gate  (Fig.  19-24). 

The  process  of  motion  pictures  is  as  follows: 

1.  A  single  frame  remains  stationary,  illuminated  by  the 
lamp  for  one  forty-eighth  of  a  second. 

2.  The  lamp  is  hidden  and  the  film  is  snatched  ahead  until 
the  next  frame  is  in  position.  Thus  the  screen  is  dark 
for  one  forty-eighth  of  a  second. 

3.  The  next  frame  is  flashed  on  the  screen  before  the  image 
of  the  first  has  had  time  to  fade  from  the  retina  of  the  eye 
(persistence  of  vision). 

4.  Each  successive  picture  is  slightly  different  from  its 
predecessor  so  that  moving  objects  which  have  been 
filmed  seem  to  have  continuous  motion. 

Motion  pictures  operate  much  like  ordinary  cameras  with  the 
addition  of  reels  to  wind  the  film  past  the  aperture,  revolving 
teeth  to  snatch  the  film  from  one  frame  to  the  next,  and  a 
device  which  automatically  closes  the  shutter  during  the  brief 
instant  that  the  film  is  in  actual  motion. 

What  special  devices  enable  motion  pictures  to  talk? 
Examination  of  a  talking  picture  will  reveal  a  sound  track 
down  one  side  of  the  film  on  the  side  opposite  the  row  of 
sprocket  holes.  There  are  two  types  of  sound  track,  the  variable 
area  and  the  variable  density.  Either  type  will  work  with  the 
same  projection  apparatus.  When  light  from  the  exciter  lamp 


Fig.  19-25.  Photoelectric  cells  are  used  in  talking  pictures. 


674 


SCIENCE  AND  PROGRESS 


(Fig.  19-25)  shines  on  the  sound  track,  the  amount  of  light 
transmitted  depends  on  the  density  of  the  shading  on  the  sound 
track  or  on  the  area  of  the  blackened  portion.  The  transmitted 
light  is  picked  up  by  a  photo-electric  cell  and  causes  a  varying 
plate  potential  in  the  photo-electric  cell,  which  is  connected  to 
the  grid  of  a  radio  tube.  The  plate  current  from  this  tube, 
after  further  amplification,  is  carried  to  the  voice  coil  of  a 
loud-speaker  which  produces  sound  in  a  manner  already 
described  (page  635). 

Formation  of  the  sound  track  is  accomplished  by  a  process 
which  is  essentially  the  reverse  of  that  just  outlined.  Sound 
waves  impinge  on  the  crystal  of  a  microphone,  and  the  resulting 
variations  set  up  electric  currents  which  are  carried  to  the  grid 
of  a  radio  tube  for  amplification.  These  amplified  oscillations 
control  the  direct  current  which  is  used  to  excite  the  filament 
of  an  ordinary  lamp.  The  film  is  exposed  to  the  light  from  the 
lamp  at  just  the  right  instant  to  photograph  the  sound  track  on 
the  film  in  its  correct  position. 

Controls  for  the  sound  section  of  a  motion  picture  projector 
are  the  same  as  those  of  an  ordinary  radio,  namely,  a  variable 
resistance  to  control  the  volume  and  a  series  of  condensers 
which  may  be  “tapped  in”  or  “shorted  out”  to  control  the  tone. 

Activities 

A 

1.  Problem — To  observe  refraction  caused  by  water. 

Place  a  dish  containing  a  coin  on  the  centre  of  a  table.  Move  back¬ 
wards  until  the  coin  just  disappears  from  view.  Ask  your  partner  to  add 
water  to  the  dish  until  it  is  nearly  full.  Record  your  observations. 

*2.  Problem — To  trace  the  ray  of  light  as  it  goes  through  a  glass  plate. 

Place  a  rectangle  of  plate  glass  flat  on  the  table  with  a  piece  of  white 
paper  underneath.  Outline  the  glass  with  your  pencil.  Place  a  pin  in  the 
paper  well  above  the  glass  plate  and  to  the  right.  Place  a  second  pin  in 
such  a  way  that  it  touches  the  middle  of  the  top  edge  of  the  glass.  Stoop 
down  and  look  at  the  two  pins  through  the  edge  of  the  glass  from  below. 
Place  a  third  pin  in  line  with  the  other  two  but  touching  the  lower  edge 
of  the  glass.  Place  a  fourth  pin  in  line  with  the  other  three  but  closer  to 
your  eye.  Remove  glass  and  pins.  Join  the  pin  marks  with  straight  lines. 
Draw  normals  to  top  and  bottom  surfaces.  How  does  your  diagram 
compare  with  Figure  19-3? 

*3.  Problem — To  trace  the  ray  of  light  as  it  goes  through  a  glass  prism. 

Place  a  triangular  glass  prism  (60°)  on  end  on  a  piece  of  paper  on  a 
table.  Have  the  base  of  the  triangle  parallel  with  the  bottom  of  the  paper. 
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Outline  the  glass  with  your  pencil.  Place  a  pin  in  the  lower,  left-hand 
corner  of  the  piece  of  paper  and  a  second  pin  in  the  centre  of'  the  left-hand 
side  of  the  prism.  Look  through  the  right-hand  side  of  the  prism  and 
place  a  third  pin  next  to  the  glass  and  in  line  with  the  other  two.  Place 
a  fourth  pin  in  line  with  the  other  three  but  closer  to  your  eye.  Remove 
glass  and  pins.  Join  the  pin  marks  with  straight  lines.  Draw  normals  to 
both  surfaces.  How  does  your  diagram  compare  with  Figure  19-4? 

4.  Problem — To  study  the  apparent  bending  of  a  stick  when  it  is  placed 
in  water. 

Hold  a  pencil  obliquely  so  that  it  dips  into  a  dish  of  water.  Explain  the 
phenomenon  observed. 

5.  Problem — To  measure  the  magnifying  power  of  a  simple  lens. 

First  it  will  be  necessary  to  determine  the  focal  length  of  a  converging 

lens.  This  is  done  by  forming  on  a  screen  the  clearest  possible  image  of 
a  distant  source  of  light.  When  the  image  is  as  clearly  defined  as  possible 
the  distance  from  the  lens  to  the  screen  is  the  focal  length  of  the  lens 
(page  656). 

Clamp  the  lens  ten  inches,  or  twenty-five  centimetres,  above  the  table 
top.  Cut  a  half  inch  square  from  a  piece  of  cardboard  and  clamp  the 
cardboard  in  a  horizontal  position  in  the  focal  plane  of  the  lens.  With 
one  eye,  look  at  the  hole  in  the  cardboard  through  the  lens.  With  the 
other  eye,  look  at  the  ruler  which  is  lying  flat  on  the  table  directly  under¬ 
neath  the  lens.  The  image  of  the  hole  in  the  cardboard  and  the  ruler 
should  appear  to  coincide.  Use  the  markings  on  the  ruler  to  measure  the 
size  of  the  image.  What  is  the  magnification  of  the  lens?  How  does  your 
answer  compare  with  the  formula  given  on  page  660? 

6.  Problem— To  use  a  glass  prism  to  observe  total  reflection. 

Place  a  triangular  glass  prism  cross-wise  on  the  table  on  one  of  its 
long  flat  sides.  Hold  your  finger  or  another  object  above  the  level  of  the 
prism  and  with  the  prism  between  the  object  and  your  eye.  Look  for  the 
image  of  your  finger  in  the  base  of  the  prism  which  is  lying  on  the  table. 
Make  a  diagram  to  show  the  passage  of  the  light  rays  as  they  go  from 
your  finger  to  your  eye. 

7.  Problem — To  measure  the  magnifying  power  of  a  pair  of  field  glasses. 

With  a  pair  of  field  glasses  look  at  a  brick  wall.  Hold  the  glasses 

vertically  so  that  one  eye  looks  at  the  wall  through  the  glasses  and  the 
other  eye  looks  at  the  bricks  unaided.  Count  the  number  of  bricks  covered 
by  the  image  of  one  of  the  bricks  and  you  will  have  the  magnification  of 
the  glasses  directly.  Repeat  the  experiment  with  several  different  settings 
of  the  focus  made  necessary  by  changing  your  distance  from  the  wall. 

8.  Problem— To  observe  chromatic  aberration  through  a  single  lens. 

Place  a  printed  sheet  of  paper  on  the  table.  Look  at  the  printing 

through  a  convex  lens  leaving  your  head  in  its  normal  reading  position 
and  starting  with  the  lens  quite  close  to  the  paper.  Gradually  move  the 
lens  out  from  the  paper  towards  the  eye  until  the  print  becomes  almost 
too  fuzzy  to  read.  Look  for  the  coloured  edges  of  the  letters. 

9.  Problem — To  use  two  convex  lenses  to  obtain  telescopic  vision. 

For  this  activity  we  shall  need  two  convex  lenses,  one  with  focal  length 
of  approximately  six  inches  and  one  with  focal  length  of  approximately 
two  inches.  Hold  the  weak  lens  in  the  left  hand  and  the  strong  lens  in 
the  right.  Place  the  strong  lens  fairly  close  to  the  eye  and  hold  the  weak 
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lens  at  arm  s  length.  Objects  viewed  through  both  the  lenses  will  seem 
both  clear  and  close  although  they  will  also  appear  both  upside  down  and 
leit  for  right.  Some  adjustment  of  the  position  of  the  lenses  will  no  doubt 
be  necessary  before  the  images  become  clear.  Compare  this  arrangement 
with  that  illustrated  in  Figure  19-19. 

10.  Problem — To  make  a  pinhole  camera. 

Make  a  pinhole  in  the  centre  of  the  bottom  of  a  box  with  a  light  tight 
bottom  and  sides.  Paste  (or  fasten  with  pins)  a  sheet  of  paper  over  the 
top  of  the  box.  Cover  your  head  and  the  top  of  the  box  with  a  piece  of 
dark  cloth  such  as  professional  photographers  use.  Holding  the  box  on  its  1 
side  with  the  paper  top  about  ten  inches  away  from  the  eye,  look  at  the 
window.  It  should  be  possible  to  see  the  image  of  the  window  on  the 
piece  of  paper.  Is  the  image  erect  or  inverted?  Is  it  real  or  virtual?  I 
Explain  with  the  aid  of  a  diagram. 

11.  Problem — To  make  a  photographic  print. 

Obtain  from  a  photographic  supply  house  the  following  materials : 
developer,  hypo,  sensitized  paper.  Bring  a  negative  from  home.  A  piece  1 
of  glass  will  also  be  needed.  This  activity  must  be  performed  in  a  darkened 
room  or  closet.  Make  up  the  solution  of  developer  and  the  fixing  bath  as 
directed  on  the  package.  A  container  of  water  should  be  ready  to  rinse 
the  prints.  Undo  the  package  of  sensitized  paper  in  the  dark  room  and 
p  ace  first  the  negative  and  then  the  glass  on  top  of  the  paper.  Expose  the 
glass  five  feet  from  a  100  watt  bulb  for  two  seconds.  Return  to  the  dark 
room  and  place  the  sensitized  paper  in  the  developer.  As  soon  as  the 
picture  is  sufficiently  clear  remove,  rinse,  and  place  it  in  the  fixing  bath 
Swish  it  round  thoroughly  and  then  rinse  it  again.  If  left  to  dry  in  the 
ordinary  manner,  it  will  probably  curl.  It  can  be  rolled  flat  and  left  to 
dry  on  a  smooth  piece  of  glass  if  a  glossy  finish  is  desired.  Save  the 
solution  for  the  next  activity. 

12.  Problem— To  observe  the  chemical  actions  which  take  place  during 
the  processes  of  photography. 

Make  a  solution  of  approximately  two  grams  of  salt  (NaCl)  in  100  cc. 
of  water.  Add  excess  of  silver  nitrate  and  before  the  precipitate  settles 
divide  it  into  four  parts.  Leave  one  part  exposed  to  the  light  for  five 
minutes.  Put  two  of  the  parts  immediately  into  a  cupboard.  Expose  the 
fourth  part  to  the  light  for  one-half  minute.  Treat  the  various  parts  as 
follows : 

1.  Observe  any  change  which  has  taken  place  in  the  part  exposed  for 
five  minutes.  Add  excess  of  the  fixing  solution  to  this  solution. 

2.  Observe  the  part  exposed  for  only  one-half  minute  and  then  add 
developer  solution  to  this  part. 

3.  Observe  any  change  which  has  taken  place  in  the  parts  in  the  cup¬ 
board.  To  the  first  of  these  parts  add  excess  ammonium  hydroxide. 

4.  After  observation  add  excess  of  sodium  thiosulphate  to  the  second 
part  from  the  cupboard. 

Keep  a  record  of  the  results  observed. 

13.  Problem — To  arrange  a  single  lens  as  a  projector. 

Cut  a  hole  about  one  inch  in  diameter  in  the  bottom  of  a  jam  tin  Place 
a  lighted  bulb  inside  the  jam  tin  and  point  the  hole  toward  a  white  wall  in 
a  darkened  room.  Hold  a  lens  at  a  distance  equal  to  its  focal  length  in 
front  of  the  hole.  A  transparent  object  such  as  a  photographic  negative 
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or  a  slide  will  show  up  on  the  wall  if  it  is  placed  over  the  hole  of  our 
improvised  projector.  Explain. 

14.  Problem — To  examine  a  section  of  sound  film. 

Obtain  a  short  section  of  sound  film  from  the  local  movie  house.  Note 
the  sprocket-slots,  the  sound  track,  and  the  slight  difference  in  the  position 
of  moving  objects  between  successive  pictures. 

B 

1.  Change  the  following  wave-lengths  in  cm.  into  Angstrom  units : 

1  X  10-8cm„  .00005687  cm.,  103  cm,  78  X  10-“  cm,  24  X  l()-8cm,  .00053675 
cm,  546.7  cm,  65  X  10~ 4cm. 

2.  Define  the  following  terms  and  give  an  example  of  each,  either  in 
words  or  by  means  of  a  sketch : 

Normal,  incident  ray,  reflected  ray,  refracted  ray,  principal  axis, 
principal  focus,  spherical  aberration,  chromatic  aberration,  dispersion. 

3.  Calculate  the  speed  of  light  in  water,  carbon  disulphide,  glass,  and 
diamond,  given  the  following  indices  of  refraction : 

I. 33  for  water,  1.63  for  carbon  disulphide,  1.52  for  glass,  2.42  for  diamond. 

5.  A  list  of  the  focal  lengths  of  various  converging  lenses  follows. 
Calculate  the  magnifying  power  of  each  when  used  as  a  simple  microscope  : 

25  cm,  10  in,  2  in,  5  cm,  50  cm,  2  cm,  8  cm,  100  cm.  Does  the 
magnifying  power  of  lenses  decrease  or  increase  with  increase  in 
focal  length? 

6.  A  microscope  is  equipped  with  the  following  eyepiece  magnifications : 

(a)  X  10,  (b)  X  5,  (c)  X  6,  and  the  following  objective  magnifications : 

(a)  X  10,  (b)  X  20,  (c)  X  40.  Calculate  the  magnifications  of  the 

following  combinations : 

aa,  ab,  be,  ba,  cc,  ac,  bb,  ca,  cb.. 

7.  A  pair  of  binoculars  are  rated  as  8  X  30.  Tell  exactly  what  is  meant 
by  this  rating  and  comment  on  the  value  of  a  pair  of  binoculars  of  this 
type  to  (a)  the  average  person,  (b)  a  ship’s  captain,  (c)  a  horse-race  fan, 
(d)  an  opera-goer. 

8.  Make  a  diagram  of  a  school  microscope  and  label  all  the  parts. 

9.  Use  a  diagram  to  explain  why  the  image  seen  on  the  screen  of  a 
photographic  camera  is  inverted. 

10.  What  two  methods  are  used  to  limit  the  quantity  of  light  which 
falls  on  a  photographic  film? 

II.  Contrast  the  method  used  to  focus  the  lens  of  the  eye  with  that  used 
to  focus  the  lens  of  a  camera.  Which  do  you  think  is  more  convenient? 

12.  Differentiate  between  the  following  terms  as  applied  to  photog¬ 
raphy  :  exposing,  developing,  printing,  fixing. 

13.  During  the  showing  of  a  motion  picture  film  the  screen  is  dark  for 
what  fraction  of  the  time?  Explain  why  the  flickering  is  not  noticeable? 

14.  A  photographic  plate  is  6  inches  long  and  it  is  8  inches  from  the  lens. 
How  far  must  a  6-foot  man  stand  from  the  lens  to  get  a  full  length 
portrait? 

15.  List  the  various  forms  of  radiant  energy  in  order  of  increasing 
wave-length  from  long  radio  waves  to  cosmic  rays. 
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16.  What  colour  would  appear  if  each  of  the  following  surfaces  were 
exposed  to  blue  light? 

(a)  black,  (b)  white,  (c)  yellow,  (d)  red,  (e)  blue. 

17.  Which  colour  of  light  should  you  judge  to  be  of  least  value  to  plants 
as  a  source  of  energy  for  the  photosynthesis  process? 

18.  As  the  temperature  of  a  body  increases  what  happens  to  the  wave¬ 
length  of  the  radiations? 


C 

(Do  not  write  answers  in  the  book) 

1.  The  longest  light  waves,  in  the  -  part  of  the  visible  spectrum, 

ave  a  wave  length  of  about  -  cm.,  or  -  Angstrom  units.  The 

shortest  light  waves,  in  the  -  part  of  the  spectrum,  have  a  wave 

length  of  about - cm.,  or - Angstrom  units. 

2.  Light,  like  other  waves,  travels  in  a  vacuum  at  a  speed  of  - 

miles  per  second,  or  - cm.  per  second. 

3.  The  refraction  which  occurs  when  a  beam  of  light  passes  from  one 

medium  to  another  is  a  result  of  a  change  in  - . 

4.  The  index  of  refraction  may  be  considered  to  be  either  a  ratio  of 

- or  a  relationship  between - . 

5.  When  light  enters  a  denser  medium  it  bends  - :  when  entering 

a  rarer  medium  it  bends  -  the  normal. 

6.  Dispersion  occurs  when  -  light  passes  through  a  piece  of  glass 

whose  sides  are  not  - .  Such  a  piece  of  glass,  called  a  - ,  forms 

the  essential  part  of  the  optical  instrument  known  as  a - . 

7.  The  apparent  colour  of  an  object  indicates  which  wave-lengths  of 

light  are  being - . 

8.  A  piece  of  glass  which  is  thicker  at  the  centre  than  at  the  edges  is 

a  ;  one  which  is  thicker  at  the  edges  is  a - . 

9.  The  focal  length  of  a  lens  is  the  distance  from  its - to  its - . 

10.  Nearsightedness,  or  ,  is  corrected  by  wearing  spectacles  with 

-  lenses;  farsightedness,  or  - ,  requires  -  lenses. 

11.  The  image  formed  by  a  lens  can  always  be  located  by  drawing  on 

a  diagram  two  rays  of  light  from  one  point  on  the  - .  One  of  these 

rays  passes  through  the  and  is  not  refracted ;  the  other,  approaching 

the  lens  in  a  direction  -  to  the  - ,  bends  so  that  it  either  passes 

through  the - or  appears  to  have  come  from  there. 

12.  An  image  which  can  be  seen  through  the  lens  but  cannot  be  picked 

up  on  a  screen  is  called  ;  one  which  can  be  seen  only  after  being 

picked  up  on  a  screen  is - . 

13.  A  diverging  lens  always  forms  a  — - , - ,  -  image ;  the 

characteristics  of  the  image  formed  by  a  converging  lens  depend  on  the 
distance  of  the  -  from  the  - . 

14.  When  a  convex  lens  is  used  as  a  magnifying  glass  the  object  is 

placed  within  the  - ,  so  that  the  image  will  be  a  -  one,  but  as 

close  to  the -  as  possible,  to  obtain  a  maximum - . 

15.  For  a  normal  eye  the  distance  of  clearest  vision  is  -  inches  or 

-  centimetres. 
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16.  The  magnification  obtained  with  any  optical  instrument  is  defined 

as  the  ratio  of  the - of  image  and  object.  It  is  also  equal  to  the  ratio 

of  their  distances  from  the  - . 

17.  - aberration  results  from  the  failure  of  a  lens  to  focus  the  light 

aberration. 


quite  accurately.  It  may  be  minimized  by  using  a 

18.  When  a  simple  lens  is  used,  dispersion  causes  —  -  . 

A  compound  lens  which  has  been  corrected  for  this  type  of  aberration  is 

called  - . 

19.  The  eye-piece  of  a  compound  microscope  is  a  -  lens  or  com¬ 
bination  of  lenses.  The  objective  is  so  placed  as  to  form  a  image; 

the  eye-piece  forms  a - -  image.  The  magnification  is  the -  ot  the 


lens  and  the 
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magnifications  of  the  eye-piece  and  objective. 

20.  In  the  Galilean  telescope  the  eye-piece  is  a 

objective  a - lens. 

21.  The  astronomical  telescope  of  the  refracting  type  differs  from  the 

Galilean  telescope  in  having  a - eye-piece. 

22.  In  the  reflecting  telescope  the  -  is  replaced  by  a  mirror, 

usually  -  in  shape. 


23.  The  most  important  and  expensive  part  of  a  camera  is  the 
The  amount  of  light  admitted  is  controlled  by  the  -  and  - 


and 


ine  amount  oi  ngm  -  , 

the  image  is  formed  on  a  film  coated  with  a  light-sensitive  compound 

of  - .  .  .  * 

of  the  light-sensitive  compound 


the  unused  part  of  the  coating. 

image. 


24.  The  developer  continues  the 
on  the  film,  and  the  fixing  hypo  — 

25.  The  projector  uses  a - lens  to  form  a 

26.  A  motion-picture  projector  creates  the  illusion  of  motion  by  taking 

advantage  of  the  -  of  vision. 

Note:  Activities  marked  with  asterisks  should  be  completed  by  all  students. 
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ELECTRICAL  CONDUCTION  IN  GASES  IS  OF  GREAT 
THEORETICAL  AND  PRACTICAL  IMPORTANCE 


What  voltage  is  needed  to  make  a  spark  of  electricity  jump 
through  air  at  atmospheric  pressure?  Thunder  and  lightning 
ate  characteristic  of  the  lavish  scale  on  which  nature  demon¬ 
strates  the  reserve  of  power  at  her  disposal.  It  takes  approxi¬ 
mately  15,000  volts  to  cause  a  spark  to  jump  one  inch  between 
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Fig.  20-1.  Lightning  is  sensational;  the  voltage 
is  high  but  its  usable  energy  lasts  only  for  a 
moment. 
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metallic  points;  and  be¬ 
tween  round  knobs,  a 
difference  of  potential 
nearly  five  times  as  great. 
To  produce  a  streak  of 
lightning  the  difference  of 
potential  must  be  many 
millions  of  volts. 

The  difference  of  poten¬ 
tial  required  to  produce  a 
discharge  of  lightning  is 
caused  usually  by  a  verti¬ 
cal  current  of  drops  of 
moisture  which  have  ob¬ 
tained  a  static  charge  by 
friction  through  the  air. 
These  drops  may  be  mov¬ 
ing  up  or  down  and  may 
change  their  direction 
several  times  before  falling 
to  earth  in  the  form  of 
rain.  Although  the  charge 
on  each  drop  is  relatively 
small,  a  cloud  containing 
millions  of  drops  will  have 
an  enormous  total  charge. 
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The  charged  cloud  induces  an  opposite  charge  on  the  earth 
directly  below  it  in  the  same  manner  as  a  charge  is  induced  in 
a  condenser.  If  the  charge  becomes  large  enough  on  the  plates 
of  the  condenser,  that  is  on  the  earth  and  the  cloud,  an  electric 
potential  will  be  built  up  which  overcomes  the  resistance  of 
the  air  between  them,  and  lightning  is  the  result. 

The  passage  of  a  charged  cloud  over  the  face  of  the  earth 
does  not  always  result  in  a  discharge  of  lightning.  The  cloud 
may  move  on  before  the  discharge  takes  place;  the  charge  on 
the  earth  then  quietly  disperses.  Again,  electricity  may  stream 
off  the  earth  in  a  noiseless  steady  manner  until  the  difference 
of  potential  is  harmlessly  equalized.  When  such  a  dissipation 
of  electricity  takes  place  from  a  ship  at  sea,  the  electricity  finds 
it  easier  to  leave  the  pointed  tops  of  the  masts,  and  this  exit 
is  sometimes  so  intense  that  a  blue  halo  can  be  seen  which  the 
sailor  calls  St.  Elmo’s  Fire. 


What  is  the  relationship  between  the  atmospheric  pressure 
and  the  voltage  needed  to  produce  a  spark?  To  study  the  effect 
of  pressure  on  the  discharge 
of  electricity  through  a  gas, 
we  use  a  long  tube  with  elec- 
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Fig.  20-2.  Air  discharge  tube  used  to 
test  the  effect  of  pressure  on  the 
discharge  of  electricity  through  a  gas. 


trodes  at  either  end  and  a 
side  tube  leading  from  the 
centre  to  an  air  pump  (Fig. 

20-2).  An  induction  coil 
(page  453)  provides  the  neces¬ 
sary  high  voltage.  When  air 
in  the  tube  is  at  atmospheric 
pressure  no  evidence  of 
electric  discharge  can  be 

detected  in  the  tube,  but  as  the  pump  continues  to  remove  the 
air  a  glow  appears  in  the  tube  which  varies  in  appearance  with 
the  degree  of  evacuation.  As  evacuation  proceeds  the  colour 
pales  until  only  a  ghostly  greenish  glow  remains  in  the  glass. 
It  is  possible  to  carry  the  process  so  far  that  the  tube  becomes 
almost  completely  evacuated;  the  current  then  stops  altogether. 
As  air  is  allowed  to  re-enter  the  tube  the  series  of  effects  just 
described  is  observed  in  reverse  order. 

Michael  Faraday  was  the  hrst  to  study  this  phenomenon 
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scientifically,  just  as  he  was  the  first  to  bring  any  semblance  of 
coherence  to  the  mass  of  apparently  unrelated  electrical 
knowledge  of  his  day.  In  1851  Geissler  made  beautiful  pat¬ 
terns  with  glass  tubing,  pumped  much  of  the  air  out  of  them, 
and  used  an  induction  coil  to  make  them  glow.  There  is  no 
doubt  that  these  delicate  toys  were  the  forerunners  of  our 
modern  “neon”  signs. 

.  Neon  is  one  of  the  rare  gases  of  the  atmosphere  discovered 
in  1898  by  Sir  William  Ramsay,  a  British  chemist,  but  it  was 
Georges  Claude,  a  Frenchman,  who  first  tried  the  effect  of  an 
electiical  discharge  through  a  tube  containing  this  gas  at  low 
piessure.  The  brilliant  red  glow  which  appeared  must  have 
made  the  discovery  one  of  the  most  spectacular  in  the  whole 

history  of  science.  Unlike 
many  scientists  who  receive 
little  credit  and  less  pay 
for  their  achievements, 
Claude  patented  his  in¬ 
vention  and  became  ex¬ 
ceedingly  wealthy.  His 
neon  signs  light  our  store 
fronts  in  ever  increasing 
numbers.  With  the  addi¬ 
tion  of  sodium  or  mercury 
vapor  they  make  extremely 
efficient  street  lamps. 

First  of  the  neon  signs 
used  a  cold  cathode  and 
anode  and  with  suitable 
voltage  carried  as  much  as 
60  milliamperes  of  cur¬ 
rent.  It  was  later  found 
that  if  a  hot  cathode  was 
used,  like  the  filament  of 
a  radio  tube,  higher  cur¬ 
rents  and  consequently 
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JbiG.  20-3a.  Surgical  lamp  which  produces 
ultraviolet  radiation  that  disinfects  surround¬ 
ing  air. 


more  light  could  be  ob¬ 
tained  with  much  lower 
and  less  dangerous  voltages. 
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These  are  the  so-called  high-intensity  neon  signs.  If  the  neon 
is  replaced  with  helium  a  pale  pink  colour  results;  with  mer¬ 
cury  vapour  the  colour  is  an  intense  blue.  Blue  inside  a  yellow 
glass  gives  us  green.  If  mercury  vapour  is  enclosed  in  a  tube 
of  fused  quartz,  transparent  to  the  ultra-violet,  we  have  an 
efficient  germicidal  lamp  (Fig.  20-3)  for  use  in  hospitals,  dairies, 
nurseries,  or  water  supply  depots.  In  an  attempt  to  find  a 
white  light  whose  efficiency  would  match  that  of  the  neon  tube, 
all  the  known  gases  and  mixtures  of  gases  were  tried  one  after 
the  other  with  consistently  unsuccessful  results.  It  was  not 
until  the  inside  of  the  tube  was  coated  with  various  fluorescent 
solids,  such  as  calcium  tungstate  or  zinc  sulphide,  that  a  light 
was  obtained  which  was  suitable  for  home,  factory,  and  office 
illumination.  Such  are  the  fluorescent  lights  which  today  are 
replacing  the  incandescent  lamp  in  many  buildings. 


Courtesy  WestingKouse 


Fig.  20-3b.  Effect  of  ultraviolet  radiation  on  Protozoa.  A— normal  paramoecia, 
B — swelling  which  occurs  after  thirty  seconds  of  irradiation,  C — organisms 
dying,  D — body  of  paramoecium  disintegrating. 
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]  10.  20  3c.  Danger  of  contamination  is  lessened  in  dairy  barn  when  sterilamps 
are  used.  Petri  plates  numbered  one  to  four  were  obtained  under  ordinary 
conditions.  The  other  eight  were  taken  in  “sterilamp”  atmosphere. 


What  explanation  has  been  given  of  the  phenomena  which 
accompany  the  discharge  of  electricity  through  rarefied  gases? 

We  have  seen  in  the  preceding  paragraphs  that  if  there  is  too 
much  gas  in  the  tube  no  current  will  flow,  and  again  that  if 
there  is  not  enough  gas,  no  current  will  flow.  We  have  also 
dt  awn  attention  to  the  fact  that  a  heated  cathode  permits  the 
discharge  to  flow  through  the  tube  with  less  difference  of 
potential  than  when  a  cold  cathode  is  used.  We  find  further 
that  the  rays  which  are  passing  through  the  tube  are  affected 
by  magnetic  and  electric  fields.  Considering  these  facts,  Sir 
J.  J.  Thomson  suggested  in  1896  that  the  low-voltage  discharge 
involves  a  stream  of  the  particles  of  negative  electricity  which 
we  know  as  “electrons”.  He  then  began  a  series  of  researches 
which  eventually  shattered  the  chemical  atom,  inviolate  up  to 
that  time,  researches  which  have  been  continued  and  expanded 
in  many  laboratories  and  universities  until  the  climax  was 
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leached  when  the  bombs  which  1  el  1  on  Hiroshima  and  Nagasaki 
stopped  the  Pacific  Wav. 

What  are  X-rays  and  how  are  they  produced?  One  of  the 
early  workers  with  cathode  tubes  was  a  German  scientist  named 
Roentgen.  In  1895,  while  he  was  working  with  a  vacuum 
tube  of  a  type  designed  by  Sir  William  Crookes,  he  noticed 
that,  even  though  the  tube  itself  was  covered,  barium  platino- 
cyanide  crystals  in  a  nearby  container  produced  a  glow  when 
the  tube  was  in  operation.  Metallic  objects  placed  between  the 
tube  and  the  salt  extinguished  the  glow.  Roentgen  concluded 
that  some  mysterious  radiation  must  be  emitted  by  the  Crookes’ 
tube.  Further  careful  investigation  showed  that  these  rays 
were  produced  when  the  stream  of  electrons  struck  a  metallic 
target.  It  has  been  found  that  the  rays,  which  Roentgen 
christened  “X-rays”,  are  similar  to  light  waves  but  of  much 
shorter  wave-length.  They  penetrate  many  objects  opaque  to 
light,  and  affect  a  photographic  plate  in  a  manner  very  similar 
to  ordinary  light  waves.  Solids  other  than  the  barium  platino- 
cyanide  also  glow  with  visible  light  when  bombarded  with 
X-rays. 

Figure  20-4  shows  one  of  the  earliest  gas  tubes  used  for  the 
production  of  X-rays.  High-voltage  from  a  powerful  induction 


Fig.  20-4.  X-ray  tube,  old  or  gas  type. 
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cpil  is  applied  between  the  cathode  “C”  and  the  anode  “A”. 
Opposite  the  cathode  is  a  second  anode  placed  so  as  to  emit  the 
secondary  radiation  or  X-rays  in  a  direction  in  which  they  can 
be  utilized.  This  second  anode,  or  anti-cathode,  is  made  of  a 
special  metal,  usually  tungsten.  A  later  refinement  is  a  small 
side  tube  containing  carbon  which  may  be  heated  or  cooled 
to  control  the  degree  of  vacuum  in  the  tube  (page  685). 
In  actual  use  the  article  to  be  X-rayed”  is  placed  between  the 
tube  and  either  a  photographic  plate  or  a  fluoroscope.  This 
latter  device  consists  of  a  light-tight  box  with  a  narrow  opening 
at  one  end  to  fit  the  eyes.  On  the  inside  of  the  other  end, 
which  is  opaque  to  visible  light,  a  screen  coated  with  either 
zmc  sulphide  or  calcium  tungstate  is  placed  so  that  it  faces  the 
eyes.  Rays  from  the  tube  are  partially  obstructed  by  the  object 
between  the  tube  and  the  screen,  and  an  outline  of  the  object 
is  shadowed  on  the  screen.  Because  of  their  unreliability  and 
the  small  penetrating  power  of  the  rays  produced,  gas  tubes  of 
this  type  are  seldom  used  at  the  present  time. 


Fig.  20-5.  Modern  X-ray  machine  with  X-ray  tube  inset. 
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Modern  X-ray  apparatus  for  medicinal  and  industrial  use  is 
capable  of  precise  control.  Beginning  with  the  tube  itself 
(Fig.  20-5),  we  find  many  improvements.  No  longer  are  there 
two  anodes,  for  the  beam  is  directed  by  putting  a  slanted  surface 
on  the  single  anode.  The  cathode  consists  of  a  heated  filament, 
which  emits  electrons  according  to  the  Edison  effect  (page  624). 
There  is  much  less  waste  space  inside  the  tube.  The  plate 
voltage  is  considerably  higher,  making  it  necessary  to  cool  the 
anode,  either  by  attaching  it  to  a  large  radiating  fin  which 
extends  outside  the  tube,  or  by  using  a  cooling  pipe  filled  with 
running  water.  Step-up  transformers  have  proved  more  satis¬ 
factory  sources  of  high  potential  than  the  induction  coil. 
Intensity  of  the  X-ray  is  controlled  by  regulating  the  current  of 
electricity  between  the  cathode  and  the  anode.  The  entire 
apparatus  may  be  made  extremely  compact  and  shock  proof. 
Because  of  the  possibility  of  harmful  effects  on  human  and 
animal  tissue,  X-ray  apparatus  should  be  operated  by  only  fully 
competent  persons. 

Why  are  X-rays  able  to  penetrate  objects  opaque  to  visible 
light?  Like  other  forms  of  electromagnetic  radiation,  X-rays 
travel  in  straight  lines.  When  the  rays  are  able  to  pass  through 
matter  virtually  unchanged  we  say  that  such  matter  is  trans¬ 
parent  to  X-rays.  Many  substances  which  are  opaque  to  light 
are  transparent  to  X-rays.  Such  a  substance  is  the  flesh  of 
humans  and  animals.  Bone  structure,  however,  blocks  the 
shorter  rays  almost  as  effectively  as  it  does  the  light  rays.  Hence, 
when  a  hand  is  interposed  between  a  source  of  X-rays  and  the 
specially  coated  screen  used  to  make  them  visible,  the  shadows 
cast  by  the  bones  and  cartilage  are  much  darker  than  that 
cast  by  the  flesh  (Fig.  20-6).  The  effect  on  a  photographic  plate 
shows  the  same  variations.  By  taking  an  X-ray  photograph  of 
a  human  arm  or  leg,  the  surgeon  can  study  the  hidden  bones 
to  determine  the  nature  of  any  injury  which  may  have  been 
inflicted,  and  by  taking  a  series  of  pictures  over  a  period  of 
time  he  can  check  accurately  the  manner  in  which  healing 
takes  place. 

All  X-rays  do  not  have  the  same  wave-length.  The  ability 
of  X-rays  to  penetrate  may  be  varied  by  using  different  wave¬ 
lengths.  The  shorter  X-rays  of  greater  penetration  are  called 
“hard”;  those  of  longer  wave-length  and  less  penetration  “soft”. 
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Courtesy  D.  M.  Fishbein 


Fig.  20-6a.  X-ray  photo  (radiograph) 
of  human  body. 


What  are  the  indus¬ 
trial  uses  of  X-rays? 
Until  the  discovery  of 
X-rays  there  was  no 
way  of  detecting  in¬ 
ternal  flaws  in  metal 
objects  except  by  wait¬ 
ing  for  them  to  show 
up  when  the  article 
was  in  actual  use.  If 
the  article  in  question 
happened  to  be  the 
drive  shaft  of  a  steam¬ 
ship  or  a  lifting  hook 
of  a  crane,  the  discov¬ 
ery  was  apt  to  be  both 
costly  and  dangerous. 
X-ray  apparatus  is  now 
used  to  take  photo¬ 
graphs  of  every  metal 
part  subject  to  any  sort 
of  stress,  and  internal 
strains  may  readily  be 
determined  from  the  • 
photograph.  Such  im¬ 
perfect  parts  may  be 
repaired  or  replaced 
before  they  are  used. 
One  of  the  most  power¬ 
ful  of  modern  X-ray 
machines  is  located  at 
Schenectady,  New  York. 
Using  a  plate  potential 
of  over  1,000,000  volts 
it  can  photograph 
through  4  inches  of 
steel  in  two  minutes. 

Users  of  the  first 
electric  stoves  com¬ 
plained  bitterly  of  the 
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length  oi:  time  they  were  obliged  to  wait  for  a  kettle  of  water 
to  boil.  To  raise  the  temperature  of  an  unprotected  filament 
was  considered  impractical  and  the  coil  of  resistance  wire  was 
therefore  threaded  inside  a  metal  tube.  Thus  protected,  the 
filament  could  be  raised  to  the  high  temperature  demanded  by 
the  impatient  cook,  and  in  most  cases  still  gave  satisfactory 
length  of  service.  Occasionally,  however,  filaments  burned  out 
in  much  less  time  than  was  considered  reasonable.  Engineers 
decided  that  in  pulling  the  filament  through  the  protecting 
tube  the  spacing  of  the  coils  was  occasionally  disturbed,  so  that 
one  part  of  the  filament  became  much  hotter  than  the  rest. 
X-ray  examination  detected  the  parts  of  filaments  thus 
weakened  and  they  were  replaced  before  reaching  the  consumer. 

X-rays  are  used  to  lengthen  the  life  of  Easter  lilies.  These 
beautiful  flowers  tend  to  wither  and  die  as  soon  as  the  life  cycle 
has  been  completed  by  pollination.  Treated  with  X-rays  the 
flowers  become  sterile  and  the  beautiful  blossoms,  receiving  the 
carbohydrate  that  would  normally  be  stored  in  the  developing 
seeds,  retain  their  form  for  a  much  longer  time. 

Another  drastic  use  of  the  rays  brings  about  startling  changes 
in  the  heredity  of  plants.  Research  in  this  direction  may  pro¬ 
vide  the  clue  to  the  origin  of  sports  or  mutants,  those  curious 
and  unexplained  changes  which  occur  every  so  often  in  other¬ 
wise  pure  strains. 

Other  industrial  uses  of  X-rays  are  many  and  varied.  They 
have  been  used  to  determine  the  quantity  of  ash  present  in 
coal;  to  detect  the  presence  of  metal  objects,  such  as  a  revolver, 
in  baggage  examined  by  the  Customs;  to  distinguish  real  from 
spurious  gems;  to  look  for  pearls  in  unopened  oysters;  to 
examine  the  fit  of  shoes;  by  plumbers  and  electricians  to  locate 
pipes  and  wires  in  the  walls  of  buildings.  A  particularly 
interesting  application  of  the  use  of  X-rays  is  the  detection  of 
changes  which  have  been  made  in  paintings  produced  originally 
by  one  or  other  of  the  old  masters.  In  one  such  masterpiece  a 
child  held  in  the  arms  of  the  Madonna  had  been  painted  out, 
the  alteration  going  undetected  for  years  until  the  use  of  X-rays 
revealed  the  change. 

What  are  the  medicinal  uses  of  X-rays?  Excitation  of  photo¬ 
graphic  film  by  means  of  X-rays  enables  the  physician  to  know 
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vvlieie  formerly  lie  could  only  guess.  Use  of  roentgenograms, 
as  they  are  sometimes  called,  to  determine  the  extent  of  a  bone 
fracture,  and  later  to  watch  the  healing  process,  has  already 
been  mentioned.  X-ray  study  of  the  processes  of  various 
internal  organs  of  the  body,  such  as  the  heart,  has  clarified 
much  that  was  obscure  in  physiological  theory.  It  is  now 
possible  with  equipment  of  moderate  power  to  watch  the  heart 
in  actual  operation.  Other  organs  of  the  body  are  capable  of 
similar  study.  Diseased  tissue  is  often  studied  by  means  of  the 
X-ray  before  surgery  is  attempted. 

,use  X-iay  in  the  fight  against  tuberculosis  is  worthy 
ot  special  mention.  In  all  the  larger  cities  and  in  many  rural 
communities  huge  trucks  equipped  with  powerful  X-ray 
machines  piovide  mobile  units  by  means  of  which  the  entire 
population  may  be  examined  for  evidence  of  the  disease.  With 
one  of  these  outfits,  three  workers,  one  of  them  often  a  volun- 
teei,  can  examine  120  persons  each  hour  and  thus  carry  out  a 
complete  survey  of  the  population  of  a  large  city  in  a  year. 
Treatment  is  suggested  wherever  necessary  and,  if  correctly 
administeied  dining  the  early  stages  of  the  disease,  it  is  nearly 
always  successful.  This  service,  free  to  the  public,  is  financed 
largely  by  the  sale  of  Christmas  seals. 

Diagnosis  by  means  of  X-rays  is  particularly  helpful  to  the 
dentist.  Decayed  teeth  show  up  as  darker  patches  on  the  plate 
and,  because  the  soft  dentine  decays  much  faster  than  the  hard 


Fig.  20-66.  Radiographs  of  teeth :  A— healthy,  B— infected. 
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enamel,  detection  of  decay  is  possible  at  an  earlier  stage  than 
when  the  examination  is  confined  to  the  surface.  Imperfec¬ 
tions  in  root  structure  and  in  wisdom  teeth  which  have  not 
come  through  may  be  observed  by  the  dentist  long  before  they 
start  to  cause  pain  to  his  patient. 

In  taking  X-ray  photographs  of  the  teeth  the  sensitized  paper 
enclosed  in  a  package  impervious  to  light  rays  is  placed  inside 
the  mouth  and  a  beam  of  X-rays  directed  on  the  cheek  from 
the  outside.  In  the  few  seconds  needed  to  expose  the  plate  the 
X-rays  cause  no  injury  to  the  patient.  Operators  must  be 
protected,  however,  as  the  rays  exert  a  cumulative  effect  which 
may  be  harmful.  There  are  at  least  two  methods  in  use  to 
determine  the  amount  of  stray  radiation  picked  up  by  the 
operator.  In  one  of  these  methods  the  operator  wears  a  badge 
coated  with  barium  platino-cyanide.  If  the  accumulation  of 
radiation  has  reached  the  danger  point,  the  badge  turns  from 
bright  yellow  to  a  dingy  brown.  The  other  method  is  to  carry 
a  covered  film  in  the  pocket.  If  this  film  shows  considerable 
darkening  from  exposure  when  developed  at  the  end  of  the  day, 
the  operator  should  take  further  steps  to  protect  himself  on  the 
day  following.  Leaded  glass,  although  light  transparent,  is  an 
effective  screen  against  X-rays. 

Besides  being  used  to  take  photographs,  X-rays  may  be  part 
of  the  actual  treatment  for  certain  diseases.  In  general,  this 
treatment  is  based  on  the  knowledge  that  X-radiation  is  more 
destructive  of  malignant  and  diseased  tissue  than  of  healthy 
tissue.  Although  this  knowledge  may  be  applied  to  the  eradi¬ 
cation  of  minor  skin  disorders  with  moderate  success,  the  use 
of  X-rays  in  the  fight  against  cancer  is  most  spectacular. 
Although  this  disease  is  not  understood  completely  at  the 
present  time  many  doctors  and  scientists  are  devoting  all  their 
time  and  energy  to  the  solution  of  this  problem.  We  do  know 
that  normal  tissue  grows  and  functions  properly  when  the 
individual  cells  are  replaced  in  a  regular  fashion.  Occasionally 
the  replacement  of  these  cells  becomes  too  rapid  and  a  malig¬ 
nant  growth  or  tumour  is  formed.  Early  removal  of  this 
growth  is  essential  to  a  cure.  If  the  tumour  is  near  the  surface 
and  in  a  position  where  surgery  is  possible  without  danger  to 
delicate  neighbouring  tissue,  the  knife  may  be  used  to  good 
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effect.  If  the  use  of  surgery  is  not  possible,  then  treatment  with 
X-iays  is  indicated.  These  X-rays  seem  to  be  more  effective  in 
(he  destruction  of  the  cells  of  cancer  than  they  are  in  the 
desti  uction  ol  healthy  cells.  X-ray  equipment  has  been  used 
veiy  successfully  in  the  treatment  of  surface  cancers. 

Another  use  of  X-rays  by  the  medical  profession  is  the  treat¬ 
ment  of  ringworm.  In  order  for  the  X-rays  to  cure  this  disease 
permanently  the  X-ray  dose  must  be  accurately  measured. 
Unless  the  treatment  is  continued  long  enough  so  that  all 
diseased  hairs  afterwards  fall  out  it  will  be  unsuccessful,  but  if 
this  dose  is  exceeded  the  patient  will  remain  permanently  bald 
at  this  particular  spot. 

I  he  depilatory  action  of  X-rays  suggested  in  the  preceding 
paragraph  is  of  special  value  to  the  plastic  surgeon.  Formerly” 
skin  from  certain  parts  of  the  body  was  unsuitable  for  grafting 
purposes  because  of  the  covering  of  hair.  X-ray  treatment 
permanently  and  painlessly  removes  the  hair. 

Measui  ement  of  the  X-ray  dose  may  be  accomplished  by 
watching  the  ammeters  which  measure  the  flow  of  current  in 
both  the  filament  and  the  cathode  ray  stream,  but  it  is  first 
necessary  to  calibrate  these  readings  by  testing  the  effect  of  the 
X-rays  on  the  patient.  The  quantity  needed  to  produce 
erythema  (non-permanent  reddening  of  the  skin)  is  of  value,  or 
the  physician  may  consider  the  change  of  colour  of  a  barium 
platino-cyanide  button  more  reliable. 

Which  rays  of  radium  are  of  service  in  the  battle  against 
cancer?  Discovery  of  the  existence  and  properties  of  the 
element  radium  by  Madame  Curie  is  one  of  the  most  fascinat¬ 
ing  stories  in  the  history  of  science.  Lord  Rutherford,  who 
continued  the  work  of  Madame  Curie,  considered  the  discovery 
of  radium  the  most  outstanding  contribution  ever  made.  Here 
was  a  substance  which  glowed  in  the  dark,  which  gave  off 
invisible  rays  capable  of  inflicting  terrible  burns,  which  gener¬ 
ated  250,000  times  as  much  beat  as  an  equal  amount  of  coal, 
which  gave  promise  of  serving  the  human  race  in  the  fight 
against  cancer,  and  without  which  many  of  the  problems  of 
atomic  structure  could  never  have  been  solved. 

First  to  observe  radioactivity  was  Henri  Becquerel,  in  1890. 
He  happened  to  develop  an  uncxposed  photographic  plate  and 
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found  that  the  plate  contained  a  picture  of  a  key  ring.  Tracing 
the  source  of  the  mystery  he  found  the  key  ring  had  been 
placed  between  the  wrapped  photographic  plate  and  a  sample 
of  pitchblende,  an  ore  of  uranium.  Evidently  mysterious  rays 
from  the  uranium-bearing  ore  had  been  able  to  penetrate  the 
wrapping  of  the  photographic  plate  and  react  on  the  sensitized 
him  in  a  manner  similar  to 
light  rays.  Examining  the 
mineral  with  the  aid  of  other 
devices,  he  found  that  the  rays 
had  the  ability  to  ionize  air 
since  a  charged  electroscope 
rapidly  lost  its  charge  when 
brought  near  the  ore.  Bec- 
querel  was  Professor  of  the 
Ecole  Municipale  of  Paris,  and 
being  busy  with  many  other 
problems  lie  turned  over  the 
matter  of  the  radioactive  pitch¬ 
blende  to  Pierre  Curie,  pro¬ 
fessor  of  physics,  and  his  wife, 
a  student  of  chemistry.  These 
two  soon  discovered  that  an 
element  teas  present  much 
more  powerful  in  its  radio¬ 
activity  than  uranium.  Separa¬ 
tion  of  the  new  element  being- 
professor  turned  the  matter 
daughter  of  Madame  Curie,  gives  a  dramatic  description  of  the 
struggle  that  followed.  Chemical  analysis  of  a  ton  of  pitch¬ 
blende  imported  from  Austria  was  the  gigantic  task  to  which 
the  frail  woman  applied  herself.  Solution  was  followed  by 
crystallization,  and  solution  by  crystallization.  Sometimes  the 
element  sought  was  in  the  liquid  and  sometimes  in  the  solid. 
Detection  was  easy  because  of  the  action  on  a  charged  electro¬ 
scope  already  mentioned.  Finally  the  ton  of  ore  was  reduced 
to  a  gram  and  this  gram  to  no  more  than  a  speck  of  intensely 
radioactive  material,  radium  bromide.  News  of  the  discovery 
went  round  the  world  and  rewards  and  honours  were  heaped 
on  the  Polish  woman  who  had  accomplished  so  much. 


Fig.  20-7.  Electroscope  with  positive 
charge.  Key :  A— insulated  stopper, 
M — metal  conductor,  C — gold  leaf. 

largely  a  chemical  problem,  the 
over  to  his  wife.  Eve  Curie, 
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Examination  of  the  rays  of  radium  with  electric  and 
magnetic  fields  revealed  that  there  were  three  kinds:  one  con¬ 
sisting  of  positive  particles,  one  of  negative  particles,  and  one 
similar  to  X-rays  but  of  much  shorter  wave-length. 

These  three  kinds  of  rays 
are  now  called  alpha,  beta, 
and  gamma  rays,  the  names 
chosen  being  those  of  the  first 
three  letters  of  the  Greek 
alphabet.  Alpha  rays  consist 
of  positively  charged  helium 
nuclei;  that  is,  particles  four 
times  as  heavy  as  the  hydrogen 
atom,  closely  packed,  and  with 
no  surrounding  electrons.  Beta 
rays  are  high  speed  electrons, 
and  gamma  rays  are  electro¬ 
magnetic  waves  with  lengths 
of  the  order  of  .005  Angstrom 
units.  In  addition  to  being 
similar  to  X-rays,  gamma  rays 
have  also  proved  of  value  in 
the  treatment  of  cancer.  The 
disposition  of  radium  with 
respect  to  the  patient  is  much 
more  convenient  than  when 
X-rays  were  used.  It  is  unnecessary  to  use  radium  itself  for 
the  puipose  foi  the  rare  gas  radon  is  equally  effective.  There 
is  then  less  danger  of  loss,  and  the  dose  is  capable  of  more 
accurate  measurement.  When  a  radium  atom  begins  the 
process  of  radioactive  decomposition,  the  first  step  is  emission 
of  a  single  alpha  particle.  The  atom  which  remains  is  no 
longer  an  atom  of  radium.  It  has  changed  its  chemical  identity 
and  is  now  an  atom  of  the  gas  radon.  Like  some  forty  other 
elements  so  far  discovered,  radon  is  itself  radioactive.  A  hollow 
glass  needle  fd led  with  radon  is  a  useful  source  of  radiation  for 
the  physician. 

What  devices  make  possible  the  production  af  artificially 
radioactive  substances?  The  most  important  factor  militating 
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against  the  use  of  radium  in  cancer  treatment  is  the  cost  of  the 
element;  the  present  price  of  one  gram  is  about  $25,000.  Other 
equally  effective  elements  are  just  as  rare  and  hence  as  costly, 
as  radium.  All  experiments  to  increase  or  otherwise  control  the 
radioactivity  of  radium  failed.  Control  of  such  conditions  as 
temperature  and  pressure,  which  can  be  used  to  vary  the  speed 
of  an  ordinary  chemical  reaction,  has  no  effect  whatever  on  the 
rate  of  the  radioactive  process.  The  reason  for  this  funda¬ 
mental  difference  between  radioactivity  and  ordinary  chemical 
reactions  was  established  by  the  English  physicist,  Lord 
Rutherford.  He  discovered  evidence  that  the  particles  emitted 
by  radium  come  from  the  nucleus  of  the  atom,  while  chemical 


Fig.  20-9.  Cyclotron.  Key  :  A — particle  beam,  B — radio  tubes,  C — bombard¬ 
ment  chamber,  D — reservoirs  containing  water,  E — tank  of  paraffin,  F — core 

of  magnet. 
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1  eactions  involve  only  the  electrons  which  revolve  in  orbits 
about  the  nucleus. 

While  carrying  out  his  investigation  of  the  nature  of  the 
radioactive  process,  Rutherford  made  a  discovery  which  opened 
a  tremendous  new  field  of  research.  He  found  that  collisions 
between  the  alpha  particles  from  radium  and  the  atomic  nuclei 
of  certain  other  elements  would  induce  artificial  radioactivity 
m  these  elements.  Subsequent  experiments  in  this  field  have 
employed  a  variety  of  particles  to  produce  similar  results.  Such 
electrically  charged  particles  as  alpha  particles,  protons  and 
electrons  have  been  used.  When  streams  of  such  particles  were 
directed  at  targets  of  various  elements,  occasional  head-on 
collisions  with  atoms  of  the  target  material  would  cause  those 
atoms  to  emit  particles  in  a  process  similar  to  the  natural  radio¬ 
activity  of  radium. 

Two  factors  prevented  these  experiments  in  atom-smashino 
Irom  reaching  a  scale  large  enough  to  be  of  more  than 
theoretical  importance.-  First,  the  nuclei  of  atoms  are  so  small 
that  nearly  all  the  charged  particles  pass  through  the  target 
without  scoring  a  direct  hit.  Secondly,  since  both  the  atomic 
nuclei  and  the  moving  particles  carry  electric  charges,  forces  of 
electrical  repulsion  tend  further  to  decrease  the  number  of 
effective  collisions.  This  second  factor  was  partially  overcome 

by  increasing  the  speeds  of  the 


this  electrically  neutral  parti¬ 
cle  the  electrical  defences  of 
the  taro-et  ammS  had  no  effect. 

the  use  of 
neutrons  that  artificial  atomic 


cle  called  the  neutron.  Against 


was  the  discovery  by  Chadwick 
m  1932  of  a  new  type  of  parti- 


moving  particles.  The  most 
successful  device  for  accom¬ 
plishing  such  an  increase  in 
speed  was  the  cyclotron  for 
which  E.  O.  Lawrence  of  the 
University  of  California  re¬ 
ceived  the  Nobel  Prize  in 


1939.  More  important  still 


Fig.  20-10. 
atom.  Nude 
neutrons. 
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disintegrations  have  been  achieved  on  a  scale  large  enough  to 
make  the  accompanying  release  of  atomic  energy  a  matter  of 
the  greatest  importance. 

What  is  the  source  of  atomic  energy?  All  the  sources  of  energy  at 
man’s  disposal  before  thd  year  1945  depended  directly  or  indirectly  on 
chemical  reactions.  There  are  two  important  facts  which  apply  to  all  such 
reactions.  In  the  first  place,  every  chemical  change  obeys  the  Law  of 
Conservation  of  Mass.  The  total  mass  of  the  products  of  the  reaction  is 
exactly  equal  to  the  total  mass  of  the  original  reacting  substances. 
Secondly,  the  energy  produced  by  a  chemical  reaction  is  released  as  a 
result  of  a  rearrangement  of  electrons  in  the  outermost  fringes  of  the 
reacting  atoms.  The  nuclei  of  the  atoms  remain  entirely  unchanged. 

Research  in  the  field  of  natural  and  artificial  radioactivity  indicate  that 
here  the  situation  is  vastly  different.  The  change  which  occurs  is  a  change 
in  the  structure  of  the  nucleus  of  the  atom.  When  a  particle  is  emitted 
from  the  nucleus  there  is  always  a  small  decrease  in  the  total  mass,  and 
it  is  from  this  loss  that  the  energy  radiated  by  radioactive  substances  is 
derived.  Dr.  Albert  Einstein  has  shown  that  the  mathematical  relationship 
governing  this  transformation  of  mass  into  energy  may  be  expressed  in 
the  equation : 

E  =  mc~ 

In  this  equation,  which  we  call  the  Einstein  energy  equation,  E  represents 
energy  in  ergs,  m  stands  for  mass  in  grams,  and  c  is  a  constant  whose  value 
is  3  X  1010.  Although  the  erg  is  an  exceedingly  small  amount  of  energy 
(page  425),  yet  the  Einstein  equation  indicates  that  a  tremendous  number 
of  ergs  would  be  released  through  the  destruction  of  a  single  gram  of 
matter.  If,  for  example,  the  mass  of  a  pound  of  coal  could  be  converted 
entirely  into  energy,  it  would  be  enough  to  supply  the  electrical  needs  of 
the  cities  of  Vancouver,  Winnipeg,  Calgary,  Edmonton,  Regina  and 
Saskatoon  for  a  thousand  years. 

What  methods  of  releasing  atomic  energy  have  been  most  successful? 

Although  the  use  of  the  cyclotron  to  induce  nuclear  changes  and  release 
atomic  energy  has  produced  results  of  outstanding  theoretical  importance, 
it  is  quite  impractical  as  a  means  of  producing  energy  on  a  commercial 
scale.  Nuclei  of  atoms  are  unbelievably  small,  even  compared  with  the  size 
of  the  atom  itself.  In  terms  of  the  relative  space  it  occupies,  the  nucleus 
of  a  hydrogen  atom  is  comparable  with  a  baseball  lying  in  the  middle  of  a 
hundred-acre  field.  Consequently,  it  is  necessary  to  fire  millions  of 
particles  from  the  cyclotron  before  even  one  direct  hit  is  scored  on  a 
nucleus.  Hence,  the  cyclotron  consumes  far  more  energy  than  it  succeeds 
in  releasing  from  the  target.  Release  of  atomic  energy  on  a  large  enough 
scale  to  be  of  practical  use  resulted  from  two  newer  discoveries.  One  of 
these  concerns  the  substance  referred  to  by  physicists  as  U-235,  the  other 
has  to  do  with  an  entirely  new  chemical  element  called  plutonium. 

Many  of  the  chemical  elements  consist  of  mixtures  of  isotopes.  These 
are  atoms  alike  in  chemical  properties  but  differing  in  atomic  weight.  The 
element  uranium,  for  example,  contains  two  isotopes.  In  any  given  sample 
of  uranium,  99.3%  of  the  atoms  have  an  atomic  weight  of  238,  and  the 
remaining  .7%  have  atomic  weight  235.  In  1940,  two  German  scientists 
discovered  that  bombardment  of  U-235  with  relatively  slow-moving 
neutrons  resulted  in  a  much  higher  number  of  direct  hits  than  any  previous 
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experiments  have  produced.  For  the  first  time  in  history,  the  prospect  of 
releasing  nuclear  energy  on  a  large  scale  appeared  faintly  possible. 

Subsequent  research  indicates  that  the  unusual  results  obtained  from 
Airi.  ‘30m^,ar^ment  °f  U-235  are  due  to  the  occurrence  of  a  chain  reaction. 
When  a  single  neutron  strikes  a  U-235  nucleus,  the  latter  splits  into  two 
parts,  one,  an  atom  of  barium,  and  the  other  an  atom  of  krypton.  As  is 
usual  in  cases  of  nuclear  change,  there  is  a  small  loss  of  mass  and  conse¬ 
quently  a  great  emission  of  energy.  The  unique  factor  in  this  particular 
reaction,  however,  is  the  additional  emission  from  the  shattered  nucleus 
of  a  few  new  neutrons.  One  of  these  neutrons  may  strike  a  second  U-235 
nucleus  and  cause  a  second  disintegration.  Thus,  a  single  collision  of  a 
neutron  with  a  U-235  nucleus  may  initiate  a  chain  of  consequences  which 
involves  the  disintegration  not  of  one  atom,  but  of  many. 

The  chief  obstacle  in  the  way  of  using  U-235  as  a  source  of  atomic 
energy  was  the  difficulty  of  obtaining  it.  Since  it  is  present  to  the  extent 
of  less  than  1%  in  ordinary  uranium,  and  is  identical  in  chemical  properties 
with  the  other  isotope,  separation  of  the  pure  U-235  is  a  tedious  and 
expensive  task.  In  1943  it  was  discovered  that  neutron  bombardment  of 
the  more  common  U-238  also  produced  interesting  results.  The  uranium 
atom  was  converted  into  an  atom  of  an  entirely  new  element  which,  so 
far  as  we  know,  never  existed  before.  This  new  element  has  been  named 
plutonium.  Plutonium,  being  a  different  element  chemically,  is  easily 
separated  from  the  original  uranium,  and  it  turns  out  to  be  an  excellent 
substitute  for  U-235  in  the  institution  of  nuclear  chain  reactions. 

Many  technical  difficulties  in  isolating  U-235,  in  producing  plutonium, 
in  initiating  chain  reactions,  and  in  controlling  these  reactions,  faced  the 
scientists  engaged  in  the  project.  Under  the  impetus  of  war,  the  govern¬ 
ments  of  Britain,  the  United  States,  and  Canada  poured  men  and  money 
into  the  project  on  a  lavish  scale  with  the  result  that  research  which  would 
have  taken  decades  was  compressed  into  a  period  of  five  years.  The 
results  of  this  feverish  activity  were  the  atomic  explosions  over  Hiroshima 
and  Nagasaki  and  the  dramatic  end  of  the  Pacific  War. 

The  question  which  naturally  arises  is  whether  or  not  atomic 
energy  will  soon  be  available  for  peaceful  industrial  use. 
Current  scientific  opinion  indicates  that  extensive  non-military 
use  of  atomic  energy  is  certain  to  come  eventually.  Many 
technical  difficulties,  however,  are  still  unsolved.  Moreover, 
no  new  source  of  energy  can  be  used  industrially  until  it  can 
compete  in  cost  with  existing  sources.  So  far,  atomic  energy 
could  compete  successfully  if  coal  cost  $2000  per  pound. 
Mankind  may  be  on  the  threshold  of  the  Atomic  Age,  but  the 
person  who  defers  his  purchase  of  a  new  car  until  the  arrival 
of  the  atomic  automobile  must  be  prepared  to  walk  for  many 
years  yet. 
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Fig.  20-11.  Atomic  bombs  provide  devastating  explosions  of  unprecedented 
violence. 
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Activities 


]  here  seem  to  be  no  suitable  activities  in  this  section  of  the  work  that 
could  be  carried  out  in  the  ordinary  school.  Where  some  of  the  gas  tubes 
arc  available,  directions  as  to  their  use  seem  to  be  superfluous. 


B 

1.  What  voltage  is  necessary  to  produce  a  six-inch  spark  between  two 
metallic  points? 

2.  Describe  as  accurately  as  you  can  a  neon  sign.  Draw  a  diagram  to 
represent  the  various  parts. 

3.  Make  a  diagram  of  one  of  the  old-style  gas  X-ray  tubes. 

4.  Explain  why  X-rays  are  able  to  pass  through  material  which  mav 
be  opaque  to  light. 

5.  List  the  medicinal  uses  of  X-rays. 

6.  List  as  many  industrial  uses  of  X-rays  as  you  are  able. 

7.  What  method  might  be  used  to  discover  lost  radium? 

8.  What  is  meant  by  the  statement  that  the  half-life  of  radium  is 
1650  years? 

9.  Besides  the  methods  of  handling  the  raw  materials  by  remote 
control,  what  is  the  main  secret  in  connection  with  the  atomic  bomb? 

10.  Discuss  the  possible  use  of  atomic  energy  in  industrv 


C 


(Do  not  write  answers  in  the  book) 

1.  J  o  produce  a  spark  one  inch  long  in  air  at  ordinary  atmospheric 

pressure  requires  a  potential  of  about - volts. 

2.  In  a  high  intensity  neon  tube,  the  voltage  required  to  produce  a 

continuous  discharge  is  reduced  by - the  pressure  and  - - the 

cathode. 


3.  That  the  discharge  in  a  neon  tube  is  actually  a  stream  of  free 

- was  first  suggested  by - . 

4.  X-rays,  discovered  by - ,  arc  -  waves  shorter  in  wave¬ 
length  than  - . 


5.  Many  uses  of  X-rays  depend  on  their  ability  to  penetrate  objects 

A 

which  are  •  to  light.  The  X-rays  with  the  greatest  penetrating 

power,  called -  X-rays,  are  those  with  the - -  wave-lengths. 

6.  X-ravs  may  be  detected  by  their  effect,  similar  to  that  of  light,  on 

-  ,  and  by  the  fact  that  they  produce - when  they  strike  many 

solid  compounds. 


strikes  a 


7.  X-rays  are  produced  when  a  stream  of  — 

8.  In  the  process  of - ,  radium  emits  three  types  of  rays. 


- target. 

The  alpha 
the  gamma 


ray  is  a  stream  ot  - .  the  beta  ray  is  a  stream  of  — 

ray  .is  a  -  wave  of  extremely  - r —  wave-length. 

9.  Artificial  radioactivity  may  be  induced  by  bombarding  the  atoms  in 
a  target  with  -  -  which  have  been  given  very  high  velocities  by  means 
of  a  device  called  the  - . 
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10.  The  most  spectacular  success  in  releasing  atomic  energy  has  been 

obtained  by  bombarding  atoms  with  - .  The  two  elements  most 

successfully  used  as  targets  are  a  rare  isotope  of  -  and  an  entirely 

new  element  which  has  been  named  - - . 

11.  The  energy  emitted  during  either  natural  or  artificial  radioactive 

decomposition  is  produced  through  the  transformation  of  -  into  — — . 

The  mathematical  relationship  governing  this  transformation  was 
discovered  by  - . 

12.  Earlier  attempts  at  release  of  atomic  energy  were  of  little  practical 

use  because  the - 1  of  atoms  are  so  small  that  few  direct  hits  were 

made.  The  process  used  in  the  atomic  bomb  was  much  more  successful 
because  it  produced  a  -  reaction. 

13.  Chemical  changes  release  relatively  small  amounts  of  energy  because 

they  affect  only  the  -  in  the  atom.  Much  larger  amounts  of  energy 

are  released  when  the  -  is  affected. 
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Table  No.  27.  The  Chemical  Elements 


Name 

Symbol 

Atomic 

Number 

Atomic 

Weight 

Valence 

Date 

Discovered 

(Approx.) 

Actinium 

Ac 

89 

228.0 

3 

1900 

Alabamine 

Ab 

85 

221.0 

1,3,  5,7 

1931 

Aluminium 

A1 

13 

26.97 

3 

1828 

*Americium 

Am 

95 

241 

3, 4,6 

1946 

Antimony 

Sb 

51 

121.76 

3,5 

A 

Argon 

A 

18 

39.944 

0 

1894 

Arsenic 

As 

33 

74.91 

3,5 

A 

Barium 

Ba 

56 

137.26 

2 

1808 

Beryllium 

Be 

4 

9.02 

2 

1828 

Bismuth 

Bi 

83 

209.0 

3,5 

A 

Boron 

B 

5 

10.82 

3 

1808 

Bromine 

Br 

35 

79.916 

1,3,  5,7 

1826 

Cadmium 

Cd 

48 

112.41 

2 

1817 

Caesium 

Cs 

55 

132.91 

1 

1860 

Calcium 

Ca 

20 

40.08 

2 

1808 

Carbon 

C 

6 

12.01 

2,4 

A 

Cerium 

Ce 

58 

140.13 

3,4 

1803 

Chlorine 

Cl 

17 

35.457 

L3,  5,7 

1774 

Chromium 

Cr 

24 

52.01 

2,3,6 

1797 

Cobalt 

Co 

27 

58.94 

2,3 

1742 

Columbium 

Cb 

41 

92.91 

3,5 

1846 

Copper 

Cu 

29 

63.57 

1,2 

A 

*Curium 

Cm 

96 

240.242 

3 

1946 

Dysprosium 

Dy 

66 

162.46 

3 

1886 

Erbium 

Er 

68 

167.2 

3 

1843 

Europium 

Eu 

63 

152.0 

2,3 

1896 

Fluorine 

F 

9 

19.0 

1 

1886 

Gadolinium 

Gd 

64 

156.9 

3 

1889 

Gallium 

Ga 

31 

69.72 

3 

1875 

Germanium 

Ge 

32 

72.60 

4 

1886 

Gold 

Au 

79 

197.2 

L3 

A 

Hafnium 

Hf 

72 

178.6 

4 

1923 

Helium 

He 

2 

4.003 

0 

1868 

Holmium 

Ho 

67 

163.5 

3 

1886 

Hydrogen 

H 

1 

1.008 

1 

1766 

Illinium 

11 

61 

146 

3 

1926 

Indium 

In 

49 

114.76 

3 

1863 

Iodine 

I 

53 

126.92 

L3,  5,7 

1811 

Iridium 

Ir 

77 

193.1 

3,4 

1803 

Iron 

Fe 

26 

55.85 

2,3 

A 

Krypton 

Kr 

36 

83.7 

0 

1897 

Lanthanum 

La 

57 

138.92 

3 

1839 

Lead 

Pb 

82 

207.21 

2,4 

A 

Lithium 

Li 

3 

6.940 

1 

1817 

Lutecium 

Lu 

71 

174.99 

3 

1907 

Magnesium 

Mg 

12 

24.32 

2 

1808 

Manganese 

Mn 

25 

54.93 

2, 3,  5, 6,  7 

1774 

Masurium 

Ma 

43 

97.8 

2,4 

1925 

Mercury 

Hg 

80 

200.61 

1,2 

A 

Molybdenum 

Mo 

42 

95.95 

3,  4,  6 

1783 

Neodymium 

Nd 

60 

144.27 

3 

1885 
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Name 

Symbol 

Atomic 

Number 

Atomic 

Weight 

Valence 

Date 

Discovered 

(Approx.) 

Neon 

Ne 

10 

20.183 

0 

1898 

*Neptunium 

Np 

93 

237.239 

3,4,6 

1945 

Nickel 

Ni 

28 

58.69 

.  2,3 

1751 

Nitrogen 

N 

7 

14.008 

3,5 

1772 

Osmium 

Os 

76 

190.2 

2,  3,4,8 

1803 

Oxygen 

0 

8 

16 

2 

1774 

Palladium 

Pd 

46 

106.7 

2,4 

1803 

Phosphorus 

P 

15 

30.98 

3,5 

1669 

Platinum 

Pt 

78 

195.23 

2,4 

1750 

*Plutonium 

Pu 

94 

238.239 

3, 4,  5,  6 

1945 

Pollonium 

Po 

84 

210 

2 

1900 

Potassium 

K 

19 

39.096 

1 

1807 

Praseodymium 

Pr 

59 

140.92 

3 

1885 

Protoactinium 

Pa 

91 

231 

3, 4,6 

1900 

Radium 

Ra 

88 

226.05 

2 

1898 

Radon 

Rn 

86 

222.0 

0 

1900 

Rhenium 

Re 

75 

186.31 

2 

1925 

Rhodium 

Rh 

45 

102.91 

3 

1804 

Rubidium 

Rb 

37 

85.48 

1 

1861 

Ruthenium 

Ru 

44 

101.7 

3,  4,  6,  8 

1844 

Samarium 

Sm 

62  •- 

150.43 

3 

1849 

Scandium 

Sc 

21 

45.1 

3 

1879 

Selenium 

Se 

34 

78.96 

2,4,6 

1817 

Silicon 

Si 

14  . 

28.06 

4 

1810 

Silver 

Ag 

47 

107.88 

1 

A 

Sodium 

Na 

11 

22.997 

1 

1807 

Strontium 

Sr 

38 

87.63 

2 

1808 

Sulphur 

S 

16 

32.06 

2,4,6 

A 

Tantalum 

Ta 

73 

180.88 

5 

1802 

Tellurium 

Te 

52 

127.61 

2,4,6 

1798 

Terbium 

Tb 

65 

159.2 

3 

1843 

Thallium 

T1 

81 

204.39 

1,3 

1861 

Thorium 

Tli 

90 

232.12 

4 

1828 

Thulium 

Tm 

69 

169.4 

3 

1877 

Tin 

Sn 

50 

118.70 

2,4 

A 

Titanium 

Ti 

22 

47.90 

3,4 

1825 

Tungsten 

W 

74 

183.92 

6 

1778 

Uranium 

U 

92 

238.07 

4,6 

1842 

Vanadium 

V 

23 

50.95 

3,5 

1801 

Virginium 

Vi 

87 

224 

1 

1929 

Xenon 

Xe 

54 

131.3 

0 

1898 

Ytterbium 

Yb 

70 

173.04 

3 

1878 

Yttrium 

■  Y 

39 

88.92 

3 

1894 

Zinc 

Zn 

30 

65.38 

2 

1520 

Zirconium 

Zr 

40 

91.22 

4 

1824 

Note  :  “A”  in  date  discovered  column  indicates  that  this  element  was  discovered 
at  a  time  described  as  ancient.  An  International  Committee  on  Atomic  Weights 
revises  these  periodically. 

*These  elements  do  not  occur  in  nature :  they  are  products  of  atomic  bombard¬ 
ment. 
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Aberration;  chromatic  and  spheri¬ 
cal,  661 

Absolute  zero,  435 
Acceleration,  417 

Acetic  acid,  211,  225-6,  228-9,  289, 

669 

Acetone,  21,  211,  225,  231,  235 
Acetylene,  209,  305 
Acids,  340-43 ;  acetic,  211,  225,  226, 
228-9;  butyric,  210-11,  229-30; 

citric,  230;  formic,  211,  229-30; 
hydrochloric,  327-8 ;  linoleic,  237. 
nitric,  262-5,  327-8;  oleic,  230,  237; 
oxalic,  230;  palmitic,  230,  237; 
stearic,  230,  237 ;  sulphuric.  263, 
3M,  320-1,  325-34 ;  tartaric,  230 
Adsorption,  290 
Aerial  life,  111-117 
Adaptations,  animals,  76-122 ;  plants, 
39-71 

Adventitious  roots,  133 
Airlerons,  566-7,  575 
Air  transportation,  564-91 
Alcohols,  20-1,  210-2,  225-8,  232,  473 
Aldehydes,  211,  232 
Algae,  47 

Aliphatic  compounds,  210,  278 
Alkali  lake,  44 
Alpha  rays,  694,  696 
Aluminium  silicate,  374,  377 
Amino  acids,  9,  261 
Ammonia,  251-9 
Ammonium  hydroxide,  256-7 
Ammonium  salts,  test  for,  258 
Ammonium  sulphate,  322 
Amoeba,  2,  25 
Amphibians,  85-92,  185-6 
Amplitude,  617,  619,  627-8 
Amplitude  modulation,  627-8,  630-2 
Anaesthetic,  211,  263,  289 
Angle  of  attack,  571-2 
Anhydrite,  324-5,  372,  377 
Aniline  dyes,  276,  289 
Animal  adaptations,  76-122;  breath¬ 
ing,  94-5;  feeding,  95-9;  propul¬ 
sion,  80-81,  86,  88,  90.  93,  99-103; 
protective,  103-7,  109,  111-116; 

streamlining,  82-4,  86 
Anode,  625,  644 
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Anti-freeze,  228,  473 
Antiseptics,  266,  358 
Aquadag,  292 

Aquatic  environment,  42-53,  78-85 
Androspore,  132 
Archimedes,  429 
Archimedes  principle,  533-6 
Asbestos,  376,  400-1,  460 
Asexual  reproduction,  128 
Assimilation,  21 

Atomic  energy,  source  of,  697-9 

Audion  tube,  624 
Automatic  pilot,  588 
Automobile,  501-13 

Bacteria,  dentrifying  and  nitrogen 
fixing,  261 
Bakelite,  232,  234 
Baking  powder,  354-5 
Balance  of  life,  117-21 
Ballast,  535-8 
Banana  oil,  212,  223,  229 
Bases,  257,  340-43 
Bateson,  W.,  148 
Bearings,  552-7 
Beaver,  93 

Bell,  Alexander  Graham,  597 
Benzene,  209,  211,  288,  305 
Becquerel,  Henri,  692 
Bernoulli’s  principle,  539-40,  542,  543, 
571 

Binary  fission,  129-130 
Binoculars,  prismatic,  665 
Birds,  92-3,  102,  112-9 

Bituminous  coal,  285 
Black  flies,  90 
Bladderwort,  48 

Bleaching,  218,  313,  349,  355,  358 

Bleaching  powder,  349 
Blood,  19 
Boilers,  439,  488 
Bordeaux  Mixture,  328 
Bowman’s  capsule,  25-26 
Brakes,  491-2,  508-9 
Braking  distance,  509-10 
Breeding,  154 
Bridges,  493-95 
Budding,  131 
Bud  variation,  138 
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Bulbs,  135 

Buoyancy,  43-4,  529,  533 

Burbank,  Luther,  158-9 
Butadiene,  235-6,  305 
Butane,  209-10 
Butyl  alcohol,  228 

Cable,  underwater,  598-600 

Calcium  bisulphite,  220,  313-4 
Calcium  carbide,  381 
Calcium  chloride,  353-4 
Calcium  hydroxide,  380 
Calendering,  220 
Caliche,  265-67,  347-48 
Cambium,  16 
Camera,  667-70 
Camshaft,  463 
Capacitance,  623 
Carbohydrates,  7-8,  212 
Carbon  compounds,  203-241 
Carbon  ..disulphide,  ..223,  ..231,  .  311, 
314-15 

Carbon  tetrachloride,  231,  357 
Carborundum,  292 
Carburettor,  454,  468-71 
Carlsbad  caverns,  362 
Carnivorous  plants,  70-1 
Carrier  wave,  626-8 
Carvel-built  hull,  545 
Casein,  270-1 
Catallo,  160 
Catalysts,  251,  302,  332 
Cathode,  625,  644 
Cayley,  Sir  George,  565 
Celanese,  223-4 
Cells,  2;  guard,  23;  nerve,  27 
Cell,  photo-electric,  638,  674 
Celluloid,  223 

Cellulose,  8,  11,  212,  213,  214,  217, 
220-22,  669 

Centrifugal  force,  494 
Centripetal  force,  493 
Charcoal,  289-91 
Charles’  law,  434-36 
Chassis,  502 

Chemical  reactions,  factors  affect¬ 
ing,  343-44 

Chemurgy,  203-4,  218 

Chile  saltpetre,  265-6 
Chloride  of  lime,  218,  349,  356 
Chlorination,  356 
Chlorine,  349,  355-60 
Chloroform,  231,  357 
Choke  coil,  602 
Chromatic  aberration,  661 


Chromosomes,  28-29,  127,  151-160 

Chronometer,  556 
Circulation,  16 
Claude  process,  252 
Clay,  377,  393-400 
Clerk-Maxwell,  614 
Climate,  173 
Clinker-built  hull,  545 
Clutch,  502-5 
Coal,  278-91 

Coal-tar  products,  276,  288-9 
Coherer,  617-8 
Cohesion,  433 
Coke,  280-82,  291 
Collodion,  223,  270 
Colour,  653 

Colouring  pottery,  398-9 
Commensalism,  122 
Concurrent  forces,  411-14 
Condenser,  441,  616-7,  623 
Connecting  rod,  439-40,  462 
Conservation,  41-2 
Contact  process,  333-4 
Contractility,  26 
Convex  lens,  653 
Copper  sulphate,  328 
Corms,  133 
Cortex,  16 
Cosmic  rays,  650 
Cracking  (pyrolysis),  301 
Crankshaft,  461-3 

Crookes,  Sir  William,  249,  253,  685 

Crystal,  quartz,  632 

Cumulus  clouds,  584-5 

Curie,  Madame,  692-3 

Current,  pulsating,  602 

Curtis,  Charles,  445 

Cyclotron,  695 

Dead  reckoning,  556-7 
Declination,  555 
Deer  fly,  91 
De  Forest,  Lee,  625 
Dehydrating  agents,  268,  326 
de  Laval,  Carl,  444 
de  Rochas,  454 

Destructive  distillation  of  wood, 

225-6 

Deviation,  553 

de  Vries,  Hugo,  137,  146,  148 
Dextrin,  217 
Dextrose,  212 
Diamonds,  278 
Diatomaceous  earth,  216 
Diatoms,  14,  49-50,  77 
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Diesel-electric,  499,  550 
Diesel  engine,  454,  474-76 
Differential  gear,  507 
Digestion,  11;  in  birds,  116;  ii. 

earthworm,  110;  in  intestine,  13 
Digestive  organs,  15,  116 
Dihedral  angle,  568,  574 
Dinosaurs,  187-191 
Dirigibles,  588 
Disaccharide,  212-3 
Disinfectants,  266,  269 
Dispersion  of  light,  652 
Distributor,  464-6 
D*ver3’  bends,  79 
Dolomite,  373 
Dominance,  Law  of,  143 
Dominant  phase,  143-9,  152-5 
Double  decomposition,  264,  341,  359 
Drag,  571 
Dragon  flies,  87-8 
Drydocks,  floating,  536 
Dyes,  360 
Dynamite,  268 
Dynamo,  451 
Dyne,  422 

Earthworm,  17,  109-10 
Edison  effect,  625 
Edison,  Thomas  Alva,  624 
Eelgrass,  50,  52 
Efficiency,  engine,  304 
Elastomers,  234-6 
Electric  eye,  638 
Electric  generators,  450 
Electrolytes,  343 
Electromagnet,  595 
Electro-magnetic  fields,  445-54 
Electro-magnetic  induction,  447-8 
Electro-magnetic  spectrum,  650 
Electromagnetic  waves,  614 
Electron  valve,  624 
Electroscope,  693 

Elimination,  22-26;  animals,  24-26; 
plants,  22-24 

Elodea,  52 

Embryo,  mammalian,  107-8 
Empennage,  568 

Energy,  431-33;  kinetic,  427;  poten¬ 
tial,  427-8,  law  of  conservation  of, 
432 

Engine,  steam,  407 
Enzymes,  11,  20,  62,  71,  213,  226 
Equilibrium,  conditions  of,  414 
Erg,  425 

Esters,  212,  230,  237 


Ethane,  209-10 
Ethanol,  210-11,  226-8 
Ethers,  211,  231 

Ethyl  alcohol,  (ethanol),  210-11, 

226-8 

Eugenics,  148,  161 
Euthenics,  165-167 
Exhaust,  471 

Explosives,  257,  264-70,  311,  325 
Eyes,  aquatic  animals,  81-3;  of  tad¬ 
pole,  86;  of  whirligig  beetle,  92 

Faraday,  Michael,  450,  681-2 
Farsightedness,  653-4 
Feathers,  113 
Feet,  99,  101-3,  115-6 
Fehling’s  solution,  214 
Feldspar,  372 
Ferric  chloride,  360 
Fertilizers,  31,  257,  311,  325,  327, 
362-6,  380 

Fertilizer  solutions,  35 
Field,  Cyrus,  600 
Fire-clay,  378 
Fire  extinguishers,  355 
Fission,  binary,  129-30 
Fleming,  Sir  Ambrose,  625 
Floating  bodies,  534 
Fluorescent  solids,  calcium  tung¬ 
state  and  zinc  sulphide,  683 
Focal  length  of  lens,  656 
Fog  dispersal,  (“Fido”),  588 
Fool’s  gold,  319 

Forces,  410-14;  component,  412; 
concurrent,  411;  centrifugal,  494; 
centripetal,  493 
Formaldehyde,  211,  232 
Formic  acid,  211,  229-30 
Formulas,  empirical,  207-8 ;  graphic, 
211 ;  structural,  208-12,  288 
Fossils,  177-82 

Fourdrinier  machine,  218-220 
Fractional  distillation,  297-300 
Fragmentation,  130,  136 
Franklin,  Benjamin,  595 
Frasch  process,  316-19 
Frequency,  621-2 
Frequency  modulation,  626-38 
Friction,  483 

Friction,  coefficient  of,  483 
Frogs,  85-7,  102 
Fructose,  212 
Fulton,  Robert,  547 
Fungicides,  311,  328 
Fuselage,  565-7 
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Galton,  Sir  Francis,  148,  163 
Gametes,  139,  142,  149-150 
Gamma  rays,  650,  694-9 
Gasket,  460 

Gasoline  engine,  455-74 ;  efficiency 
of,  457 

Gas  turbine,  476-7 
Gas,  water,  259 
Gelatin,  360 
Genes,  128,  151 
Germicide,  269,  356 
Gestation  period,  108 
Glass,  385-93 
Glaze,  397-8 
Glucose,  6-7,  212,  360 
Glue,  360 

Glycerine,  240,  268 

Glycol,  473 

Governor,  441-2 

Graphite,  276,  292 

Gravity,  411,  414;  centre  of,  415 

Grid,  625-6 

Guard  cells,  60 

Gun  cotton,  223,  268 

Gunpowder,  267,  363-4 

Gymnospore,  132 

Gypsum,  324-5,  346,  372,  377,  382,  384 

Haber  procfess,  251-3 
Haemoglobin,  18,  33 
Hair,  105-6 

Harmonic  ringers,  609 
Heat,  433 
Hearts,  18 

Heat  insulation,  385,  388,  392-3,  401 

Helicopter,  581-3 

Helix,  446 

Henry,  Joseph,  595 

Henry’s  Law,  79 

Heredity,  161-65,  and  X-ray,  689 

Hertz,  Heinrich,  615-6 

Hibernation,  104-5 

Homologous  series,  209 

Honey,  213 

Hormones,  139 

Horse,  history  of,  192-4 

Horsefly,  Western,  91 

Horse-power,  304,  426 

Hybridizing,  156 

Hybrids,  143-161 

Hydra,  17 

Hydraulic  brakes,  508-9 
Hydraulic  press,  531-2 
Hydrocarbons,  209,  296 
Hydrochloric  acid,  349,  358-9 


Hydrogenation,  238-9,  302 

Hydrogen  chloride,  359 
Hydrogen  sulphide,  322-3 
Hydrolysis,  213,  360 

Iceland  spar,  373 

Iconoscope,  644-5 

Ichneumon  wasp,  118-22 

Ignition  coil,  465-6 

Inbreeding,  156 

Image,  real,  658 

Image,  virtual,  657 

Inductance,  622-3 

Induction,  445-8 

Induction  coil,  453-4,  681-2 

Inductive  interference,  610-11 

Inertia,  421,  441 

Infra  red  rays,  650 

Insects,  amphibious,  87-92,  103-4; 

mouth  parts,  95-6 
Internal  combustion  engine,  454-77 
Intestine,  13 
Invert  sugar,  213 
Ionic  theory,  341-5 
Ions,  341-45 
Iron  pyrites,  319-21 
Isomers,  208 
Isotopes,  697 

Jet-propulsion,  580 
Joule,  425 

Joule,  James  Prescott,  434 
Kaolin,  378 
Kelp,  51 

Kelvin,  Lord,  435 

Kennedy- Heaviside  layer,  620-1,  643 
Ketones,  211 
Kinetic  energy,  427 
Kohlreuter,  Joseph,  147 
Krafts  process,  220 

Lactose,  212 
Latex,  234-5 
Latitude,  554-6 
Laughing  gas,  263 
Layering,  135 

Law  of  conservation  of  energy,  432, 
434 

Law  of  lever,  414 
Laws  of  motion,  409,  420-25 
Law  of  Universal  Gravitation,  414 
Lead  chamber  process,  330-2 
Leaf  adaptations,  40,  49,  56-7,  59-61, 
64 

Leaves,  4,  5 
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Lenses,  $53-63 ;  converging,  657 ; 
diverging,  656 

Levulose,  212 

Liebig’s  Law  of  the  Minimum,  259 
Lightning  fixes  nitrogen,  262;  as  an 
electric  discharge,  680-1 
Lignin,  217-8,  220 
Lime,  351,  379-81,  383 
Limestone,  373,  376 
Line  breeding,  156 
Liquid  air,  249 
Ljangstrom,  Berges,  445 
Loading  coil,  599,  610 
Locomotion,  100-103,  109-116 
Locomotives,  485-501 ;  electric, 
497-8;  diesel  electric,  498;  steam 
turbine,  499-500 

Long  distance  telephones,  610-12 
Longitude,  556 

Loud-speaker,  moving-coil,  636-8 

Lubrication,  473 

Lucite,  234 

Lye,  340,  348 

Lymphatic  system,  18-19 

Magnetic  variation,  553 
Magneto,  451 
Magneto  ignition,  467 
Magneto  ringer,  608 
Magnification,  659-660 
Mammals,  93-94,  97-109 
Manifold,  470-2 
Marble,  376,  379 
Marconi,  Quglielmo,  617,  618 
Marl,  373 
Mass,  415 

Mass  selection,  154-5 
Mechanical  advantage,  482-3 
Medicine  Hat  ware,  399-400 
Medullary  rays,  16 
Mendel,  Gregor,  142 
Mercury  vapour  lamp,  683 
Metabolism,  20,  44 
Metacentre,  536,  538 
Metallurgy,  383-4 
Meteorology,  583-7 
Methane,  209-10 

Methyl  alcohol,  (methanol),  210-11, 
225-6,  232 
Methyl  group,  209 
Microscope,  654,  661-3 
Microscope,  electron,  664 
Minerals  required  by  plants,  32 
Mitosis,  28-29,  139 
Modulation,  626-38 


Moment  of  a  force,  414,  538 

Moment  of  rotation,  416,  494 

Momentum,  421-2 

Morse  code,  advantages  of,  597 

Morse,  Samuel,  595 

Mosaic,  138 

Mosquitoes,  88-90 

Motor,  direct-current,  448-9 

Motors,  electric,  445,  448-50 

Muskrats,  93 

Mustard  gas,  358 

Mutant,  137 

Mutation,  137,  141,  148 

Navigation,  551-59 
Nearsightedness,  653-4 
Neon  signs,  682-3 
Neoprene,  235-6 
Nerves,  27 

Neutralization,  340-42 
Neutralization,  heat  of,  342 
Neutron,  596-8 
Newcomen,  Thomas,  407,  436 
Newton,  Sir  Isaac,  414,  420-25  652 
666 

Nitrates,  265-7,  347-8 
Nitric  acid,  262,  263-5,  669 
Nitric  oxide,  263 
Nitrogen,  247-271 
Nitrogen  cycle,  260-261 
Nitrogen  fixation,  249-53,  259-61 
Nitrogen,  oxides  of,  263 
Nitroglycerine,  268 
Nylon,  233-4 

Octane,  209,  304 
Octane  gasoline,  299-300,  466 
Oildag,  292 
Oils,  237-9 

Opera  glasses,  664-5 
Organic  acids,  211 
Osmosis,  6 

Ostwald  process,  259,  263 
“Otto  cycle”,  454 
Overtones,  635-6 
Oxides,  339 

Oxidizing  agents,  264,  360 

Palaeontologists,  173,  180  18S  18') 
190,  192 

Paper  manufacture,  218-220 
Papin,  Denis,  437 
Parallelogram  of  forces,  413 
Paramoeciuni,  17 
Parasite,  122 
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Parsons,  Charles,  44,5 
Pascal’s  principle,  509,  531-2,  538 
Pasteurization,  temperatures  of  11 
Peat,  289 

Permalloy  tape,  598-9 
Persistence  of  vision,  643,  673 
Petrified  wood,  179 
Petroleum,  278,  292-305 
Phantom  circuit,  611 
Phenol,  289 
Phloem,  16 
Phosgene,  358 
Phosphates,  364-6 
Photo-electric  cell,  638-41,  674 
Photographic  films,  266,  668-70 
Photosynthesis,  5,  20,  22,  203 
Picric  acid,  269 
Piston,  437,  440,  460-2 
Plankton,  79-80 
Plaster  of  Paris,  372,  384 
Plastics,  232-4 
Plant  adaptations,  39-71 
Plexiglass,  234 
Plutonium,  697 

Pollination,  53,  57-8,  65-9 ;  cross, 
65-8  ;  insect,  57-8 ;  self,  65  ;  wind,  53 
Polymer,  232,  234 
Polysaccharides,  213 
Portland  cement,  381-3 
Potassium  chlorate,  362-3 
Potassium  chloride,  362 
Potassium  nitrate,  266,  363 
Potassium  salts,  361-4 
Potassium  sulphate,  363 
Potatoes,  134,  158-9 
Potential  energy,  427-8 
Pottery,  393-400 
Power,  426 
Predators,  122 

Pressure,  atmospheric,  hydraulic, 
hydrostatic,  pneumatic,  530 
Processes,  Claude,  252;  Haber,  251; 
Birkeland-Eyde,  262-3 ;  Ostwald, 
259,  263 ;  Solvay,  351 
Progeny  Selection,  155-6 
Projector,  671-74 

Propagation,  plants,  52;  fragmenta¬ 
tion,  52;  rhizomes,  52,  57;  pollina¬ 
tion,  53,  57-8 
Propane,  209-10 
Proteins,  9,  12 

Protoplasm,  1,  21 ;  changes  in,  41  ; 
contractility,  26;  irritability,  26-27  ; 
light,  30;  temperature,  30;  water 
in,  30 


Protozoa,  77 
Pulsating  current,  602 
Punnett,  R.  C.,  148 
Pyrex  ware,  391,  394 
Pyroligneous  acid,  225-6 
Pyroxilins,  223,  270 

Quartz,  374-5,  377 

Radar,  559,  588-9 
Radio,  614-46 
Radio  beams,  588 
Radio  receiving  set,  634 
Radio-telephony,  559,  611 
Radio  tuning,  622-4 
Radium,  692-4 
Radon,  694 

Ramsey,  James,  547,  and  neon  signs, 
682-3 

Raspberries,  propagation,  130,  135 
Rayon,  221-4,  231 
Reaction,  time,  510 
Real  image,  658 
Recessive,  143 
Reciprocating  action,  438 
Reducing  agent,  313 
Reduction  division,  139-140 
Reflection,  663,  666 
Refraction,  651 
Refraction,  index  of,  652 
Refrigerants,  256,  313 
Refrigeration,  254-6,  353-4 
Regenerative  braking,  498 
Reproduction,  plants,  52-3,  57-8, 

106-8,  110,  127-67 

Reptiles,  96-7,  100,  186-91,  rattle¬ 
snake,  97,  100 

Respiration,  79,  94-5,  110,  116 
Reversion,  157 
Rhizomes,  130,  133-4 
Rice,  wild,  58-9 
Right-hand  rule,  446 
Road  signs,  515 
Root  adaptations,  39-40,  58 
Root-hairs,  62 
Root-suckers,  135 
Rubber,  234-6,  305 
Ruminants,  76,  98-9 
Runners,  (stolons),  135 

Safety  glass,  390 

Safety  in  highway  construction,  514 
Safety  rules,  520 

Sails,  square,  543  ;  lugsail  and  lateen, 
543  ;  spritsail,  543 ;  jib,  544 ;  boom 
and  gaff,  544 
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Salt  domes,  315-16 
Salts,  338-67 
Sand,  372,  374,  377 
Sargassum  weed,  50,  51 
Saturated  compounds,  237 
Secretion,  28 
Seeds,  51-2 
Seed  distribution,  58 
Segregation  and  Definite  Ratio, 
Law  of,  145 
Seismograph,  294-5 
Selection,  mass,  154-6:  progeny, 
155-6 ;  line,  156 

Sense  organs,  aquatic  animals,  81 

Skeletons  of  vertebrates,  101-2 
Snakes,  96-7,  100 
Sneezing  gas,  358 
Soaps,  239-241 

Sodium  bi-carbonate,  348,  354 
Sodium  carbonate,  348,  351 
Sodium  chloride,  (common  salt),  348 
Sodium  hydroxide,  340-2,  348-50 
Sodium  nitrate,  265-7,  347-8 
Solvay  process,  351-4 
Solvents,  211,  212,  220,  224,  226,  228, 
230-231,  238,  311,  314 
Sonic  devices,  558 
Sound-proofing,  385 
Spark  plug,  455,  465,  466 
Specific  Gravity,  534 
Spectacles,  653-4 
Speed,  418 
Sperm,  139 
Sphagnum  moss,  53-6 
Spherical  abberration,  661 
Spirogyra,  14,  47 
Spore-formation,  131-2 
Stability  of  ships,  536-8 
Stabilizers,  567,  573-5 
Stalling  angle,  aircraft,  572 
Starches,  217 

Steam  engines,  433,  436-43 
Steam  turbines,  433,  443-45 
Steering  linkage,  508 
St.  Elmo’s  Fire,  681 
Stems,  16 

Stephenson,  George,  485 
Stomata,  23,  60 
Storage  of  food,  21 
Strawberries,  134,  159 
Streamlining,  82-4,  123,  499,  539-41, 
571 

Subterranean  animals,  108-111 
Sucrose,  212,  213,  214 
Sugar,  hexose,  8,  212 


Sulphamic  acid,  329 
Sulphamides,  329-30 
Sulphates,  322,  324-5 
Sulphides,  319-21 
Sulphite  process,  218,  220 
Sulphur,  311-34 
Sulphur  dioxide,  313-4,  320-3 
Sulphuric  acid,  311,  320-21,  325-34 
Symbiosis,  68-70,  122,  261 

Tables:  Acceleration,  420;  Ammoni¬ 
um  salts,  257 ;  Automobile,  care 
of,  522-3 ;  Chain  Formulas  of  Ali¬ 
phatic  compounds,  210;  Chemicals 
used  to  colour  Pottery,  398;  Com¬ 
parison  of  Four-Cycle  Engines, 
458;  Composition  of  Blood,  19; 
Consumption  of  Sulphuric  Acid 
during  1941,  325 ;  Data  supporting 
Birth  Control,  164;  Deficiencies  of 
Mineral  Elements  affect  Plant 
Growth,  32 ;  Energy  requirements 
of  Man,  22;  Feed  and  Leg  adapta¬ 
tions  of  Terrestrial  Mammals, 
103;  Feet  and  Legs  of  Birds,  116; 
Gestation  Period  of  Mammals, 
108 ;  Hydrolysis  of  Complex 
Foods,  11 ;  Geologic  Time  Scale, 
174-7 ;  Improvements  in  Automo¬ 
bile  Design,  513 ;  Inheritance  of 
Common  Characteristics,,  153;  In¬ 
heritance  of  a  Few  Human, 
Characterictics,  155 ;  Number  of 
Chromosomes  in  cells,  142;  Nutri¬ 
ents  and  Minerals,  10;  Ruling 
Grades  Through  Rockies,  493 ; 
Safety  Speeds  in  M.P.H.,  496; 
Seawater,  common  Ions  in,  345 ; 
Vitamins,  15 
Tacking,  542 
Tadpole,  86 
Tear  gas,  358 
Teeth,  97-8 
Telephone,  597-612 
Telephone  lines,  composite  method, 
603 

Telephone  party  lines,  608-9 
Telephone  lines,  simplex  method, 
603 

Telephone  receiver,  607 ;  transmit¬ 
ter,  606-7 

Telegraph,  596-604;  automatic,  600; 
duplex,  597 ;  relay,  598 

Telegraph-telephone  circuits,  602-4 
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Telescope,  654;  Galilean,  664-5;  re¬ 
flecting,  666;  refracting,  663,  665-6 

Television,  639-46 
Television  camera,  644-5 
Terrestrial  mammals,  97-109 
Thomson,  Sir  J.  J.,  684 
Transatlantic  cables,  600 
Terrain  indicator,  580 
T.N.T.,  265,  269 
Traction,  484 
Traffic  laws,  519-20 
Transformer,  (voltage),  451-4 
Transportation,  406-591 
Transportation,  water,  528-59 
Trevithick,  Richard,  486-7 
Tuberous  roots,  135 
Tubers,  133 
Turbine  gas,  476-7 
Turbulence,  539-41 

Ultra-violet  rays,  650,  682-3 
Unit  Characters,  Law  of,  143-5 
Universal  joint,  506 

Valence,  207 
Valves,  439-40,  455 

Vector  diagram,  412 
Velocity,  418 


Venturi  tube,  470,  539 
Virtual  image,  657 
Vitamins,  14-15,  30 
Voltaic  cell,  595 
Vulcanite,  235,  312 
Vulcanization  of  rubber,  312 

Water-gas,  253,  285 
Water  lilies,  49,  56-8 
Watt,  James,  407,  437,  442 
Waves,  transverse,  619 
Wedgewood-Darwin  Tree,  162 
Weight,  415 
Welsbach  mantle,  283-4 
Wheat,  159 
Wirephotos,  601 
Work,  409 

Wright,  Orville,  564,  566 

X-rays,  650;  how  produced,  685-6; 
properties  of,  687;  photo,  688; 
uses  of,  688-92 

X-ray  treatment  of  plants,  140 
Xylem,  16 

Zepplin,  Count,  565 

Zygote,  128,  139 
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